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of the Elements
PeriodicPeriodic
Table ofTable
the Elements
2
He
4.0

1
H
1.0
3
Li
6.9

4
Be
9.0

11
Na
23.0
19
K
39.1
37
Rb
85.5

12
Mg
24.3
20
Ca
40.1
38
Sr
87.6

55
Cs
132.9

56
57
Ba
*La
137.3 138.9

87
Fr
(223)

88
89
Ra
†Ac
226.0 227.0

21
Sc
45.0
39
Y
88.9

5
B
10.8
13
Al
27.0

6
C
12.0
14
Si
28.1

7
N
14.0
15
P
31.0

8
O
16.0
16
S
32.1

9
F
19.0
17
Cl
35.5

10
Ne
20.2
18
Ar
39.9

26
Fe
55.8
44
Ru
101.1

27
Co
58.9
45
Rh
102.9

28
Ni
58.7
46
Pd
106.4

29
Cu
63.5
47
Ag
107.9

30
Zn
65.4
48
Cd
112.4

31
Ga
69.7
49
In
114.8

32
Ge
72.6
50
Sn
118.7

33
As
74.9
51
Sb
121.8

34
Se
79.0
52
Te
127.6

35
Br
79.9
53
I
126.9

36
Kr
83.8
54
Xe
131.3

74
75
W
Re
183.9 186.2

76
Os
190.2

77
78
Ir
Pt
192.2 195.1

79
Au
197.0

80
Hg
200.6

81
Tl
204.4

82
Pb
207.2

83
Bi
209.0

84
Po
(209)

85
At
(210)

86
Rn
(222)

106
Sg
(266)

108
Hs
(277)

109
Mt
(268)

111
Uuu
(272)

112
Uub
(285)

22
Ti
47.9
40
Zr
91.2

23
V
50.9
41
Nb
92.9

24
Cr
52.0
42
Mo
95.9

72
Hf
178.5
104
Rf
(261)

73
Ta
180.9
105
Db
(262)

25
Mn
54.9
43
Tc
(98)

107
Bh
(264)

110
DS
(281)

114
Uuq
(289)

116
Uuh
(289)

*Lanthanide Series:

58
59
Ce
Pr
140.1 140.9

60
Nd
144.2

61
Pm
(145)

62
Sm
150.4

63
Eu
152.0

64
Gd
157.3

65
Tb
158.9

66
Dy
162.5

67
Ho
164.9

68
Er
167.3

69
Tm
168.9

70
Yb
173.0

71
Lu
175.0

†Actinide Series:

90
91
Th
Pa
232.0 (231)

92
U
238.0

93
Np
(237)

94
Pu
(244)

95
Am
(243)

96
Cm
(247)

97
Bk
(247)

98
Cr
(251)

99
Es
(252)

100
Fm
(257)

101
Md
(258)

102
No
(259)

103
Lr
(260)
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Freestanding Questions 1 through 425 are NOT
based on a descriptive passage.
1.

7.

Express a mass of 10 kg in grams.
A.
B.
C.
D.

A.
B.
C.
D.

10–4 g
10–2 g
102 g
104 g
8.

2.

Through free space, light travels at a speed of 3 × 108 m/s.
Express this speed in kilometers per microsecond.
A.
B.
C.
D.

3.

A.
B.
C.
D.
4.

|

0.011
0.66
60
88

A typical speck of dust has a mass of 700 ng. How many
specks of dust would it take to make 1 kg?
A.
B.
C.
D.

2

0.27 g/cm
2.7 g/cm3
27 g/cm3
2.7 × 104 g/cm3

LT
LT–1
LT–2
LT–3

Which one of the following formulas could give the speed
v (in m/s) with which sound travels through a medium
whose bulk modulus is B (units: kg·m–1·s–2) and whose
mass density is ρ (units: kg/m3)?
A.

Bρ

B.

B/ρ

C.

Bρ 2

D.

B / ρ2

3

A speed of 1 mi/h is equivalent to x ft/min. What is x?
(Use 1 mi = 5280 ft.)
A.
B.
C.
D.

6.

10–3 kg/m
10–2 kg/m
101 kg/m
103 kg/m

The density of aluminum is approximately 2700 kg per
m3. What is this density in g/cm3?
A.
B.
C.
D.

5.

9.

kg·m2 /s2
kg2·m2/s2
kg·m/s
kg2·m/s2

A particle’s speed at time t is given by v = kt2, where k is
some constant. What are the dimensions of k? (L = length,
T = time)
A.
B.
C.
D.

0.3 km/µs
300 km/µs
3 × 103 km/µs
3 × 105 km/µs

The linear density of a certain homogeneous metal bar is
found to be 105 mg/cm. Express this density in kg/m.

The work done in pushing an object of mass m (in kg)
from rest to speed v (in m/s) is given by W = mv2/2. Find
the SI unit for work.

1.4 × 106
7.0 × 107
1.4 × 109
7.0 × 1010

© The Princeton Review, Inc.

10.

Which one of the following formulas could give the
pressure P [in kg/(m·s2)] at depth h (in m) below the
surface of the ocean, where ρ (the density of seawater)
has units of kg/m3, and g has units of m/s2?
A.
B.
C.
D.

P = ρg/h
P = ρh/g
P = ρgh
P = gh/ρ

Physics

P

14.

Q

A particle travels to the left along a horizontal axis with
constantly increasing speed. Which one of the following
best describes the direction of the particle’s acceleration?
A.
B.

R

C.
11.

D.

Which of the following best represents the direction of the
vector sum P + Q + R?
15.

A.
B.

D.
16.

T

N

12.

Calculate your displacement after walking 3 mi north,
then 6 mi west, then 5 mi north.
A.
B.
C.
D.

C.

The vectors T and N above are perpendicular to each
other. T has magnitude 7, and N has magnitude 2.
Which of the following best describes the sum of N and
T?
A.

magnitude 3, direction

B.

magnitude 3, direction

C.

magnitude 3, direction

17.

→
←
↑
↓

6 mi
8 mi
10 mi
14 mi

In the preceding question, if it took 1 h (= 1 hour) to
walk the 3-mi section and 1.5 h to walk each of the last
two sections, what was the magnitude of your average
velocity?
A.

2 mi/h

B.

2 12 mi/h

C.

3 49 mi/h

D.

3 12 mi/h

A car accelerates uniformly from 0 to 60 mi/h in 6
seconds. What is the acceleration?
A.
B.
C.
D.

10 mi·h–1
10 mi·s–2
10 mi·h–1·s–1
10 mi·h–2

D. magnitude 9, direction
18.
13.

A particle travels to the right along a horizontal axis with
constantly decreasing speed. Which one of the following
best describes the direction of the particle’s acceleration?
A.
B.
C.
D.

→
←
↑
↓

What fraction of a mile does the car (described in the
preceding question) travel during those 6 seconds?
A.
B.
C.
D.

1/720
1/200
1/120
1/20

© The Princeton Review, Inc.
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19.

An object travels along the x axis at a constant speed of 3
m/s in the –x direction. If the object is at x = 4 m at t = 0,
where is it at time t = 4 s?
A.
B.
C.
D.

20.

25.

26.

5m
5 m to the north
5 m/s
5 m/s to the north

changing its direction.
traveling in a straight line.
increasing its speed.
changing its velocity.

A body is undergoing uniformly accelerated motion over
a period of time. Which of the following is true?
The final velocity of the object is greater than its
average velocity.
B. The final velocity of the object is equal to its average
velocity.
C. The final velocity of the object is less than its
average velocity.
D. The relationship between the final velocity of the
object and its average velocity cannot be determined
from the information given.

A 2-kg rock is thrown vertically upward at a speed of
3.2 m/s from the surface of the moon. If it returns to its
starting point in 4 seconds, what is the acceleration due to
gravity on the moon?
A.
B.
C.
D.

An object which is accelerating must be:
A.
B.
C.
D.

68 m
1700 m
4250 m
6120 m

A.

0 m/s
5 m/s
10 m/s
20 m/s

Which of the following expressions could be interpreted
as velocity?
A.
B.
C.
D.

23.

0 m/s
5 m/s
10 m/s
20 m/s

It is well known that the flash and the sound of
thunder produced by a lightning bolt are not observed
simultaneously. This is due to the fact that light waves
travel so much faster than sound waves. Light travels so
quickly that one can assume that lightning bolts occur at
the same time one sees them. Given that sound propagates
through air at a speed of 340 m/s, how far away is a
lightning bolt if the delay between hearing and seeing it is
5 sec?
A.
B.
C.
D.

A racehorse makes one lap around a 500-meter track in
a time of 25 seconds. What was the racehorse’s average
velocity?
A.
B.
C.
D.

22.

x = –16 m
x = –12 m
x = –8 m
x = –4 m

A racehorse makes one lap around a 500-meter track in
a time of 25 seconds. What was the racehorse’s average
speed?
A.
B.
C.
D.

21.

24.

27.

0.8 m/s2
1.6 m/s2
3.2 m/s2
6.4 m/s2

In a series of experimental trials, a projectile is launched
with a fixed speed, but with various angles of elevation.
As the angle of elevation is increased from 0 to 90°, the
vertical component of the initial velocity:
A.

increases, while the horizontal component remains
constant.
B. decreases, while the horizontal component remains
constant.
C. increases, while the horizontal component decreases.
D. decreases, while the horizontal component increases.

4

|
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Physics

28.

The horizontal component of the initial velocity of a
projectile is directly proportional to the:
A.
B.
C.
D.

29.

33.

angle of elevation.
sine of the angle of elevation.
cosine of the angle of elevation.
tangent of the angle of elevation.

A projectile is launched horizontally from a raised
platform. If air resistance is ignored, then as the projectile
falls to the earth, the magnitude of the vertical component
of the velocity of the projectile:

A.
B.
C.
D.
34.

A.

increases, while the horizontal component remains
constant.
B. decreases, while the horizontal component remains
constant.
C. increases, while the horizontal component decreases.
D. decreases, while the horizontal component increases.

30.

Two projectiles are launched from the same point.
Projectile A has the greater horizontal velocity, while
Projectile B has the greater vertical velocity. Which
projectile will travel the greater horizontal distance?

35.

31.

Where in its path does a projectile in free fall near the
surface of the earth experience the greatest acceleration?
A.
B.
C.
D.

37.
32.

An object is presently traveling at a velocity of 6 m/s.
Calculate its velocity 5 seconds later, if it experienced a
uniform acceleration of 2 m/s2 during this time interval.
A.
B.
C.
D.

12 m/s
16 m/s
20 m/s
24 m/s

–6v02
–4v02
–3v02
–2v02

A car, originally traveling at 10 m/s, accelerates uniformly
for 4 seconds at a rate of 2 m/s2. How far does it travel
during this period?
A.
B.
C.
D.

While it is ascending
While it is descending
At its greatest height
Acceleration is the same at all points in the path.

2x.
4x.
8x.
16x.

An object decelerated uniformly from an initial velocity
of v0 m/s to a final velocity of (1/2)v0 m/s. If the distance
traveled was 1/8 m, what was its acceleration (in m/s2)?
A.
B.
C.
D.

36.

21 m
24 m
27 m
30 m

An object starting from rest is accelerated uniformly (in
a straight line) until its final velocity is v; it travels a
distance x. If the object were accelerated at the same rate
from rest until its final velocity were 4v, then the distance
traveled would have been:
A.
B.
C.
D.

A.

Projectile A, because distance traveled is determined
by horizontal velocity.
B. Projectile B, because it will be in the air for more
time.
C. Both projectiles will travel the same distance.
D. Cannot be predicted from the information given

A particle with an initial velocity of 4 m/s moves along
the x-axis under constant acceleration. Three seconds later,
its velocity is 14 m/s. How far did it travel during those
three seconds?

48 m
56 m
72 m
80 m

In the preceding question, what was the car’s average
velocity during the acceleration period?
A.
B.
C.
D.

12 m/s
14 m/s
18 m/s
28 m/s

© The Princeton Review, Inc.
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A.
B.
C.
D.
39.

x = –3 m
x = –6 m
x = –9 m
x = –12 m

43.

2

3

x (in m)

A.
B.
C.
D.

4 5
t (in s)

v (in m)
O

© The Princeton Review, Inc.

2
1

Q
1

2

3

4 5
t (in s)

2

3

4 5
t (in s)

The velocity v (in m/s) of an object moving along the x
axis is plotted as a function of time t (in seconds) below.
What is the object’s average speed between t = 1 and
t = 5?

1

2m
7m
8m
9m

1:4
1:2
2:1
4:1

Q

2
1
1

The velocity v (in m/s) of an object moving along the x
axis is plotted as a function of time t (in seconds) below.
Let the magnitude of the acceleration from O to P be
denoted aOP, and let the magnitude of the acceleration
from P to Q be aPQ. What is the ratio of aPQ to aOP?

A.
B.
C.
D.

1

4m
5m
6m
8m

2

P

|

A.
B.
C.
D.

The position x (in meters) of an object traveling along a
straight axis is plotted as a function of time t (in seconds)
below. How far did the object travel from t = 0 to t = 5?

A.
B.
C.
D.

6

P
2

1

1

41.

The velocity v (in m/s) of an object moving along the x
axis is plotted as a function of time t (in seconds) below.
How far does the object travel from t = 0 to t = 5?

8 sec
16 sec
32 sec
64 sec

A particle moving along the x axis passes through the
point x = 0 (in the –x direction) at a particular instant. If
it experiences a constant acceleration of –2 m/s2, where
could the object be three seconds later?
A.
B.
C.
D.

40.

42.

v (in m)

Car #1 starts to accelerate from rest just as Car #2 passes
it. If Car #2 maintains a constant velocity of 20 m/s, and
Car #1 accelerates uniformly at 5/8 m/s2, how long will it
take for Car #1 to overtake Car #2?

v (in m)

38.

0.50 m/s
0.75 m/s
1.00 m/s
1.25 m/s

2

3

4 5
t (in s)

Physics

44.

The velocity v (in m/s) of an object moving along the x
axis is plotted as a function of time t (in seconds) below.
Which of the following statements is (are) true?

v (in m)

I. At t = 5, the object had returned to its original
position.
II. The object’s average speed between t = 0
and t = 1 was greater than its average speed
between t = 1 and t = 5.
III. The object changed its direction of travel at
t = 1.

45.

3

4 5
t (in s)

I and II only
I and III only
II and III only
None of the above

50.

2.0 sec
2.8 sec
4.0 sec
5.6 sec

A rock is dropped from a 128-ft cliff; find the speed of the
rock as it hits the ground. (Ignore air resistance and take
g = 32 ft/s2.)
A.
B.
C.
D.

52.
47.

An arrow is shot straight up, and it eventually falls
straight back down. Ignoring air resistance, which one of
the following statements concerning the acceleration a of
the arrow is correct?
A.
B.
C.
D.

a always points down.
a always points up.
a always points in the direction of the velocity.
a always opposes the velocity.

15 m
45 m
90 m
180 m

If an object were thrown straight upward with an initial
speed of 8 m/s, and it took 3 seconds to strike the ground,
from what height was it thrown? (Ignore air resistance
and take g = 10 m/s2.)
A.
B.
C.
D.

64 ft/s
80 ft/s
90 ft/s
128 ft/s

2
3
2g
3g

If an object (released from rest) takes 3 seconds to fall to
the Earth, from what height was it dropped? (Ignore air
resistance and take g = 10 m/s2.)
A.
B.
C.
D.

51.

v0/2g
v02/2g
v0/g
2v02/g

An object is dropped from the top of a meteor crater on
the surface of the Moon. How many times farther does it
fall during its second second of flight than during its first?
(Note: In the choices below, g stands for the magnitude of
the free-fall acceleration near the surface of the Moon.)
A.
B.
C.
D.

A rock is dropped from a 128-ft cliff. How long does it
take to reach the ground? (Ignore air resistance and take
g = 32 ft/sec2.)
A.
B.
C.
D.

46.

49.

1
2

An arrow is projected straight up with an initial velocity
of v0 m/s. If g denotes the magnitude of the gravitational
acceleration (in m/s2) and air resistance is ignored, how
high does the arrow go (in m)?
A.
B.
C.
D.

2

1

A.
B.
C.
D.

48.

21 m
24 m
45 m
69 m

If an object is dropped from rest off a cliff and strikes
the ground with an impact velocity of 14 m/s, from what
height was it dropped? (Ignore air resistance and take
g = 9.8 m/s2.)
A.
B.
C.
D.

10 m
20 m
40 m
80 m

© The Princeton Review, Inc.
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53.

An object is dropped from a height of 980 m. Let T be
the time required to fall the entire distance and let t be
the time required to fall the first half of the distance.
Calculate the ratio T/t. (Ignore air resistance.)
A.

1/2

B.

2

C.

58.

A ball is projected horizontally with initial speed 5 m/s
from an initial height of 45 m. When the ball lands, how
far has it traveled horizontally from its original position?
(Ignore air resistance.)
A.
B.
C.
D.

2

15 m
20 m
25 m
30 m

D. 4
59.
54.

55.

One second after being thrown straight down, an object
is traveling at a speed of 20 m/s. How fast will it be
traveling two seconds later? (Ignore air resistance.)

An object is projected upward at a 30° angle with the
horizontal with an initial speed of 20 m/s. How long
will it take to reach the top of its trajectory? (Ignore air
resistance.)

A.
B.
C.
D.

A.
B.
C.
D.

An object is released from rest at height h above the
surface of the Earth, where h is much smaller than the
radius of the Earth. It takes t seconds to fall to the ground.
At what height should this object be released from rest in
order to take 2t seconds to fall to the ground? (Ignore air
resistance; g = magnitude of gravitational acceleration.)
A.
B.
C.
D.

56.

|

61.

20 m
30 m
40 m
50 m

© The Princeton Review, Inc.

45.0 m
63.0 m
77.9 m
90.0 m

Two bricks are released simultaneously from the same
height above the surface of the Earth. Brick #1 is simply
dropped, while Brick #2 is given a purely horizontal
initial velocity of magnitude 10 m/s. If they both strike
the ground in 3 seconds, how far from Brick #1 will Brick
#2 land? (Ignore air resistance.)
A.
B.
C.
D.

62.

0.5 sec
1.0 sec
1.5 sec
2.0 sec

An object is projected upward at a 60° angle with the
horizontal with an initial speed of 30 m/s. How far will
it travel horizontally in its first three seconds of flight?
(Ignore air resistance.)
A.
B.
C.
D.

20 m
40 m
60 m
80 m

From a height of 100 m, a ball is thrown horizontally
with an initial speed of 15 m/s. How far does it travel
horizontally in the first 2 seconds? (Ignore air resistance.)
A.
B.
C.
D.

8

2h
2gh
4h
4gh

60.

An object is thrown horizontally with an initial speed
of 10 m/s. How far will it drop in 4 seconds? (Ignore air
resistance and take g = 10 m/s2.)
A.
B.
C.
D.

57.

30 m/s
40 m/s
50 m/s
60 m/s

15 m
30 m
45 m
60 m

An object is projected upward at a 30° angle with the
horizontal with an initial speed of 60 m/s. How long
will it take to reach the top of its trajectory? (Ignore air
resistance.)
A.
B.
C.
D.

1.5 sec
3.0 sec
4.5 sec
6.0 sec

Physics

63.

Under the action of a certain constant net force, an object
of mass 2 kg travels in a straight line with a constant
acceleration of 4 m/s2. If this same net force is applied to
an object with four times the mass, the acceleration will
be:
A.
B.
C.
D.

64.

65.

A.
B.
C.
D.
66.

68.

An object is being acted upon by two (and only two)
external forces, F1 and F2. If the object has a nonzero
acceleration, which one of the following must be true?
A.
B.
C.
D.

69.

0N
1N
62.5 N
1000 N

Two oppositely directed horizontal forces, F1 and F2, act
on a block (of mass 3 kg) which can slide on a frictionless
table. F1 has magnitude 8 N, and F2 has magnitude 20 N.
If the block starts from rest, find its speed after 4 seconds.
A.
B.
C.
D.

the acceleration will be halved, but the force should
stay the same.
B. the acceleration will be halved, and the magnitude of
the force should also be halved.
C. the acceleration will remain the same, but the force
should be halved.
D. the acceleration will double, but the force should be
halved.

10–5
10–1
10
105

A hockey puck slides on a surface of frictionless ice. If
the mass of the puck is 250 grams, and it moves in a
straight line with a constant velocity of 4 m/s, find the net
force acting on the puck.

An object is accelerated from rest to a final speed v in t
seconds by a constant net force F. If we wish to accelerate
this object to the same final speed in 2t seconds, then:
A.

0.25 m/s2.
0.5 m/s2.
1.0 m/s2.
2.0 m/s2.

A force of 1 dyne will cause an object of mass 1 gram
to accelerate at 1 cm/s2; therefore, 1 dyne is equal to x
newtons. What is x?
A.
B.
C.
D.

67.

An object is moving on a flat surface and is being acted
upon by a net nonzero force F parallel to the surface. The
direction of the object’s motion must be:
A.
B.
C.
D.

70.

71.

the same as the direction of F.
at a 45° angle to the direction of F.
perpendicular to the direction of F.
None of the above is necessarily true.

A book whose mass is 2 kg rests on a table. Find the
magnitude of the force that the table exerts on the book.
(Use g = 9.8 m/s2.)
A.
B.
C.
D.

4 m/s
8 m/s
12 m/s
16 m/s

The object cannot move at constant speed.
The forces F1 and F2 have the same line of action.
The magnitude of F1 can’t equal the magnitude of F2.
The sum F1 + F2 is not zero.

39.2 N
19.6 N
9.8 N
0N

What force must be provided to accelerate a 64-lb object
upward at a rate of 2 ft/s2? (Use g = 32 ft/s2.)
A.
B.
C.
D.

60 lb
64 lb
68 lb
72 lb

© The Princeton Review, Inc.
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72.

Find the force that must be provided to lift a 49-N object
with an acceleration of 9.8 m/s2 (g = 9.8 m/s2).
A.
B.
C.
D.

73.

75.

9.8 N
49 N
98 N
147 N

A.
B.
C.
D.

Two bodies of different masses are subjected to identical
forces. Compared to the body with smaller mass, the body
with greater mass will experience:

76.

A.

less acceleration, because the product of mass and
acceleration will be smaller.
B. greater acceleration, because the product of mass
and acceleration will be greater.
C. less acceleration, because the ratio of force to mass
will be smaller.
D. greater acceleration, because the ratio of force to
mass will be larger.

74.

A can of paint with a mass of 10 kg hangs from a rope.
If the can is to be pulled up to a rooftop with a constant
velocity of 0.5 m/s, what must the tension in the rope be?

A garment hangs from a clothes line as shown below. The
tension in the clothes line is 10 N on the right side of the
garment and 10 N on the left side of the garment. Find the
mass of the garment.

0N
50 N
100 N
200 N

Which of the following best describes the direction in
which the force of kinetic friction acts relative to the
interface between the interacting bodies?
A.

Perpendicular to the interface and away from the
more massive body
B. Perpendicular to the interface and toward the more
massive body
C. Parallel to the interface and opposite the direction of
the relative velocity
D. Parallel to the interface and in the same direction as
the relative velocity

77.

Which of the following best describes the motion of a
body along a surface where friction must be taken into
account?
A.

30°
T1

More force is required to start the object in motion
than to keep it in motion at constant velocity.
B. Once the object is set in motion, no force is required
to keep it in motion at constant velocity.
C. Less force is required to start the object in motion
than to keep it in motion at constant velocity.
D. The same force is required to start the object in
motion as to keep it in motion at constant velocity.

30°
T2

78.

A.
B.
C.
D.

A 100-N trash can is pulled across the sidewalk at
constant speed by a force of 25 N as shown below. How
large is the force of friction impeding the motion of the
trash can?

0.5 kg
1 kg
2 kg
10 kg

25 N
Ff

A.
B.
C.
D.

10
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0N
25 N
75 N
125 N

Physics

79.

How will the gravitational force between two objects
change if the distance between them is doubled?
A.
B.
C.
D.

80.

81.

A.

G

m
R2

B.

G

Mm
R2

C.

G

M
R2

D.

G

M2
R2

700 N
9100 N
9800 N
10,500 N

The smaller drops, since the force of air resistance
on them is smaller.
B. The smaller drops, since their smaller mass gives
them greater acceleration.
C. The larger drops, since they acquire greater speed
before air resistance eventually balances out the
force of gravity.
D. Neither; even taking air resistance into account, they
fall at the same speed.

85.

An 0.2-kg apple rests on the surface of the Earth.
Approximate the gravitational force exerted by the apple
on the Earth. (Note: The universal gravitational constant,
G, is 6.7 × 10–11 N-m2/kg2, the mass of the Earth is
6.0 × 1024 kg, and the radius of the Earth is 6.4 × 106 m.)
A.
B.
C.
D.

A crate of mass 100 kg is being pushed in a straight line
across a horizontal floor at a constant speed of 4.0 m/s.
The coefficient of kinetic friction between the crate and
the floor is 0.3. Find the net force on the crate.
A.
B.
C.
D.

86.

An object has a mass of 36 kg and weighs 360 N at the
surface of the Earth. If this object is transported to an
altitude equal to twice the Earth’s radius, then at this new
elevated position the object will have:
mass 4 kg and weight 40 N.
mass 36 kg and weight 40 N.
mass 9 kg and weight 90 N.
mass 36 kg and weight 90 N.

During a rainstorm, you notice that the raindrops are
not always the same size: some are small, others are
larger. Raindrops fall with a constant velocity (called
their terminal velocity). Given that the upward force of
air resistance is proportional to the speed of the falling
drop, which raindrops—the smaller ones or the larger
ones—fall with the greater speed?
A.

Calculate the tension in a cable used to pull a 1000-kg
object straight upward at an acceleration of 0.7 m/s2.
(Use g = 9.8 m/s2.)

A.
B.
C.
D.
83.

It will decrease by a factor of 4.
It will decrease by a factor of 2
It will increase by a factor of 2.
It will increase by a factor of 4.

Let the mass of the Moon be M and let its radius be R. If a
small object of mass m is released a few meters above the
Moon’s surface, with what acceleration will it fall?
(G = universal gravitational constant)

A.
B.
C.
D.
82.

84.

A 2-kg block is sliding along a horizontal surface, pulled
by a rope that is parallel to the surface. If the tension in
the rope is 12 N, and the coefficient of kinetic friction is
0.4, find the acceleration of the block.
A.
B.
C.
D.

87.

0N
300 N
400 N
1200 N

2 m/s2
4 m/s2
6 m/s2
8 m/s2

A crate of mass 100 kg rests on a horizontal floor. The
coefficient of static friction is 0.4. If a force of 250 N,
parallel to the floor, is applied to this mass, calculate the
magnitude of the force of static friction on the crate.
A.
B.
C.
D.

0N
150 N
250 N
400 N

4 × 10–23 N
2 × 10–15 N
4 × 10–7 N
2N

© The Princeton Review, Inc.
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88.

A 50 N horizontal force is applied to a 5 kg crate, and it
slides along a horizontal floor with an acceleration of
8 m/s2. What is the magnitude of the force of kinetic
friction acting on the crate?
A.
B.
C.
D.

89.

93.

A block of mass m begins to slide down a vertical wall. If
the wall is frictionless, what minimum horizontal force F
must be applied to the block to keep it from sliding any
further? (g = magnitude of gravitational acceleration)
A.
B.
C.
D.

91.

F = mg
F = 2mg
F = 3mg
No horizontal force, however strong, can keep the
block from sliding down the wall.

A crate of mass 100 kg rests on a horizontal floor. The
coefficient of static friction between the floor and the
crate is 0.4. Let f denote the maximum static friction force
that the floor can exert on the crate. What happens to f if a
child of mass 20 kg sits on top of the crate?
A.
B.
C.
D.

f increases by 8 N.
f increases by 20 N.
f increases by 80 N.
f will not change.

|
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9.8 N
100.0 N
490.0 N
980.0 N

An object with a mass of 50 kg moves across a level
surface with a constant speed of 15 m/s. If the coefficient
of kinetic friction is 0.7, which of the following must be
true about the forces acting on the object?
A.

The force exerted on the object by kinetic friction is
negligible.
B. There must be some other horizontal force acting on
the object.
C. No forces are doing work on the object.
D. There are no vertical forces acting on the object.

96.

Consider an inclined plane that makes an angle θ with the
horizontal. What is the relationship between the length of
the ramp, L, and the vertical height of the ramp, h?
A.
B.
C.
D.

12

0.1
0.2
0.4
0.5

What horizontal force must be applied to an object with a
weight of 98 N in order to give it a horizontal acceleration
of 10 m/s2? (Neglect the forces of friction.)
A.
B.
C.
D.

95.

0N
10 N
50 N
90 N

A 25-kg block is pushed in a straight line across a
horizontal surface. If a constant force of 49 N must
be applied to the block in order to maintain a constant
velocity of 2 m/s, what is the coefficient of kinetic friction
between the block and the surface?
A.
B.
C.
D.

µ = mg/F
µ = F/(mg)
µ= 1
µ= g
94.

90.

A block weighing 40 N is held in contact with the
ceiling of a room by a upward force of 50 N. What is the
magnitude of the normal force exerted by the ceiling on
the block?
A.
B.
C.
D.

0N
5N
10 N
Cannot be determined since m is not given

A person applies a horizontal force F on a block of mass
m resting against a vertical wall. If the block slides
vertically down the wall at a constant speed, what must be
true about the coefficient of kinetic friction, µ, between
the block and the wall? (g = magnitude of gravitational
acceleration)
A.
B.
C.
D.

92.

L = h sin θ
L = h tan θ
h = L sin θ
h = L tan θ

Physics

97.

A 40-kg crate is being pulled along a frictionless surface
by a force of magnitude 140 N that makes an angle of 30°
with the horizontal. What is the acceleration of the crate?
A.
B.
C.
D.

98.

A.
B.
C.
D.

1.75 m/s2
2 m/s2
2.5 m/s2
3 m/s2

A box is resting on an inclined plane as shown below.
What is the magnitude of F?

F

10 N
30°

A.
B.
C.
D.

4.3 N
5.0 N
8.7 N
11.5 N

less than the weight of the block.
equal to the weight of the block.
greater than the weight of the block.
unrelated to the weight of the block.

102. A block is moving down the slope of an inclined plane at
constant velocity. The normal force exerted by the plane
on the block:
A.
B.
C.
D.

increases with increasing velocity.
decreases with increasing velocity.
is independent of velocity.
depends on the coefficient of kinetic friction between
the plane and block.

103. A block is sitting motionless on the surface of an inclined
plane as the angle of elevation is gradually increased. The
normal force exerted by the plane on the block:

A 50-kg crate slides down a ramp as shown below.
Assuming that the ramp is frictionless, find the
acceleration of the crate.

50

kg

99.

101. A block is moving down the slope of a frictionless
inclined plane. The force parallel to the surface of the
plane experienced by the block is:

A.
B.
C.
D.

increases with increasing angle of elevation.
decreases with increasing angle of elevation.
is independent of angle of elevation.
depends on the coefficient of static friction between
the plane and block.

104. A block is sliding down the surface of an inclined plane
while the angle of elevation is gradually decreased. Which
of the following is true about the results of this process?
A.

60°
A.
B.
C.
D.

5.0 m/s2
8.7 m/s2
10.0 m/s2
11.3 m/s2

100. The acceleration experienced by a block moving down a
frictionless plane inclined at a 30° angle:
A.
B.
C.
D.

decreases as the block moves down the plane.
is constant.
increases as the block moves down the plane.
depends on the height of the plane.

The force due to friction decreases, and the weight
of the block remains constant.
B. The force due to friction decreases, and the weight
of the block decreases.
C. The force due to friction increases, and the weight of
the block decreases.
D. The force due to friction increases, and the weight of
the block remains constant.

105. A block is being pulled by a rope up the surface of
an inclined plane at constant velocity. Which of the
following is true of the tension in the rope T, the force
due to friction Ff, and the component of the block’s
weight parallel to the plane wp?
A.
B.
C.
D.

wp = T + Ff
T = wp + Ff
Ff = T + wp
T + Ff + wp = 0
© The Princeton Review, Inc.
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106. A block slides down a frictionless inclined plane
that makes an angle θ (where 0° < θ < 90°) with the
horizontal. If g is the acceleration due to gravity, then the
acceleration of the block down the plane:
A.
B.
C.
D.

is always less than g.
is always equal to g.
is always greater than g.
can be less than g, equal to g, or greater than g
depending on the value of θ.

107. A block slides down a frictionless inclined plane that
makes an angle of 30° with the horizontal. Find its
acceleration.
A.
B.
C.
D.

a is constant, independent of θ.
a is proportional to θ.
a increases as θ increases, but not proportionally.
a is at its maximum value when θ = 45°.

109. A 5-kg block is released from rest at the top of a 10-meterlong frictionless incline whose incline angle is 30°; it
takes t1 seconds for this block to reach the bottom. The
experiment is repeated with a 10-kg block, and the time
needed to reach the bottom is t2 seconds. How do t1 and t2
compare?
A.
B.
C.
D.

t1 < t2
t1 = t2
t1 > t2
Cannot be determined from the information given

110. Which one of the following statements is true concerning
the magnitude of the normal force, N, acting on a block
sliding down a frictionless ramp whose incline angle
(with the horizontal) is θ ?
A.
B.
C.
D.

14
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A.
B.
C.
D.

µ= 0
µ = sin θ / cos θ
µ = cos θ / sin θ
µ= 1

112. The inclined plane shown below is 20 m long and rises
5 m. What minimum force F parallel to the plane is
required to slide a 400-N crate up the plane if friction is
neglected?

2.5 m/s2
4.9 m/s2
8.5 m/s2
9.8 m/s2

108. Which one of the following statements is true concerning
the magnitude of the acceleration, a, of a block sliding
down a frictionless ramp whose incline angle (with the
horizontal) is θ?
A.
B.
C.
D.

111. An object slides down an inclined plane with constant
speed. If the ramp’s incline angle is θ, what must be the
coefficient of kinetic friction, µ, between the object and
the ramp?

N is constant, independent of θ.
N is proportional to θ.
N is inversely proportional to θ.
N decreases as θ increases, but not proportionally.

© The Princeton Review, Inc.

20 m

400 N

5m

A.
B.
C.
D.

100 N
400 N
800 N
8000 N

113. A pulley is suspended from a cable that is attached to
the beam of a building 10 m above the ground. A rope
is slung over the pulley, and one end is attached to a
bucket of cement weighing 1000 N. The free end of
the rope is pulled, and the cement is raised above the
ground. The free end is then tied to a fixed point. What
is the approximate downward force exerted by the cable
attaching the pulley to the beam? (Assume that the pulley
and rope are massless.)
A.
B.
C.
D.

500 N
667 N
1000 N
2000 N

114. Two masses are resting on an 8-meter-long, uniform
10-kg plank. Mass #1 is 15 kg and rests 2 meters to the
left of the plank’s center, and Mass #2 is 5 kg and rests
3 m to the right of the plank’s center. How far from the
center of the plank is the center of mass?
A.
B.
C.
D.

0.5 m to the left of the plank’s center
1.5 m to the left of the plank’s center
0.5 m to the right of the plank’s center
1.5 m to the right of the plank’s center

Physics

115. Three metal blocks are hanging from a 16-foot rod of
negligible mass. Blocks #1 and #2 each weigh 0.4 lb, and
the weight of Block #3 is 0.8 lb. Block #1 is at the very
left end of the rod, Block #2 is at the center of the rod,
and Block #3 is at the very right end of the rod. How far
from the left end is the center of gravity?
A.
B.
C.
D.

6 ft
9 ft
10 ft
12 ft

M2

M1
x

X = x.
X is closer to M1 than x is.
X is closer to M2 than x is if M > M1.
X is closer to M2 than x is if M > M2.

117. How far from the heavier end must the fulcrum of a
massless 5-m seesaw be if an 800-N man on one side is to
balance his 200-N daughter at the other end?
A.
B.
C.
D.

0.5 m
1m
2m
4m

118. Assume that a massless bar 5 meters in length is
suspended from a rope and that the rope is attached to the
bar at a distance x from the bar’s left end. If a 20-kg mass
hangs from the right side of a bar and a 5-kg mass hangs
from the left side of the bar, what value of x will bring
about equilibrium?
A.
B.
C.
D.

3.0 m
3.5 m
4.0 m
4.5 m

A.

tangent to the circle and opposite the direction of
motion.
B. tangent to the circle and in the direction of motion.
C. radially and toward the center of the circle.
D. radially and away from the center of the circle.

120. An object is traveling in a circular path. If the velocity of
the object is doubled without changing the path, the force
required to maintain the object’s motion is:

116. The figure below shows a uniform bar supporting two
masses, with M1 < M2, one at each end of the bar. If the
mass of the bar is neglected, the position of the center of
mass, x, is calculated and marked as in the figure. If X
denotes the position of the center of mass with the mass
M of the bar included, then:

A.
B.
C.
D.

119. An object is moving in a circle at constant speed. Its
acceleration vector must be directed:

A.
B.
C.
D.

halved.
unchanged.
doubled.
quadrupled.

121. An object is traveling in a circular path. If the radius of
the circular path is doubled without changing the speed
of the object, the force required to maintain the object’s
motion is:
A.
B.
C.
D.

halved.
unchanged.
doubled.
quadrupled.

122. A 50-g stone is tied to the end of a string and whirled in
a horizontal circle of radius 2 m at 20 m/s. Ignoring the
force of gravity, determine the tension in the string.
A.
B.
C.
D.

5N
10 N
100 N
500 N

123. For an object that travels in a circular path at constant
speed:
A.
B.
C.

the velocity is constant since the speed is constant.
the acceleration is zero since the speed is constant.
the acceleration is not zero and is always directed
tangent to the path.
D. the acceleration is not zero and is always directed
toward the center of the path.

© The Princeton Review, Inc.
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124.

B
A

C
D
point P

A rock is tied to the end of a string and whirled
(counterclockwise as seen from above) around in a circle
at constant speed. If the string were to suddenly break
when the rock is at point P, which arrow would best
indicate the direction of the rock’s subsequent motion?
A.
B.
C.
D.

A
B
C
D

125. The Earth is kept in orbit around the Sun by the two
bodies’ gravitational attraction. Assume that the orbit
is circular (with radius r) and the orbiting speed v of
the Earth is constant. If G is the universal gravitational
constant, what is the mass of the Sun?
A.

G
v 2r

B.

Gv 2 r

C.
D.

v2
Gr
v 2r
G

126. Let F represent the net force on an object traveling in
a circular path (of radius r) at a constant speed v. If the
radius is reduced to (1/2)r, and the speed is increased to
2v, then the net force on this same object becomes:
A.
B.
C.
D.

16
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F.
2F.
4F.
8F.
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127. A hockey puck is tied to a string and whirled in a circular
path on a horizontal table, with the other end of the string
threaded through a hole in the center of the table. If the
puck has mass m and speed v, and the tension in the string
is T, which of the following expressions gives the radius
of the circular path?
A.
B.
C.
D.

mv/T
mv2/T
(mv/T)1/2
(mv2/T)1/2

128. A pendulum consists of a 0.5 kg mass attached to the
end of 1-meter-long rod of negligible mass. When the
rod makes an angle of 60° with the vertical, find the
magnitude of the torque about the pivot.
A.
B.
C.
D.

2.5 N·m
4.3 N·m
5.0 N·m
10.0 N·m

129. A uniform bar is lying on a flat table. In addition to its
weight and the normal force exerted by the table (which
exactly balances the bar’s weight), exactly two other
forces, F1 and F2, act on the rod. If the net force acting on
the rod is zero, then:
A.
B.

the net torque on the rod must also be zero.
the rod cannot accelerate translationally or
rotationally.
C. the net torque will be zero if F1 and F2 are applied at
the same point on the rod.
D. the rod can accelerate translationally if F1 and F2 are
not applied at the same point on the rod.

130. Water moves past a water wheel, causing it to turn. The
force of the water is 200 N, and the radius of the wheel is
10 m. Calculate the torque around the center of the wheel.
A.
B.
C.
D.

20 N-m
200 N-m
2000 N-m
20,000 N-m

Physics

131. A massless meter stick is fixed at Point C, which is 25 cm
from its left-hand end. The rod is free to rotate about
Point C. If a downward force of 60 N is applied at Point
A, what is the minimum force that must be applied at
Point B to keep the rod from rotating?
60 N

A

C

B

134. A massless rod is attached to the ceiling by a string. Two
weights are hung from the rod: a 0.4-lb weight at its left
end and a 1.2-lb weight at its right end. If the length of
the rod is L, how far from its left end should the string be
attached so that the rod (with attached weights) will be
horizontal?
A.
B.
C.
D.

L/4
2L/3
3L/4
5L/6

25 cm
100 cm
A.
B.
C.
D.

15 N, upward
15 N, downward
20 N, upward
20 N, downward

132. A man with a mass of 100 kg sits on a seesaw 5 m from
the center. Two children, each with a mass of 20 kg, are
seated on the other side of the seesaw. One child sits 10 m
from the center. How far from the center should the other
child sit to balance the seesaw?
A.
B.
C.
D.

5m
10 m
15 m
20 m

133. A uniform meter stick weighing 20 N has a 50-N weight
on its left end and a 30-N weight on its right end. The bar
is hung from a rope. What is the tension in the rope and
how far from the left end of the bar should the rope be
attached so that the stick remains level?
A.
B.
C.
D.

80 N placed 37.5 cm from the left end of the bar
80 N placed 40.0 cm from the left end of the bar
100 N placed 37.5 cm from the left end of the bar
100 N placed 40.0 cm from the left end of the bar

135. In the preceding question, what is the tension in the string
supporting the rod and the attached weights?
A.
B.
C.
D.

1.2 lb
1.6 lb
2.4 lb
3.2 lb

136. A uniform rod of mass M sticks out from a vertical wall
and points toward the floor. If the smaller angle it makes
with the wall is θ, and its far end is attached to the ceiling
by a string parallel to the wall, find the tension in the
supporting string.
A.
B.
C.
D.

Mg/2
(Mg sin θ)/2
Mg
Mg sin θ

137. A uniform plank of mass 12 kg and length L is positioned
horizontally, with its two ends supported by sensitive
scales. An object of mass 3 kg is placed a distance L /3
from the left end of the plank. What weight does the righthand scale read?
A.
B.
C.
D.

50 N
70 N
80 N
90 N

138. In the preceding question, what weight does the left-hand
scale read?
A.
B.
C.
D.

60 N
70 N
80 N
150 N

© The Princeton Review, Inc.
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139. A bar extends perpendicularly from a vertical wall. The
length of the bar is 2 m, and its mass is 10 kg. The free
end of the rod is attached to a point on the wall by a light
cable, which makes an angle of 30° with the bar. Find the
tension in the cable.
A.
B.
C.
D.

144. A simple pendulum consisting of a 1-kg bob connected
to a rigid rod 5 m long is brought to an angle of 90° from
vertical, and then released (as shown below). Assuming
that the rod is massless and that the acceleration due to
gravity is 10 m/s2, what will be the speed of the bob at its
lowest point?

20 N
50 N
100 N
200 N

bob
90°

140. In the preceding question, what is the magnitude of the
vertical force exerted by the wall on the rod?
A.
B.
C.
D.

30 N
50 N
100 N
150 N

141. An object is being pulled along the ground by a 50-N
force directed 45° above the horizontal. Approximately
how much work does the force do in pulling the object
8 m?
A.
B.
C.
D.

100 J
280 J
400 J
620 J

142. A 1-kg coconut falls off of a coconut tree, landing on the
ground 800 cm below. How much work is done on the
coconut by the gravitational force?
A.
B.
C.
D.

8J
80 J
800 J
8000 J

143. A 1-kg coconut falls off of a coconut tree, landing on the
ground 800 cm below. How much gravitational potential
energy does it lose?
A.
B.
C.
D.
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8J
80 J
800 J
8000 J

© The Princeton Review, Inc.

A.
B.
C.
D.

10 m/s
20 m/s
30 m/s
40 m/s

145. A car weighing 8500 N and traveling 20 m/s engages
its brakes. The car skids along the pavement for 200 m
before coming to rest. What is the coefficient of friction
between the road and the car’s tires?
A.
B.
C.
D.

0.1
0.2
0.5
0.8

146. A hammer is used to drive a nail into a board. Work
is done in the act of driving the nail. Compared to
the moment before the hammer strikes the nail, the
mechanical energy of the hammer after its impact will be:
A.
B.
C.
D.

greater, because the hammer has done work.
greater, because work has been done on the hammer.
less, because the hammer has done work.
less, because work has been done on the hammer.

147. An increase in which of the following properties of a
projectile will NOT increase its kinetic energy at a given
instant in time?
A.
B.
C.
D.

Its height
Its mass
Its velocity
Its momentum

Physics

148. If the height of an object above the earth is doubled, its
gravitational potential energy will be:
A.
B.
C.
D.

halved.
unchanged.
doubled.
quadrupled.

149. Let W1 be the magnitude of the work done by gravity as
Object 1’s gravitational potential energy increases by
500 J, and let W2 be the total amount of work necessary to
increase Object 2’s kinetic energy by 500 J. How do W1
and W2 compare?
A.
B.
C.
D.

W1 < W2
W1 = W2
W1 > W2
Cannot be determined without knowing the masses
of the objects

150. If a projectile travels through air, it loses some of its
kinetic energy due to air resistance. Some of this lost
energy:
A.
B.

decreases the temperature of the projectile.
is found in increased kinetic energy of the air
molecules.
C. is found in increased potential energy of the
projectile.
D. causes the temperature of the air around the
projectile to decrease.

151. A crate with mass 50 kg is pushed across a horizontal
floor at a constant speed of 1 m/s for 4 seconds by a
horizontal force F of magnitude 100 N. How much work
is done by F?
A.
B.
C.
D.

0J
100 J
200 J
400 J

152. An object slides down a 2-meter-long ramp that makes an
angle of 60° with the horizontal. The mass of the object
is 2 kg, and the coefficient of kinetic friction between the
object and the ramp is 0.3. Calculate the work done by the
normal force on the object.
A.
B.
C.
D.

153. How much work is done by the gravitational force as a
10-kg object is lifted from a height of 1 m above the
ground to a height of 3 m above the ground?
A.
B.
C.
D.

–300 J
–200 J
200 J
300 J

154. Two objects, one with mass M1 and the other with mass
M2 (where M2 > M1), rest at the top of an inclined plane.
If the bottom of the incline is taken to be the zero of
gravitational potential energy, then these objects have:
A.
B.
C.
D.

the same inertia and the same potential energy.
the same inertia but different potential energies.
different inertias but the same potential energy.
different inertias and different potential energies.

155. Adjustments are made to a machine that allow it to
provide less energy at any given moment, but that allow
it to operate for a greater length of time. The power of the
machine has been:
A.
B.
C.
D.

decreased.
unchanged.
increased.
changed in a manner that can’t be predicted.

156. Which of the following situations requires the greatest
power?
A.
B.
C.
D.

20 J of work done in 10 minutes
100 J of work done in 20 minutes
200 J of work done in 10 minutes
10 J of work done in 20 minutes

157. Which of the following expressions is equal to a watt?
A.
B.
C.
D.

(kg)(m)/(sec)
(kg)(m)/(sec)3
(kg)2(m)2/(sec)2
(kg)(m)2/(sec)3

0J
3J
6J
20 J
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158. An object weighing 100 N is traveling vertically upward
from the earth in the absence of air resistance at a
constant velocity of 5 m/s. What is the power required to
keep the object in motion?
A.
B.
C.
D.

0W
20 W
200 W
500 W

160. An electric crane hoists an object weighing 4000 N to
the top of a building. The crane raises the object straight
upward at a constant rate. If it takes 60 seconds to lift
the mass 300 m, at what rate is energy consumed by the
electric motor in the crane? (Note: Ignore all forces of
friction.)
A.
B.
C.
D.

0.8 kW
2.0 kW
10.0 kW
20.0 kW

161. Which of the following quantities is (are) conserved when
a falling object strikes the ground?
I. Momentum of the object
II. Kinetic energy of the object
III. Total energy
A.
B.
C.
D.

20
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A

0W
20 W
200 W
500 W

159. An object weighing 100 N is traveling horizontally with
respect to the surface of the earth in the absence of air
resistance at a constant velocity of 5 m/s. What is the
power required to maintain this motion?
A.
B.
C.
D.

162. Two meteors collide and combine at Point P:

I only
III only
I and III only
II and III only
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B

vA

vB
30°

45°

P
If each meteor has mass m, what is the magnitude of the
vertical component of their common velocity just after the
collision?
A.
B.
C.
D.

(vA sin 30° + vB sin 45°)/2
(vA sin 30° – vB sin 45°)/2
(vA cos 30° + vB cos 45°)/2
(vA cos 30° – vB cos 45°)/2

163. Two moving bodies A and B are of unequal mass. They
meet head-on and immediately come to rest as a result of
a perfectly inelastic collision. Prior to the collision, Body
A was traveling at a speed 10 times that of Body B. Which
of the following represents the ratio of the mass of A to
the mass of B?
A.
B.
C.
D.

1 : 100
1 : 10
10 : 1
100 : 1

164. A laborer expends 800 J to lift a block to a height h. He
then repeats the task using a simple non-motorized pulley
system that reduces by half the input force he must
provide. With the pulley system in operation, how much
work must the laborer perform in order to lift the block to
height h?
A.
B.
C.
D.

200 J
400 J
800 J
1600 J

Physics

165. A machine that consumes 500 watts takes 10 sec to lift
an object with a mass of 1 kg from the ground to a high
platform. Assume that the machine is perfectly efficient.
The object is then pushed off the platform and falls freely
to the ground. What is the speed of the object at the
moment of impact?
A.
B.
C.
D.

10 m/s
32 m/s
50 m/s
100 m/s

166. A perfectly inelastic collision occurs between a 2000-kg
car moving north at 7 m/s and a 1600-kg car moving
south at 12 m/s. What is the velocity of the cars
immediately after impact?
A.
B.
C.
D.

1.4 m/s north
1.4 m/s south
9.2 m/s north
9.2 m/s south

167. After their isolated collision, two balls move in opposite
directions: Ball #1 moves at 0.2 m/s in the negative x
direction, and Ball #2 moves at 0.5 m/s in the positive x
direction. If the mass of each ball is 100 grams, determine
the total momentum of this system before the collision.
A.
B.
C.
D.

0.03 kg·m/s
0.07 kg·m/s
0.30 kg·m/s
0.70 kg·m/s

168. A cue ball (mass 225 g), moving at 0.5 m/s, strikes the
8-ball (mass 200 g) originally at rest. After the collision,
the cue ball moves with a velocity of 0.1 m/s. Find the
velocity of the 8-ball after the collision.
A.
B.
C.
D.

0.23 m/s
0.45 m/s
0.68 m/s
0.90 m/s

170. A person sits on a stationary sled (total mass of person +
sled = 100 kg) on a pond of smooth ice and holds a ball. If
the 2-kg ball is thrown at a speed of 10 m/s, find the speed
with which the person and sled move afterward.
A.
B.
C.
D.

0 m/s
0.1 m/s
0.2 m/s
0.4 m/s

171. After accelerating uniformly from rest at a rate of 2 m/s2
for 4.5 seconds, an object with mass 2 kg collides head-on
with another object of mass 1 kg initially at rest. After
the completely inelastic collision, what is the common
velocity of the two objects?
A.
B.
C.
D.

3 m/s
6 m/s
9 m/s
12 m/s

172. A tennis ball is dropped from a height of 1 m onto a
horizontal surface in a large evacuated container. The ball
will not rebound to a height of 1 m because:
A.

the floor exerts no force on the ball when it makes
contact.
B. some of the ball’s kinetic energy is lost when the ball
strikes the floor.
C. the ball’s momentum is not changed as a result of the
collision.
D. the gravitational force is reduced when acting in a
vacuum.

173. A 2.5-kg stone is dropped from a height of 4 m. What is
its momentum on impact? (Ignore air resistance.)
A.
B.
C.
D.

7.5 kg·m/s
11.3 kg·m/s
22.5 kg·m/s
45.0 kg·m/s

169. Object #1 moves toward Object #2, whose mass is twice
that of #1, which is at rest. After their head-on impact, the
objects lock together and move with what fraction of the
Object #1’s initial speed?
A.
B.
C.
D.

1/4
1/3
1/2
2/3
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174. An object is released from rest at height h above the
surface of the Earth, where h is much smaller than the
radius of the Earth. Its speed is v m/s as it strikes the
ground. At what height should this object be released
from rest in order for its speed to be 2v when it strikes the
ground? (Ignore air resistance; g denotes the magnitude of
gravitational acceleration.)
A.
B.
C.
D.

2h
2gh
4h
4gh

175. A object is raised to a height of 16 m and released from
rest. At the instant that the object is 12 m above the
ground, what fraction of its total mechanical energy is in
the form of kinetic energy? (Ignore air resistance.)
A.
B.
C.
D.

1/4
3/8
1/2
3/4

176. A 2-kg object is at a height of 10 m above the surface
of the Earth. If it is thrown straight downward with an
initial speed of 20 m/s, what will its kinetic energy be as it
strikes the ground? (Ignore air resistance.)
A.
B.
C.
D.

200 J
400 J
600 J
800 J

177. By applying a large horizontal force, a man pushes a
heavy crate along a horizontal floor. While he pushes the
crate a distance d, the frictional force does –W1 joules
of work. A small child then sits on top of the crate, and
the man pushes the crate (and child) a distance d. If
the frictional force does –W2 joules of work during this
second displacement, then which of the following is true?
A.
B.
C.
D.
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W1 < W2
W1 = W2
W1 > W2
Cannot be determined from the information given
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178. A 2-kg block slides down a 3-meter-long, frictionless 30°
incline. How much work does gravity do on the block?
A.
B.
C.
D.

30 J
40 J
50 J
60 J

179. If the block described in the preceding question started
from rest at the top of the incline, with what speed does it
reach the bottom?
A.
B.
C.
D.

2.7 m/s
3.6 m/s
5.5 m/s
7.1 m/s

180. What magnitude of work must be done to bring a 1000-kg
car, moving at 20 m/s, to rest?
A.
B.
C.
D.

1.0 × 105 J
2.0 × 105 J
4.0 × 105 J
1.8 × 106 J

181. Calculate the average power needed to stop the car
described in the preceding question in 4 seconds.
A.
B.
C.
D.

5 kW
50 kW
500 kW
5000 kW

182. Two hockey pucks, each with a nonzero velocity, slide
toward each other on a surface of frictionless ice and
collide head on. Then in general:
A.

momentum is not conserved but kinetic energy is
conserved.
B. momentum is conserved but kinetic energy is not
conserved.
C. neither momentum nor kinetic energy is conserved.
D. both momentum and kinetic energy are conserved.

Physics

183. A 2-kg object initially at rest is struck head-on by a 4-kg
object moving at a velocity of 2 m/s. After the collision,
the two objects stick together. Let Kb be the kinetic energy
of the system before the collision, and let Ka be the kinetic
energy of the system after the collision. Calculate the
ratio Ka/Kb .
A.
B.
C.
D.

1/3
4/9
1/2
2/3

184. As a crate (of mass m) slides down a frictionless incline
(with angle θ), a constant horizontal force F, parallel to
the base of the incline, is applied to the crate so that the
crate’s speed down the incline remains constant. Find the
magnitude of F.
A.
B.
C.
D.

F = mg sin2 θ
F = mg cot θ
F = mg tan θ
F = mg sin θ cos θ

185. If the vertical rise of the incline is h meters, determine
the work done by the horizontal force F (described in the
preceding question) as the crate slides down the incline.
A.
B.
C.
D.

–mgh cos2 θ
–mgh sin θ cos θ
–mgh sin2 θ
–mgh

186. A 1-kg ball is dropped from a height of 6 meters. As it
falls, it is constantly acted upon by air resistance, whose
average force on the ball is 3.3 N. Taking this into
account, calculate the speed with which the ball hits the
ground.
A.
B.
C.
D.

9.0 m/s
10.0 m/s
10.6 m/s
11.1 m/s

187. An erg is a unit of energy equal to 1 g·cm2/s2. The
conversion between ergs and joules is therefore 1 joule =
x ergs. What is x?
A.
B.
C.
D.

188. As a crate slides down from the top of a 2-meter-long
inclined plane, the coefficient of friction is 0.4. Calculate
the work done by friction if the angle of incline is 30° and
the mass of the crate is 10 kg.
A.
B.
C.
D.

–68 J
–39 J
–34 J
–20 J

189. As a 5-kg object travels down a ramp, gravity does 60 J
of work and friction does –20 J. If the object started from
rest, what is its final speed?
A.
B.
C.
D.

1 m/s
2 m/s
4 m/s
8 m/s

190. An object’s speed increases from 0 to 2 m/s, due to an
amount of work W1, and then increases from 2 m/s to
4 m/s due to an amount of work W2. Which one of the
following is true?
A.
B.
C.
D.

W1 < W2
W1 = W2
W1 > W2
Cannot be determined from the information given

191. A stone of mass m is dropped from a height h. If air
resistance is negligible, which one of the following
statements is true concerning the stone as it strikes the
ground?
A.
B.
C.
D.

Its speed is proportional to h.
Its speed is proportional to h2.
Its kinetic energy is proportional to h.
Its kinetic energy is proportional to h2.

192. A person’s power expenditure is being monitored. If
the amount of work is doubled and the time required to
complete it is halved, then the power output:
A.
B.
C.
D.

remains constant.
decreases by a factor of 4.
increases by a factor of 2.
increases by a factor of 4.

10–7
10–5
105
107
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193. A 2.5-kg mass is projected straight upward with an initial
kinetic energy of 980 J. If air resistance is ignored, how
much kinetic energy will this projectile have as it strikes
the ground?
A.
B.
C.
D.

490 J
980 J
1470 J
1960 J

194. An 10-kg object is dropped from a height of 100 meters.
How much gravitational potential energy has it lost when
its speed is 30 m/s? (Ignore air resistance.)
A.
B.
C.
D.

2250 J
4500 J
5500 J
7750 J

198. A 10-kg object moves from Position #1 to Position
#2 close to the surface of the Earth. In so doing, its
gravitational potential energy decreases by 200 J. How
much work was done by the gravitational force on this
object as it moved from Position #1 to Position #2?
A.
B.
C.
D.

–200 J
–100 J
100 J
200 J

199. A small block is placed at the top of two inclined planes,
and allowed to slide down to the bottom. The incline
angle of Incline 2 is less than that of Incline 1, that is,
θ2 < θ1, but the heights of the ramps are the same. The
coefficients of kinetic friction between the block and the
two ramp surfaces are also identical.
Incline 1

θ1

195. A 10-kg mass is dropped from a height of 125 m. What
is its speed at impact with the ground? (Ignore air
resistance.)
A.
B.
C.
D.

20 m/s
50 m/s
75 m/s
125 m/s

196. A object of mass m is dropped from a height of h meters;
its speed at impact with the ground is v m/s. If an object
of mass 4m were dropped from a height of h meters,
determine its speed at impact. (Ignore air resistance.)
A.
B.
C.
D.

v
2v
4v
16v

197. A 10-kg object is projected straight upward with an initial
kinetic energy of 1000 J. How high will it go above its
launch point? (Ignore air resistance.)
A.
B.
C.
D.
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5m
10 m
20 m
50 m
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Incline 2

θ2

h

h

Let W be the work done by gravity as the block slides
from the top to the bottom, and let w be the magnitude of
the work done by friction during the slide. Which one of
the following is then true?
A.

W and w are each greater for Incline 1 than for
Incline 2.
B. W is smaller, but w is greater, for Incline 1 than for
Incline 2.
C. W is the same for the two inclines, but w is greater
for Incline 1 than for Incline 2.
D. W is the same for the two inclines, but w is smaller
for Incline 1 than for Incline 2.

200. A 2000-kg airplane flying at 50 m/s is slowed by
turbulence to 40 m/s over a distance of 150 m. How much
work was done on the plane by the turbulent air?
A.
B.
C.
D.

–10 kJ
–100 kJ
–900 kJ
–1800 kJ

Physics

201. Two objects are submerged in a fluid at the same depth.
Compared to the smaller of the two objects, the larger one
will experience:
A.
B.
C.
D.

less fluid pressure.
equal fluid pressure.
greater fluid pressure.
pressure dependent on the nature of the objects.

202. Two objects are submerged below the surface of a fluid
in a closed container, one at a depth of 5 m, the other at a
depth of 10 m. Compared to the object at a depth of 5 m,
the object at a depth of 10 m will experience:
A.
B.
C.
D.

half the fluid pressure.
equal fluid pressure.
twice the fluid pressure.
four times the fluid pressure.

203. Two objects are submerged in a closed container of fluid,
one at a height of 5 m above the bottom of the container,
the other at a height of 10 m. Compared to the object
at a height of 5 m, the object at a height of 10 m will
experience:
A.
B.
C.
D.

half the fluid pressure.
equal fluid pressure.
twice the fluid pressure.
fluid pressure dependent on the depth of the fluid.

204. Which of the following statements is true?
A.

Fluid pressure increases with increasing density of
the submerged object.
B. Fluid pressure increases with decreasing density of
the submerged object.
C. Fluid pressure increases with increasing fluid density.
D. Fluid pressure increases with decreasing fluid
density.

205. The atmospheric pressure at a height of 2 km above the
surface of the Earth is:
A.
B.
C.
D.

less than the atmospheric pressure at the surface.
equal to the atmospheric pressure at the surface.
greater than the atmospheric pressure at the surface.
unrelated to the atmospheric pressure at the surface.

206. An object is floating on a fluid. The weight of the fluid
displaced by the floating object is:
A.
B.
C.
D.

less than the weight of the object.
equal to the weight of the object.
greater than the weight of the object.
zero.

207. An object is sinking in a fluid. The weight of the fluid
displaced by the sinking object is:
A.
B.
C.
D.

less than the weight of the object.
equal to the weight of the object.
greater than the weight of the object.
zero.

208. A change in which of the following will affect the buoyant
force experienced by an object that is totally submerged
in a liquid?
I. Density of the liquid
II. Density of the object
III. Depth of the object
A.
B.
C.
D.

I only
III only
I and III only
I, II, and III

209. The density of cottonseed oil is 0.926 g/cm3. What
volume does 500 g of cottonseed oil occupy?
A.
B.
C.
D.

250 cm3
270 cm3
500 cm3
540 cm3

210. A circular plate with an area of 1 m2 covers a drain
hole at the bottom of a tank of water which is 1 m deep.
Approximately how much force is required to lift the
cover if it weighs 2000 N?
A.
B.
C.
D.

2000 N
8000 N
10,000 N
12,000 N
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211. Molasses flows through a cylindrical pipe 1 m in diameter
at an average velocity of 2 m/s. What is the flow rate?
A.
B.
C.
D.

1.6 m3/s
4.8 m3/s
6.0 m3/s
7.8 m3/s

A.
B.
C.
D.

212. Which one of the following is NOT true about an ideal
fluid flowing through the pipe shown below?
Position 1

Position 2

A.

Fluid velocity is greater at Position 2 than at
Position 1.
B. Fluid pressure is lower at Position 2 than at
Position 1.
C. Fluid flow is greater at Position 2 than at Position 1.
D. The fluid in the pipe is incompressible and
nonturbulent.

213. An object that weighs 200 N floats in a tank of water.
How much of the object’s volume is actually submerged?
A.
B.
C.
D.

0.002 m3
0.02 m3
0.2 m3
2 m3

214. A bowling ball that weighs 60 N is dropped into a
swimming pool filled with water. If the buoyant force
on the bowling ball was 10 N when the ball was 1 meter
below the surface (and sinking), what is the normal force
exerted by the bottom of the pool on the ball when it
comes to rest there, 4 meters below the surface?
A.
B.
C.
D.
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215. An object of mass 2 kg floats motionless in a fluid of
specific gravity 0.8. What is the magnitude of the buoyant
force? (Use g = 10 m/s2.)
8N
16 N
20 N
25 N

216. An object whose weight is 40 N is floating at the surface
of a container of water. How much of the object’s volume
is submerged? (Use g = 10 m/s2.)
A.
B.
C.
D.

0.004 m3
0.04 m3
0.4 m3
Cannot be determined from the information given

217. A block of some unknown material is floating in a fluid of
specific gravity 1.5. If one-half of the block is submerged,
what is its density?
A.
B.
C.
D.

500 kg/m3
750 kg/m3
1000 kg/m3
1500 kg/m3

218. If 20% of the volume of a floating object is above the
surface of the fluid, then the density of the object is what
percent of the density of the surrounding fluid?
A.
B.
C.
D.

20%
40%
60%
80%

219. An object is weighed in air, and it is also weighed while
totally submerged in water. If it weighs 100 N less when
submerged, find the volume of the object. (The density of
water is 1000 kg/m3.)
A.
B.
C.
D.

0.001 m3
0.01 m3
0.1 m3
1 m3

Physics

220. An object whose specific gravity is 2.0 weighs 200 N less
when it is weighed while totally submerged in water than
when it is weighed in air. What is the weight of this object
in air?
A.
B.
C.
D.

100 N
200 N
300 N
400 N

221. An object that weighs 1000 N in air is also weighed while
totally submerged in a fluid of specific gravity 0.75. If
it weighs 250 N less when submerged, find the specific
gravity of the object.
A.
B.
C.
D.

0.25
2.25
3.0
4.0

222. A block of metal weighs 500 N in air but weighs only
300 N when it is totally submerged in water. What is the
specific gravity of this metal?
A.
B.
C.
D.

0.4
1.2
1.8
2.5

223. A block of wood is in the shape of a cube with edge
length 0.5 m. When the top surface of this block is at a
depth of 10 m below the surface of a body of water, the
buoyant force it feels has magnitude F. When the top of
the block rises to a depth of 5 m, what is the magnitude of
the buoyant force?
A.
B.
C.
D.

F/2
F
2F
4F

224. At the ocean surface, the pressure equals 1 atm
(approximately 100,000 pascals). At approximately what
depth is the total pressure equal to 2 atm? (Note: Seawater
has specific gravity 1.025.)
A.
B.
C.
D.

225. Let p be the total pressure at depth d below the surface
of a large body of water, and let P be the total pressure
at depth 2d. Assuming that the variation in density is
negligible, how do P and p compare?
A.
B.
C.
D.

P < 2p
P = 2p
P > 2p
Cannot be determined without knowing d

226. The specific gravity of ice is 0.92, and that of seawater
is 1.025. What percentage of the volume of an iceberg is
visible above the water?
A.
B.
C.
D.

5%
10%
90%
95%

227. Pressure is sometimes measured in torr or millimeters
of mercury (mmHg), where 1 atm (101,300 Pa) is equal
to 760 torr (which is equal to 760 mmHg). Convert the
systolic/diastolic blood pressure ratio of (120 mm Hg)/(80
mm Hg) into kilopascals (kPa).
A.
B.
C.
D.

(11 kPa) / ( 5 kPa)
(16 kPa) / (11 kPa)
(24 kPa) / (11 kPa)
(24 kPa) / (18 kPa)

228. A piece of styrofoam and a gold brick are placed in a
large tank which is then completely filled (to the brim)
with water. The gold is carefully removed (no water is
lost), and the water level decreases slightly. The gold
is then placed on top of the styrofoam. If the styrofoam
continues to float, then:
A.
B.
C.

the water level will rise, but not to the brim.
some water will spill out of the tank.
the water level will rise exactly to the brim, and no
water will spill from the tank.
D. Cannot be determined

1m
5m
10 m
50 m
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229. A cylindrical container holds water and Fluid Q whose
specific gravity is 0.5. The two fluids are immiscible. The
gauge pressure at the foot of the column is 75% of what
it would be if all the fluid in the column were water. Fluid
Q must therefore account for what percentage of the total
fluid in the column?
A.
B.
C.
D.

232.
x
y

12.5%
25.0%
37.5%
50.0%

water
The open U-tube shown above contains water and an oil
of unknown density. Given that the distances x and y are
5 cm and 20 cm, respectively, determine the specific
gravity of the oil.

230. A cylindrical container holds water and Fluid Z whose
specific gravity is 2.0. The two fluids are immiscible. The
gauge pressure at the foot of the column is 150% of what
it would be if all the fluid in the column were water. Fluid
Z must therefore account for what percentage of the total
fluid in the column?
A.
B.
C.
D.

12.5%
25.0%
37.5%
50.0%

A.
B.
C.
D.

0.20
0.25
0.75
0.80

233.

231. A cylindrical container holds Fluid X (specific gravity
0.75) and Fluid Y (specific gravity 1.5). The two fluids are
immiscible. The gauge pressure at the foot of the column
is equal to what it would be if all the fluid in the column
were water. Fluid X must therefore account for what
fraction of the total fluid in the column?
A.
B.
C.
D.

1/3
1/2
2/3
3/4

oil

d

2d

X

Y

Shown above are two containers, both of the same
height. Container X is a cylinder of diameter d. Although
Container Y also has circular cross sections, the diameters
of these cross sections gradually decrease from 2d at the
top to d at the base. If both containers are completely
filled with water, what is the ratio of the gauge pressure at
the base of Y to the gauge pressure at the base of X?
A.
B.
C.
D.

1/2
1
3/2
2

234. A pipe of radius 3 cm carries water at a velocity of 4 m/s.
What is the volume flow rate?
A.
B.
C.
D.
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0.01 m3/s
12 m3/s
75 m3/s
113 m3/s

Physics

235. If the amount of fluid flowing through a tube remains
constant, how does the speed of the fluid change if the
radius of the tube decreases from 12 cm to 3 cm?
A.
B.
C.
D.

Decreases by a factor of 16
Decreases by a factor of 4
Increases by a factor of 4
Increases by a factor of 16

236. If the amount of fluid flowing through a tube remains
constant, how does the speed of the fluid change if the
diameter of the tube increases from 2 mm to 6 mm?
A.
B.
C.
D.

Decreases by a factor of 9
Decreases by a factor of 3
Increases by a factor of 3
Increases by a factor of 9

237. A fluid of density ρ flows through a horizontal pipe with
negligible viscosity. The flow is streamline with constant
flow rate. If the speed at Point 1 is v and the speed at
Point 2 is 3v, then the pressure at Point 2 is:
A.
B.
C.
D.

less than the pressure at Point 1 by 3 ρv2.
less than the pressure at Point 1 by 4 ρv2.
greater than the pressure at Point 1 by 3 ρv2.
greater than the pressure at Point 1 by 4 ρv2.

238. A fluid of density ρ flows through a horizontal pipe with
negligible viscosity. The flow is streamline with constant
flow rate. If the speed at Point 1 is v and the speed at
Point 2 is v/2, then the pressure at Point 2 is:
A.
B.
C.
D.

less than the pressure at Point 1 by (3/8) ρv2.
less than the pressure at Point 1 by (5/8) ρv2.
greater than the pressure at Point 1 by (3/8) ρv2.
greater than the pressure at Point 1 by (5/8) ρv2.

239. Force is required to move an object at a fixed speed across
the surface of a viscous fluid. How would this force
change if the viscosity (η) of the fluid were doubled?
[Use F = η(Av/d).]
A.
B.
C.
D.

It would be cut in half.
It would double.
It would quadruple.
If the speed remained the same, then so would the
force.

240. Although the SI unit for viscosity is the pascal-second
(Pa·s), another common unit is the poise, where 1 poise
= 1 P = 0.1 Pa·s. Viscosities for liquids are often given in
centipoises (cP). Express the viscosity of water, which is
0.0008 Pa·s at room temperature, in terms of centipoises.
A.
B.
C.
D.

0.008 cP
0.08 cP
0.8 cP
8 cP

241. When a wire is in contact with the surface of a fluid,
the force due to the surface tension exerted by the fluid
is given by F = 2γL, where γ is the surface tension
coefficient, and L is the length of the wire. A circular loop
of thin wire, of radius 2 cm and weight 0.1 N, is floating
in a dish of liquid whose surface tension coefficient is 0.5
N/m. What force would be required to lift the loop out of
the dish?
A.
B.
C.
D.

0.16 N
0.23 N
0.35 N
0.60 N

242. A 10-kg rock, with volume 0.001 m3, sits at the bottom of
a pool filled with water. Find the force exerted on the rock
by the bottom surface of the pool.
A.
B.
C.
D.

80 N
90 N
100 N
110 N

243. A hollow 0.2-kg ball is released from the bottom of a
pool and is propelled upward by a 9-N buoyant force.
The depth of the pool is 2 m. If frictional forces were
neglected, with what speed would the ball reach the
surface? (Use g = 10 m/s2.)
A.
B.
C.
D.

5.9 m/s
8.9 m/s
11.8 m/s
14.7 m/s
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244. When a sphere of radius r and density ρs is dropped into a
tall container of fluid with viscosity η and density
ρf < ρs, the sphere can eventually reach a constant speed
of descent. This speed is given by the equation

247.
20 cm
5 cm

2 gr 2
v=
( ρ − ρf )
9η s

P

Which of the following statements is true concerning the
forces acting on the sphere when it attains this speed?
(Note: B = magnitude of buoyant force, Fv = magnitude of
viscous drag force, w = magnitude of the sphere’s weight.)
A.
B.
C.
D.

B = w + Fv
Fv = w + B
w = B + Fv
w > B + Fv

A.
B.
C.
D.
246.

hole
reservoir

dam

1000 m
A man-made reservoir of fresh water has a rectangular
shape: 1000 m long, 500 m wide, and 50 m deep. One
side of the reservoir is a concrete dam, which has sprung
a tiny leak 2 m below the upper surface of the water. If
the size of the hole is 3 cm2, how much force would
someone need to exert with their thumb to successfully
plug the hole? (Atmospheric pressure = 1.0 × 105 Pa.)
A.
B.
C.
D.

30

|

6N
60 N
600 N
6 × 105 N
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1 kPa
4 kPa
5 kPa
8 kPa

248. Two particles of opposite charge are moved slowly apart.
As the particles are moved apart, the force between them
is:
A.
B.
C.
D.

30 N
35 N
40 N
45 N

50 m

The container shown above is open to the atmosphere and
completely filled with a liquid of specific gravity 2. What
is the gauge pressure at point P?
A.
B.
C.
D.

245. A hollow plastic ball (of volume 4 × 10–3 m3 and mass 0.5
kg) is held by a 1-meter-long string attached to the bottom
of a large container of water. If the depth of the water in
the container is 4 m, determine the tension in the string.

15 cm

attractive and increasing.
attractive and decreasing.
repulsive and increasing.
repulsive and decreasing.

249. Two particles of like charge are separated by a given
distance. If the charge on each particle is doubled, and
the distance between the two particles is also doubled, the
resulting force between the particles will be:
A.
B.
C.
D.

half the original force.
equal to the original force.
twice the original force.
four times the original force.

250. Two particles of like charge and equal mass are separated
by a given distance. If the mass of one particle is doubled,
the repulsive force between the particles will be:
A.
B.
C.
D.

halved.
unchanged.
doubled.
quadrupled.

Physics

251. The electric field strength at a point at a distance from
a source charge is NOT dependent on which of the
following?
A.

The nature of the medium surrounding the source
charge
B. The magnitude of the source charge
C. The distance from the source charge
D. The sign of the source charge

252. As the electric field strength is measured at points that
progressively approach a negatively-charged particle, the
field vectors will point:

255. Two equal but opposite point charges are fixed in place
as shown below. Which one of the following is the best
description of the direction of the electric field E at
the indicated point, which is equidistant from the two
charges?

A.
B.
C.
D.

+

–

+q

–q

E points to the left.
E points to the right.
E is zero.
The direction of E depends on the sign of the test
charge that is placed at the indicated point.

A.

towards the particle and exhibit progressively
increasing magnitude.
B. towards the particle and exhibit progressively
decreasing magnitude.
C. away from the particle and exhibit progressively
increasing magnitude.
D. away from the particle and exhibit progressively
decreasing magnitude.

253. An object with a mass of 1.25 kg and a charge of –1 C is
at rest 2 m above a large, positively-charged plate. The
object experiences a constant electric field of 5 N/C. If
the object is free to move, what will be its approximate
velocity at the instant it strikes the plate? (Note: Ignore
any effects of gravity.)
A.
B.
C.
D.

256. Find the magnitude of the electrostatic force between a
+3 µC point charge and a –10 µC point charge if they are
separated by 100 cm of empty space. (Note: Coulomb’s
constant, k, is 9 × 109 N-m2/C2.)
A.
B.
C.
D.

257. Calculate the force exerted on a point charge p with a
charge of –5 µC, by two point charges, q1 and q2, which
create a net electric field of 7 × 105 N/C toward the right
at the position where p is placed.

1 m/sec
2 m/sec
4 m/sec
16 m/sec

254. An object with mass m and a net charge of –q moves in
a circular orbit of radius r around a fixed object of mass
m with a net charge of +q. Neglecting any gravitational
interaction, which one of the following expressions gives
the speed of the orbiting object? (Note: k = Coulomb’s
constant, 9 × 109 N-m2/C2.)
A.

kq
m

B.

kq
mr

C.

kq 2
mr

D.

kq 2 r
m

0.027 N
0.27 N
2.7 N
27 N

p
q2

q1
A.
B.
C.
D.

3.5 N to the right
3.5 N to the left
35 N to the right
35 N to the left

258. Two objects, A and B, have equal charge and equal mass.
Neither body is in motion because the gravitational and
electrostatic forces between them are equal. If the mass of
Object A is halved, equilibrium would be maintained if:
A.
B.
C.
D.

the charge on Object A were doubled.
the charge on Object B were halved.
the charge on Object B were doubled.
the mass on Object B were halved.
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259. An object has a charge of –1 coulomb. How many excess
electrons does it have?
A.
B.
C.
D.

6.25 × 1018
1.60 × 1019
3.20 × 1019
6.25 × 1019

260. Assume that the electron in a deuterium atom can be
viewed as orbiting the nucleus (one proton, one neutron)
in uniform circular motion. If k is Coulomb’s constant, m
and e are (respectively) the mass and charge magnitude of
the electron, and r is the radius of the orbit, then what is
the electron’s speed?
A.

e

mr
k

B.

e

k
mr

C.

e

kr
m

D.

e

m
kr

261. Assume that the electron in a deuterium atom can be
viewed as orbiting the nucleus (one proton, one neutron)
in uniform circular motion. If k is Coulomb’s constant, e
is the charge magnitude of the electron, and r is the radius
of the orbit, then which one of the following expressions
gives the kinetic energy of the electron?
A.
B.
C.
D.
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262. Two charges, Q1 = −3.2 × 10−10 C and Q2 = +6.4 × 10−9
C, are separated by a distance of 1 cm. Let F12 be the
magnitude of the electrostatic force felt by Q1 due to Q2,
and let F21 be the magnitude of the electrostatic force felt
by Q2 due to Q1. Evaluate the ratio F12 / F21.
A.
B.
C.
D.

0.05
1.00
12.8
20.0

263. Two positive charges each equal to Q = 10–10 coulomb are
fixed and at rest, separated by a distance d = 2 cm. Find
the net electrostatic force on a charge q = –10–9 coulomb
that is placed at a distance d/2 from each of the charges Q.
A.
B.
C.
D.

0 newtons
4.5 × 10 –10 newtons
9.0 × 10 –10 newtons
1.8 × 10 –9 newtons

264. Calculate the magnitude of the electrostatic force between
two point charges, each of which has a deficit of ten
billion (= 1010) electrons and which are separated by 1 cm.
A.
B.
C.
D.

1.4 × 10 –8 newtons
2.3 × 10 –8 newtons
1.4 × 10 –4 newtons
2.3 × 10 –4 newtons

265. How will the electrostatic force between two charges be
affected if the distance between the charges is doubled?
A.
B.
C.
D.

It will decrease by a factor of 2.
It will decrease by a factor of 4.
It will increase by a factor of 2.
It will increase by a factor of 4.

Physics
266.

y
+Q

–2Q
x
d

d

Two charges, +Q and –2Q, are fixed at a distance d to
the left and right of the origin along the x axis as shown
above. The potential infinitely far from the charges shown
is equal to zero. Find the position on the x axis CLOSEST
TO THE ORIGIN where the potential is also zero.
A.
B.
C.
D.

d /3 to the left of the origin
2d /3 to the left of the origin
d /3 to the right of the origin
2d /3 to the right of the origin

267.

A.
B.
C.
D.

+3Q

1.4 × 109
2.3 × 1022
2.3 × 1039
1.4 × 1056

0.4 V
2.5 V
250 V
2500 V

–Q
x
d

d

Two charges, +3Q and –Q, are fixed at a distance d to
the left and right of the origin along the x axis as shown
above. The potential infinitely far from the charges shown
is equal to zero. Find the position on the x axis CLOSEST
TO THE ORIGIN where the potential is also zero.
d /4 to the left of the origin
d /2 to the left of the origin
d /4 to the right of the origin
d /2 to the right of the origin

268. How will the magnitude of the electrostatic force between
two objects be affected if both their charges are doubled
and the distance between them is also doubled?
A.
B.
C.
D.

A.
B.
C.
D.

270. What is the voltage drop across an electric motor with a
resistance of 25 ohms that draws 10 amps of current?

y

A.
B.
C.
D.

269. The proton and the electron each share the same charge
magnitude: e = 1.6 × 10–19 C. The mass of a proton is
1.67 × 10–27 kg, and the mass of an electron is 9.11 × 10–31
kg. If the value of Coulomb’s constant is 9 × 109 N⋅m2 /
C2, and the value of the universal gravitational constant is
6.67 × 10–11 N⋅m2 / kg2, then how many times greater is the
electrical attraction between a proton and an electron than
their gravitational attraction?

271. The electric circuit shown below consists of a battery
connected in series with 3 resistors. Determine the
potential difference across the 4-ohm resistor. (Assume
that the battery has no internal resistance.)
20 V
D

–

+

A

4Ω

10 Ω
C

A.
B.
C.
D.

6Ω

B

1V
4V
10 V
20 V

It will decrease by a factor of 2.
It will increase by a factor of 2.
It will increase by a factor of 4.
It will be unchanged.
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272. For the circuit shown below, what is the voltage of the
battery (assuming the battery has no internal resistance)?
3Ω

276. Which of the following changes to a circuit will
necessarily bring about an increase in the current?
A.
B.
C.
D.

2Ω

Increased voltage and increased resistance
Decreased voltage and decreased resistance
Increased voltage and decreased resistance
Decreased voltage and increased resistance

277. Given a constant voltage, the addition of resistors in
parallel to a resistor in an existing circuit will bring about:

6Ω
10 A

+
A.
B.
C.
D.

–

1V
5V
10 V
50 V

273. Electric current will flow:

A.
B.
C.
D.

an increase in voltage in the circuit.
a decrease in voltage in the circuit.
an increase in current in the circuit.
a decrease in current in the circuit.

278. Given a constant voltage, the addition of resistors in series
to a resistor in an existing circuit will bring about:
A.
B.
C.
D.

an increase in resistance in the original resistor.
a decrease in resistance in the original resistor.
an increase in current in the original resistor.
a decrease in current in the original resistor.

A.

only from a point of high potential to a point of
lower potential.
B. only from a point of low potential to a point of
higher potential.
C. back and forth between points of higher and lower
potential.
D. between points of equal potential.

274. Electric current will flow only:
A.
B.
C.
D.

in a perfect conductor.
in the absence of resistance.
in a region of infinite resistance.
through a potential difference.

275. Given a constant voltage, an increase in the resistance of a
circuit will necessarily result in:
A.
B.
C.
D.

an increase in voltage.
a decrease in voltage.
an increase in current.
a decrease in current.

279. Several resistors are added in series to a resistor in an
already existing circuit. Which of the following best
describes the changes that will occur across the original
resistor?
A.
B.
C.
D.

280. The resistance of a variable resistor in a circuit is
decreased, causing the current in the circuit to increase.
Which of the following must be true?
A.
B.
C.
D.

|
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The power of the circuit increases.
The power of the circuit decreases.
The voltage of the circuit increases.
The voltage of the circuit decreases.

281. When connected to a standard household voltage of 120 V,
a light bulb draws 1.5 A of current. What is the wattage of
the light bulb?
A.
B.
C.
D.

34

Voltage and current will increase.
Voltage and current will decrease.
Voltage will increase, and current will decrease.
Voltage will decrease, and current will increase.

80 W
100 W
120 W
180 W

Physics

282. A generator produces electricity in the form of alternating
current with a frequency of 50 cycles per second. If
the rms voltage is 100 V, approximately what is the
maximum potential difference created by the generator?
A.
B.
C.
D.

50 V
71 V
141 V
200 V

283. An alternating voltage, oscillating at 60 Hz, takes on a
maximum value of 170 V during each cycle. If an rms
(root mean square) voltmeter was hooked up to this
circuit, what would the reading be?
A.
B.
C.
D.

120 V
140 V
170 V
240 V

284. A positive test charge moves perpendicular to a uniform
magnetic field directed into the page. Which of the
following best depicts the subsequent path followed by
the charge if no other factors affect its motion?
A.

B.

C.

D.
285. A motionless, positively-charged particle is situated in an
unknown medium. The magnitude of the magnetic field
generated by the particle will be:

286. A positively-charged particle is traveling on a path
parallel to a straight wire that contains a current. Which
of the following changes would increase the magnitude of
the magnetic field at a point on the path of the particle?
A.
B.
C.
D.

An increase in the charge of the particle
An increase in the current in the wire
An increase in the velocity of the particle
An increase in the distance of the particle from the
wire

287. Two particles, one positively charged and one negatively
charged, are traveling on the same path perpendicular to a
constant magnetic field. If the magnitudes of the charges
are equal, the forces experienced by the two particles will:
A.
B.
C.
D.

differ in both magnitude and direction.
be exactly the same.
differ in magnitude but not in direction.
differ in direction but not in magnitude.

288. Two wires are made of the same conducting material, but
Wire #1 has twice the length and four times the radius of
Wire #2. If R1 is the resistance of Wire #1, and R2 is the
resistance of Wire #2, then which of the following is true?
A.
B.
C.
D.

R1 = 2 R2
R1 = 8 R2
R2 = 2 R1
R2 = 8 R1

289. Two wires (one of tungsten and one of platinum) have
the same length, but the diameter of the tungsten wire is
twice the diameter of the platinum wire. If the resistivity
of tungsten is 5.3 × 10−8 Ω⋅m and that of platinum is
10.6 × 10−8 Ω⋅m, how many times greater is the resistance
of the platinum wire than the tungsten wire?
A.
B.
C.
D.

2
4
8
16

A.
B.

equal to zero.
greater at points near to the particle than at more
distant points.
C. less at points near to the particle than at more distant
points.
D. constant everywhere and dependent only on the
nature of the medium.
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292. A battery and four identical resistors can be arranged into
various circuit designs, four of which are shown below.
Which one of these circuits would have the SMALLEST
total power consumption?

total
current I

1Ω

2Ω

A.

3Ω

total
current I
B.
If 6 amps of current flows through the 1-ohm resistor,
find the total current, I.
A.
B.
C.
D.

6 amps
11 amps
20 amps
36 amps

C.

291. A 3 Ω resistor and a 1.5 Ω resistor are connected in
parallel within a circuit. If the voltage drop across the 3 Ω
resistor is 2 V, what is the sum of the currents through
these two resistors?
A.
B.
C.
D.

4/3 amps
3/2 amps
2 amps
3 amps

D.

293.

uniform magnetic field
B
(into plane of page)
×

×

v
proton
A uniform magnetic field B is directed into the plane of
the page. If a proton is projected horizontally (in the plane
of the page) through this field, then the direction of the
magnetic force felt by the proton is:
A.
B.
C.
D.

36
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↓
←
↑

Physics
294.

electron

v
wire

direction of current
An electron is projected parallel to a current-carrying
wire in the same direction as the current is flowing. The
direction of the magnetic force felt by the electron will be:
A.
B.
C.
D.

into the plane of the page.
↑.
out of the plane of the page.
↓.

295. A 1-kg mass is hung at the end of a vertical spring with a
spring constant of 20 N/m. When the mass comes to rest,
by how many meters will the spring have stretched?
A.
B.
C.
D.

0.05
0.5
2
20

296. A block with a mass of 20 kg hangs from a spring with
a spring constant at 1000 N/m. How far will the spring
stretch from its equilibrium position?
A.
B.
C.
D.

2 cm
20 cm
50 cm
500 cm

297. Two springs are attached together so that they pull each
other in opposite directions. The first spring is pulled a
distance L from its rest position. Its spring constant is
known to be K. If the second spring is pulled a distance L2
from its rest position by the first spring, what is the spring
constant of the second spring?
A.
B.
C.
D.

KL
K/L
K/L2
K2

298. A jack-in-the-box consists of a 100-g doll sitting on top
of a spring with a spring constant of 200 N/m. The spring
must be compressed 20 cm from its natural length in
order to force the doll into the box. If the box is opened,
causing the doll to pop out, what is the doll’s approximate
velocity when the spring once again reaches its relaxation
point? (Neglect the effects of friction, gravity, and the
spring’s mass.)
A.
B.
C.
D.

4 m/s
9 m/s
12 m/s
16 m/s

299. At a particular instant in time, a pendulum has swung to
the top of its arc and has not yet reversed its direction to
swing downward. Which of the following is NOT true of
this situation?
A.
B.
C.

The kinetic energy of the pendulum is zero.
The acceleration of the pendulum is zero.
The potential energy of the pendulum is at a
maximum.
D. The displacement of the pendulum from its
equilibrium position is at a maximum.

300. If the height to which a pendulum is raised is doubled, its
velocity as it passes through its equilibrium position will:
A.
B.
C.
D.

increase by less than a factor of 2.
increase by a factor of 2.
increase by more than a factor of 2.
remain the same.

301. At which point in a swinging pendulum’s arc does it have
the most energy?
A.
B.

At its peak, when it has the most potential energy.
As it swings down, when it has both potential and
kinetic energy.
C. At its rest point, when it has the most kinetic energy.
D. The energy is the same at all points of the arc.

302. What is the period of a transverse wave with a frequency
of 200 Hz?
A.
B.
C.
D.

0.005 sec
0.05 sec
0.5 sec
5 sec
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303. As the frequency of a wave is increased, which of the
following must decrease?
A.
B.
C.
D.

The period of the wave
The amplitude of the wave
The wavelength of the wave
The speed of the wave

304. A transverse wave and a longitudinal wave are compared.
They are found to have amplitudes of equal magnitude.
What can be said about their speeds?
A.
B.
C.
D.

The transverse wave will have greater speed.
The longitudinal wave will have greater speed.
The waves will have equal speeds.
The speeds of the two waves are unrelated to their
amplitudes.

305. A vibrating spring moves from its position of maximum
elongation to its position of maximum compression in 1
second. What is the frequency of the oscillations?
A.
B.
C.
D.

0.25 Hz
0.5 Hz
1 Hz
2 Hz

306. Which of the following changes to a transverse wave
must result in an increase in wavelength?
A.
B.
C.
D.

An increase in frequency and an increase in speed
A decrease in frequency and a decrease in speed
An increase in frequency and a decrease in speed
A decrease in frequency and an increase in speed

307. The vibrating string pictured below has a length of 1
meter. The speed of waves traveling down the string is
300 m/s. Determine the fundamental frequency.

A.
B.
C.
D.

150 Hz
300 Hz
450 Hz
600 Hz

308. In a given medium with fixed boundaries, the longest
wavelength that will set up a standing wave is 4 m. If
waves propagate through the medium at 8 m/s, what is the
LOWEST possible frequency associated with a standing
wave within this medium?
A.
B.
C.
D.

0.5 Hz
1 Hz
2 Hz
4 Hz

309. A violin string is vibrating at its fundamental frequency
of 880 Hz. If the length of the string is 25 cm, what is the
speed of transverse waves on this string?
A.
B.
C.
D.

220 m/s
440 m/s
1760 m/s
4400 m/s

310. A 1-kg block is attached to the free end of an anchored
spring and allowed to slide back and forth on a
frictionless table. If the spring constant is k = 9 N/m,
determine the frequency of the motion if the period is
given by T = 2π m / k .
A.
B.
C.
D.

0.25 Hz
0.5 Hz
2 Hz
4 Hz

311. The displacement of an object executing simple harmonic
motion is expressed by the equation x = 3 cos (ω t + π/3)
[t in seconds, x in cm]. At which of the following
positions x will the block have its greatest speed?
A. 0 cm
B. 3/2 cm
C. 3 3 2 cm
D. 3 cm
312. The displacement of an object executing simple harmonic
motion is expressed by the equation x = 3 cos (ω t + π/3)
[t in seconds, x in cm]. The acceleration of the block is
the greatest at which of the following positions x?
A. 0 cm
B. 3/2 cm
C. 3 3 2 cm
D. 3 cm
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313. A simple pendulum has a period of 3 seconds on the Earth.
If it is taken to the Moon, where the acceleration g due to
gravity is 1/6 that on Earth, what will its period be there?
(The period is given by T = 2π L / g .)
A.
B.
C.
D.

0.5 second
1.2 seconds
7.4 seconds
18.0 seconds

314. A simple pendulum of length L = 50 cm is taken to the
surface of Mars, where it is observed that its period is 2.3
seconds. What is the acceleration g due to gravity on
Mars? (The period is given by T = 2π L / g .)
A.
B.
C.
D.

1.9 m/s2
3.7 m/s2
7.5 m/s2
13.8 m/s2

315. A 20-N block is attached to the free end of an anchored
spring and allowed to slide back and forth on a
frictionless table. If the spring constant is k = 32 N/m,
determine the frequency of the motion. (The period is
given by T = 2π m / k .)
A.
B.
C.
D.

2/π Hz
π/4 Hz
4/π Hz
π/2 Hz

316. A block is attached to the free end of an anchored spring
and allowed to slide back and forth on a frictionless table
in simple harmonic motion. How many times greater is
the spring’s restoring force at x = 4 cm than at x = 1 cm
(measured from equilibrium)?
A.
B.
C.
D.

2
4
8
16

317. An object undergoes simple harmonic motion, and it
is observed that the shortest time interval between the
two extremes of its displacement from equilibrium is 2
seconds. Find the frequency of the motion.
A.
B.
C.
D.

0.25 cycle/second
0.5 cycle/second
2 cycles/second
4 cycles/second

318. A transverse wave in a string is traveling at a speed of
2 m/s with a wavelength of 8 m. At t = 0, a particular
point on the rope has displacement +A, where A is the
amplitude of the wave. At what time will the displacement
of this same point next be –A?
A.
B.
C.
D.

t = 1/4 second
t = 1/2 second
t = 2 seconds
t = 4 seconds

319. Two transverse waves travel in the same direction along
a stretched string. Individually, they share the same
amplitude and frequency. However, at t = 0, where
Wave #1 has its maximum positive displacement, Wave
#2 has zero displacement; and where Wave #1 has
zero displacement, Wave #2 has its maximum positive
displacement. What is the phase difference between
them?
A.
B.
C.
D.

45°
90°
135°
180°

320. If two traveling waves, one with amplitude 4 cm and the
other with amplitude 6 cm, interfere, which one of the
following best describes the possible amplitudes of the
resultant wave?
A.
B.
C.
D.

Between 2 and 6 cm
Between 4 and 6 cm
Between 4 and 10 cm
Between 2 and 10 cm
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321. A 10-m string hangs vertically from a high ceiling,
supporting a 50-kg mass. The linear mass density of the
string is 50 g/m. How long would it take a wave pulse to
travel along the string from the ceiling to the mass at the
bottom? (Note: Wave speed v = Tension/µ , where
µ = linear mass density.)
A.
B.
C.
D.

0.1 ms
1 ms
10 ms
100 ms

322. A wave pulse is created at one end of a string and allowed
to return after being reflected off the wall where the
other end is fastened and fixed. If the tension in the rope
were increased by a factor of 4, how would the roundtrip time for the pulse be affected? (Note: Wave speed
v = Tension/µ , where µ = linear mass density.)
A.
B.
C.
D.

It would decrease by a factor of 4.
It would decrease by a factor of 2.
It would remain the same.
It would increase by a factor of 2.

323. A 12-meter-long string, fixed at both ends, is resonating at
a frequency that produces exactly 4 nodes. Calculate the
wavelength of the standing wave.
A.
B.
C.
D.

12/5 meters
4 meters
24/5 meters
8 meters

324. The distance between the positions of an antinode and the
nearest node on a standing wave (produced on a vibrating
wire fixed at both ends) is d. Determine the number of
nodes on the string in terms of d and the length L of the
wire.
A.
B.
C.
D.

L /(4d)
L /(4d) +1
L /(2d)
L /(2d) +1

325. What is the second-lowest harmonic frequency that can
be produced on a rope 20 meters long, fixed at both ends,
with a total mass of 2 kg and stretched to a tension of
360 N? (Notes: Wave speed v = Tension/µ , where µ =
linear mass density, and harmonic wavelengths λ occur
when L = nλ/2, where L is the length of the string and
n = 1, 2, ....)
A.
B.
C.
D.

326. A string fixed at both ends supports a standing wave. If
the distance between two adjacent nodes on the string is
50 cm, what is the wavelength?
A.
B.
C.
D.

|
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12.5 cm
25 cm
100 cm
200 cm

327. Consecutive harmonic wavelengths on a stretched
string are 4 m and 3.2 m. How long is the string? (Note:
Harmonic wavelengths λ occur when L = nλ/2, where L is
the length of the string and n = 1, 2, ....)
A.
B.
C.
D.

1.6 m
4.8 m
6.4 m
8.0 m

328. The speed of a sound wave is 340 m/s, and its wavelength
is 10 cm. What is its frequency?
A.
B.
C.
D.

3.4 Hz
34 Hz
340 Hz
3400 Hz

329. A thunder clap occurs at a distance of 6 km from a
stationary person. How soon does the person hear it?
(Note: The speed of sound in air = 340 m/sec.)
A.
B.
C.
D.

40

0.5 Hz
1.5 Hz
3 Hz
6 Hz

18 sec
40 sec
58 sec
96 sec

Physics

330. Sound would be expected to travel most slowly in a
medium that exhibited:
A.
B.
C.
D.

high resistance to compression and high density.
low resistance to compression and low density.
high resistance to compression and low density.
low resistance to compression and high density.

331. Sound travels faster in water than in air. One explanation
for this is that, compared to air:
A.

water’s density increases faster than its resistance to
compression.
B. water’s density increases slower than its resistance
to compression.
C. sound shifts to increased frequency.
D. sound shifts to decreased frequency.

332. An increase in which of the following features of a sound
wave would necessarily result in an increase in its decibel
level?
A.
B.
C.
D.

Speed
Wavelength
Amplitude
Frequency

333. The discovery of “red shift” was a major scientific
breakthrough. Upon detecting the light waves emitted by
stars, it was discovered that the measured frequency of
the light was lower than was known to be the case. One
explanation for this phenomenon is that:
A.
B.
C.
D.

the stars are moving toward the earth.
the stars are moving away from the earth.
the speed of the stars is increasing.
the speed of the stars is decreasing.

334. A screeching bat, emitting sounds with a frequency of 60
kHz, is moving at a speed of 10 m/s toward a stationary
observer. What is the apparent frequency of the sound
waves detected by the observer? (Note: The speed of
sound in air = 340 m/s.)
A.
B.
C.
D.

58.3 kHz
60.0 kHz
61.8 kHz
78.0 kHz

335. If the intensity of a sound wave is decreased by a factor
of ten, by how much will the sound level of the wave
decrease?
A.
B.
C.
D.

0.1 dB
1.0 dB
10.0 dB
100.0 dB

336. Sound travels at speed v through Material #1 with bulk
modulus B and density ρ. Find the speed of sound
through a material with twice the bulk modulus and eight
times the density of Material #1 given that v = B / ρ .
A.
B.
C.
D.

v/4
v/2
2v
4v

337. Approximate the wavelength (in air) of the highestfrequency sound wave audible by a human (20,000 Hz),
given that the speed of sound through air is approximately
340 m/s.
A.
B.
C.
D.

1.7 mm
6.8 mm
1.7 cm
6.8 cm

338. A sound wave with frequency f travels through air
at speed v. With what speed will a sound wave with
frequency 4f travel through air?
A.
B.
C.
D.

v/4
v
2v
4v

339. A device that generates sound tones can be controlled
by a dial that, when turned clockwise, will cause the
frequency of the tone produced to increase. Which one
of the following describes the effect of turning the dial in
this way?
A.
B.
C.
D.

The wavelength decreases.
The wavelength increases.
The wave speed decreases.
The wave speed increases.
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340. The intensity I of a sound wave is given by the equation

I=
		

(∆Pmax )2 ,
2ρv

where ∆Pmax is the amplitude of the pressure variations,
ρ is the density of the transmitting medium, and v is
the speed of sound. Two sound waves travel in the
same medium, with Wave #1 having twice the pressure
amplitude of Wave #2. Wave #1 has how many times the
intensity of Wave #2?
A.
B.
C.
D.

2
2/ρ
4
4/ρ

341. A bat emits a high-frequency “chirp” of duration 1
millisecond. How long after the emission does the bat
receive the echo from a wall 5 meters away if the speed of
sound is 340 m/s?
A.
B.
C.
D.

0.015 sec
0.03 sec
0.15 sec
0.3 sec

342. The intensity of a wave is defined to be the average power
delivered per unit area: I = P/A. A source of sound emits
tones whose wave fronts are spherical. If the surface area
of a sphere with radius r is given by A = 4 πr2, how does
the intensity I′ at a distance of 6 meters from the source
compare to the intensity I at 3 meters from the source?
A.
B.
C.
D.

I = 4I′
I = 9I′
I′ = 4I
I′ = 9I

343. Calculate the frequency of a 40-dB A-note given that its
wavelength in air is 0.77 m. (The speed of sound through
air is approximately 340 m/s.)
A.
B.
C.
D.
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262 Hz
352 Hz
440 Hz
528 Hz
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344. When two tuning forks are struck simultaneously, beats
are heard every 250 ms. If one of these tuning forks
produces a 498-Hz sound wave, what could be the
frequency of the sound wave produced by the other tuning
fork?
A.
B.
C.
D.

496 Hz
500 Hz
502 Hz
504 Hz

345. A 2-meter-long organ pipe, closed at one end, is
resonating at its fifth harmonic. How many times greater
is this resonant frequency than the fundamental resonant
frequency? (The speed of sound through the air in the
pipe is 340 m/s.)
A.
B.
C.
D.

1.25
2.5
5.0
10.0

346. A 1.5-meter-long organ pipe, closed at one end, is
resonating at its third harmonic, with resonant wavelength
λ3. How does this resonant wavelength compare to the
fundamental resonant wavelength, λ1? (Note: Harmonic
wavelengths λ occur when L = nλ/4, where L is the length
of the pipe and n = 1, 3, 5, ....)
A.

λ 3 = 13 λ1

B.

λ 3 = 32 λ1

C.

λ 3 = 43 λ1

D.

λ 3 = 3λ1

347. A person blowing a whistle is running toward another
person who is standing still. As the runner approaches
(at constant velocity), the stationary listener will hear a
sound that:
A.
B.
C.
D.

continuously decreases in pitch and intensity.
has a fixed pitch but increases in intensity.
has a fixed pitch but decreases in intensity.
continuously increases in pitch and intensity.

Physics

348. A sound wave travels through a metal rod with
wavelength λ and frequency f. When this sound wave
passes into the air, the wave will then have a wavelength:
A.
B.
C.
D.

shorter than λ and frequency lower than f.
shorter than λ and frequency equal to f.
longer than λ and frequency higher than f.
longer than λ and frequency equal to f.

349. Two air-filled organ pipes, each closed at one end, have
different lengths. Compared to the shorter pipe, the longer
pipe will resonate at a:

352. At a certain distance from a source of music, the sound
level is 50 dB. If the power of the source is doubled,
what will be the new sound level at the same location?
Note: The decibel level β of a sound wave is related to
the intensity I of the wave, i.e., the power delivered per
square meter, by the equation

β = 10log(I/I0), where I0 = 10–12 W/m2
A.
B.
C.
D.

53 dB
70 dB
90 dB
100 dB

A.

lower fundamental frequency and a shorter
fundamental wavelength.
B. lower fundamental frequency but a longer
fundamental wavelength.
C. higher fundamental frequency but a shorter
fundamental wavelength.
D. higher fundamental frequency and a longer
fundamental wavelength.

350. The sound level of a shout is 80 dB and that of a whisper
is 20 dB. Calculate how many times greater is the
intensity of the shout than the whisper, given that the
decibel level β of a sound wave is related to the intensity I
of the wave by the equation

β = 10log(I/I0), where I0 = 10–12 W/m2
A.
B.
C.
D.

Sixty
Sixty thousand
One million
Sixty million

351. If the intensity of a sound is increased by a factor of 5,
by how much does the sound level increase? Note: The
decibel level β of a sound wave is related to the intensity I
of the wave by the equation

β = 10log(I/I0), where I0 = 10–12 W/m2
A.
B.
C.
D.

5 dB
7 dB
50 dB
70 dB

353. The first harmonic for an organ pipe open at both ends is
50 Hz. How long is the pipe? (Use 340 m/s for the speed
of sound.)
A.
B.
C.
D.

0.43 m
0.85 m
1.7 m
3.4 m

354. The first harmonic for an organ pipe closed at one end is
50 Hz. How long is the pipe? (Use 340 m/s for the speed
of sound.)
A.
B.
C.
D.

0.43 m
0.85 m
1.7 m
3.4 m

355. Consecutive harmonic wavelengths in an organ pipe
open at both ends occur at 2 meters and 2.5 meters. How
long is the pipe? (Note: Harmonic wavelengths λ occur
when L = nλ/2, where L is the length of the pipe and
n = 1, 2, ....)
A.
B.
C.
D.

4m
5m
8m
10 m
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356. Consecutive harmonic wavelengths in an organ pipe
closed at one end occur at 5 meters and 7 meters. How
long is the pipe? (Note: Harmonic wavelengths λ occur
when L = nλ/4, where L is the length of the pipe and n = 1,
3, 5, ....)
A.
B.
C.
D.

35/8 m
35/4 m
35/2 m
35 m

357. A sound wave traveling at 340 m/s has a wavelength of 4
cm. Find its frequency.
A.
B.
C.
D.

850 Hz
1360 Hz
8500 Hz
13,600 Hz

358. Find the wavelength of the third harmonic standing wave
in a 1.5-meter-long organ pipe open at both ends.
A.
B.
C.
D.

0.6 m
1.0 m
1.2 m
2.0 m

359. In a 2-meter-long pipe open at both ends, how many
times greater is the third harmonic frequency than the
fundamental frequency? (Note: Harmonic wavelengths
λ occur when L = nλ/2, where L is the length of the pipe
and n = 1, 2, ....)
A.
B.
C.
D.

1.5
2
3
6

360. In a 6-meter-long pipe closed at one end, let λ denote
the wavelength of the fundamental standing wave, and
let λ′ denote the wavelength of the standing wave with
the third-lowest frequency. Which one of the following
is true? (Note: Harmonic wavelengths λ occur when L =
nλ/4, where L is the length of the pipe and n = 1, 3, 5, ....)
A.
B.
C.
D.
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λ = 3λ′
λ = 5λ′
λ′ = 3λ
λ′ = 5λ
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361. If the speed of sound is 340 m/s, then any two consecutive
harmonic frequencies in a 6.8-meter-long organ pipe
open at both ends will differ by how many hertz? (Note:
Harmonic wavelengths λ occur when L = nλ/2, where L is
the length of the pipe and n = 1, 2, ....)
A.
B.
C.
D.

25
50
75
100

362. A violin string, known to be too taut, is being tuned with a
tuning fork that is producing an accurate pitch of E (equal
to 330 Hz). When the string and the fork are sounded
together, beats of frequency 3 Hz are heard. What is the
period of vibration of the violin string?
A.
B.
C.
D.

1/333 sec
1/327 sec
π/333 sec
π/327 sec

363. With a total of four tuning forks available, what is the
greatest number of DIFFERENT beat frequencies that can
be heard by striking the forks one pair at a time?
A.
B.
C.
D.

3
4
6
8

364. Three tones (X, Y, and Z) are played two at a time.
When Tones X and Y or when Tones Y and Z are played
together, beats of frequency 4 Hz are heard in either case.
What will be the beat frequency (in Hz) when Tones X
and Z are played together?
A.
B.
C.
D.

0 or 4
0 or 8
4 or 8
0, 4, or 8

Physics

365. A sound wave produced by a vehicle moving toward a
wall is reflected off the wall and deflected back at the
vehicle. The difference in frequency due to the Doppler
effect is approximately
∆f =
		

2 vf ,
V

where f is the original frequency, v is the speed of the
vehicle, and V is the speed of sound. If the original
frequency and wavelength of the sound are, respectively,
f = 3500 Hz and λ = 0.1 meter, and if ∆ f = 200 Hz, what
is the vehicle speed v?
A.
B.
C.
D.

10 m/s
20 m/s
35 m/s
70 m/s

366. A stationary observer watching a train approach notices
that, as the train passes by, the pitch of its whistle changes
by one octave (that is, the perceived frequency decreases
by a factor of 2) as the train recedes. If v is the speed of
sound, what was the speed of the train?
A.
B.
C.
D.

v/5
v/4
v/3
v/2

367. A sound wave of frequency f is emitted from a stationary
source and detected by a receiver moving toward the
source at speed w; let f ′ be the frequency detected. In
a separate trial, the source emits a wave of the same
frequency f while moving with speed w toward the
stationary receiver; let f ″ be the frequency so detected. If
w is half the speed of sound, then:
A.
B.
C.
D.

f ′ < f ″.
f ′ = f ″.
f ′ > f ″.
the relationship between f ′ and f ″ can be any of the
above depending on the specific value of f.

368. A source creates sound waves of wavelength 0.68 m
which travel away from the source at a speed of 340 m/s.
At any fixed location near the source, what is the time
interval between successive pressure compressions due to
the passing wave?
A.
B.
C.
D.

0.5 ms
1.0 ms
2.0 ms
4.0 ms

369. Find the period of an acoustical wave traveling through
the air at 340 m/s with a frequency of 200 Hz.
A.
B.
C.
D.

0.003 sec
0.005 sec
0.017 sec
0.068 sec

370. A source of sound waves (of wavelength λ) is traveling at
1/8 the speed of sound toward a stationary listener. If the
wavelength of the sound detected is λ′, then which of the
following is true?
A.

λ ′ = 87 λ

B.

λ ′ = 89 λ

C.

λ ′ = 89 λ

D.

λ ′ = 87 λ

371. An airplane is traveling at constant speed in a circular
path of radius 400 m parallel to the ground whose center
is 300 m above an air traffic control tower. Its engine is
the source of audible sound waves of a fixed frequency.
To a stationary listener on the tower, how would the
detected frequency of the engine differ from the actual
source frequency while the plane circled above her?
A.

The detected frequency would be higher than the
source frequency during one quarter of the orbit,
lower during the next quarter, higher during the third,
lower during the fourth quarter, and so on.
B. The detected frequency would be higher than the
source frequency during half the orbit, lower during
the next half, and so on.
C. The detected frequency would be higher than the
source frequency during one orbit, lower during the
next orbit, and so on.
D. The detected frequency would remain constant and
equal to the source frequency.
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372.

S1
1.5 meters
P
1.5 meters
S2

		
		

4 meters

Q

375. At a particular position from a fixed source of sound
waves, the intensity of sound Wave #1 is I1 = 2.4 × 10–8
W/m2, and the intensity of a different sound wave (Wave
#2) is I2 = 2.4 ×10–5 W/m2. If the sound level of Wave #1
is β1 decibels, and that of Wave #2 is β2 decibels, what’s
β2 – β1? (Note: The decibel level β of a sound wave is
related to the intensity I of the wave by the equation

Two speakers, S1 and S2, are driven by the same amplifier
and emit sound waves of fixed wavelength (λ = 2 m),
radiating equally in all directions. How would AP, the
amplitude of the resultant wave at Point P, compare to AQ,
the amplitude at Point Q?
A.
B.
C.
D.

AP < AQ
AP = AQ
AP > AQ
The amplitudes at P and Q vary with time, so no
single comparison can be made.

373. How far could a wave front of an acoustical wave
travel in 0.5 second if its frequency is 700 Hz and its
wavelength is 0.5 m?
A.
B.
C.
D.

175 m
350 m
700 m
1400 m

β = 10log(I/I0), where I0 = 10–12 W/m2
A.
B.
C.
D.

–30
–10
10
30

376. The Doppler effect is also experienced by light waves, but
the equation that gives the detected frequency f ′ is
 v 
f ′ = 1 ± s  f

c
		

where f is the source frequency, vS is the speed of the
source (relative to the observer), and c is the speed
of light. Which one of the following equations gives
the detected wavelength, λ′, in terms of the emitted
wavelength, λ?

A.

 v 
λ ′ = 1 ± s  λ

c

B.

 v 1
λ ′ = 1 ± s 

cλ

What is the value of the wavelength in Trial #2?

C.

λ′ =

A.
B.
C.
D.

D.

λ′ =

374. Sound waves are sent through a certain material in two
separate trials. Some of the results are given below:
frequency (Hz)
Trial #1 100

wavelength (m)
20

Trial #2 400
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5m
40 m
80 m
It cannot be determined from the information given.
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(for v s << c )

λ
v
1± s
c
λ
c ± vs

Physics

377. If a distant galaxy is moving away from the Earth at 6800
km/sec, how will the frequency and wavelength of the
visible light detected on earth compare to the frequency
and wavelength of the light emitted by the galaxy?
A.

The detected frequency will be higher, and the
wavelengths will be shifted toward the blue end of
the visible spectrum.
B. The detected frequency will be higher, and the
wavelengths will be shifted toward the red end of the
visible spectrum.
C. The detected frequency will be lower, and the
wavelengths will be shifted toward the blue end of
the visible spectrum.
D. The detected frequency will be lower, and the
wavelengths will be shifted toward the red end of the
visible spectrum.

378. The speed of sound in air, v (in m/s), varies with the air
temperature, T (in °C), according to the equation
v = 322 1 +
		

T
273

A tuning fork emits a 440-Hz tone. How will the sound
wave change as it travels into a warmer region of air?
A.

The frequency of the transmitted wave will be lower,
but the wavelength will be greater.
B. The frequency of the transmitted wave will remain
the same, but the wavelength will be greater.
C. The frequency of the transmitted wave will remain
the same, but the wavelength will be shorter.
D. The frequency of the transmitted wave will be higher,
but the wavelength will be shorter.

379. How long does it take for a light wave to travel 1 km
through a body of water with a refractive index of 1.33?
A.
B.
C.
D.

2.3 × 10–12 sec
2.3 × 10–9 sec
4.4 × 10–9 sec
4.4 × 10–6 sec

380. Which of the following is true of the properties of a light
wave that is traveling in vacuum?
A.
B.
C.
D.

Increased frequency results in increased wavelength.
Increased frequency results in decreased wavelength.
Increased frequency results in increased speed.
Increased frequency results in decreased speed.

381. Which of the following is true of the properties of a light
wave as it moves from a medium of lower refractive
index to a medium of higher refractive index?
A.
B.
C.
D.

Frequency will increase.
Frequency will decrease.
Speed will increase.
Speed will decrease.

382. A light wave is passing from a medium of lower refractive
index to a medium of higher refractive index. Some of
the incident light is refracted, and some is reflected. The
angle of refraction will be:
A.
B.
C.

greater than the angles of incidence and reflection.
less than the angles of incidence and reflection.
greater than the angle of incidence and less than the
angle of reflection.
D. less than the angle of incidence and greater than the
angle of reflection.

383. A light ray in air strikes a medium whose index of
refraction is 1.5. If the angle of incidence is 60°, which
one of the following expressions gives the angle of
refraction?
A.
B.
C.
D.

sin–1(0.67 sin 30°)
sin–1(1.5 sin 30°)
sin–1(0.67 sin 60°)
sin–1(1.5 sin 60°)

384. A mirror forms an image of an object. If the image’s
distance from the mirror is 5 times greater than
the object’s distance from the mirror, what is the
magnification?
A.
B.
C.
D.

1/10
1/5
5
10

385. At what distance from a concave spherical mirror of focal
length 100 cm must a man stand in order to see an upright
image of himself that is twice his actual height?
A.
B.
C.
D.

20 cm
50 cm
100 cm
200 cm
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386. The image of an object placed outside the focal point of a
concave mirror will be:
A.
B.
C.
D.

A.
B.
C.
D.

real and inverted.
real and upright.
virtual and inverted.
virtual and upright.

387. The image of an object placed in front of a convex mirror
will be:
A.
B.
C.
D.

real and inverted.
real and upright.
virtual and inverted.
virtual and upright.

larger than the object.
smaller than the object.
the same as the object.
unrelated to the image distance.

389. An image formed by a converging lens is 8 cm tall and
located 40 cm from the lens. If the object is located 20 cm
from the lens, what is its height?
Lens

40 cm

Image
A.
B.
C.
D.

8 cm

2 cm
4 cm
8 cm
16 cm

390. If the image produced by a lens appears very close to its
focal point, then the object must be very:
A.
B.
C.
D.
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close to the lens.
close to the focal point.
close to the center of curvature of the lens.
far from the lens.
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It is upright.
It is inverted.
It is smaller than the object.
It is larger than the object.

392. An object is placed at a great distance from a converging
lens and gradually moved toward the focal point of the
lens. The image will move:
A.
B.
C.
D.

388. If an image appears at the same distance from a mirror as
the object, the size of the image will be:
A.
B.
C.
D.

391. A lens forms a virtual image of an object. Which of the
following must be true of the image?

toward the lens and decrease in size.
toward the lens and increase in size.
away from the lens and decrease in size.
away from the lens and increase in size.

393. When two converging lenses of equal focal lengths
are used together, the effective focal length of the
combination is less than the focal length of either
individual lens. The power of the lens combination will
be:
A.
B.
C.
D.

greater than the power of either individual lens.
less than the power of either individual lens.
the same as the power of either individual lens.
None of the above

394. An object is placed at a distance of 0.5 m from a
converging lens with a power of 12 diopters. At what
distance from the lens will the image appear?
A.
B.
C.
D.

0.1 m
0.5 m
0.6 m
1.2 m

395. A beam of light incident in glass of refractive index 3/2
passes into water with refractive index 4/3. If θ 1 is the
angle of incidence, and θ 2 is the angle of refraction, what
is the value of (sin θ 1 )/(sin θ 2 )?
A.
B.
C.
D.

1/2
8/9
9/8
2

Physics

396. A ray of light in air strikes the surface of a piece of glass;
the angle of incidence is 60°. If the reflected ray and the
refracted ray are perpendicular to each other, what must
be the index of refraction of the glass?
A.
B.

2 3/3

A

B

3

C.

3 3/2

D.

2 3

C

397. A light ray incident in a piece of polystyrene (whose
index of refraction n = 1.55), strikes the polystyrene–air
boundary. At what angles of incidence θ between 0° and
90° will the ray be totally internally reflected?

A.
B.
C.
D.

400. A piece of transparent plastic shaped in a 45°–45°–90°
triangle experiences total internal reflection when an
incident beam of light strikes surface AC perpendicularly.
What can you say about the refractive index n of this
piece of plastic, which is surrounded by air?

θ < sin–1 (1/n)
θ > sin–1 (1/n)
θ < sin–1 n
θ > sin–1 n

A.

1/ 2 < n <1

B.

1/ 2 < n < 2

C.

1< n < 2

D.

n> 2

401. A monochromatic beam of light in air strikes an
equilateral glass prism parallel to its base. If it is refracted
into the prism and does not experience total internal
reflection at the other glass–air boundary, what can you
conclude about the beam leaving the prism?

398. An incident ray (in air) makes an angle of 30° with
the surface of a medium whose index of refraction is
3. Find the angle that the refracted ray makes with the
surface.
A.



sin −1  1
 2 3 

B.

30°

C.



90° − sin −1  1
 2 3 

base
A.
B.
C.
D.

It will be directed upward, away from the base.
It will be directed downward, toward the base.
It will be parallel to the base.
No conclusion can be made without knowing the
exact value of the refractive index of the glass.

D. 60°
399. Let n1 be the index of refraction of the incident medium,
and let n2 be the index of refraction of the refracting
medium. If the angle that the refracted ray makes with the
boundary is less than the angle that the incident ray makes
with the boundary, then which of the following must be
true?
A.
B.
C.
D.

n1 < 1
n2 < 1
n1 < n2
n1 > n2

© The Princeton Review, Inc.

|

49

MCAT Science Workbook

402. Consider a piece of glass (in between the two heavy lines
in each diagram) that is struck by a beam of light from
the air (and which enters the air after leaving the glass).
Which one of the following diagrams best represents the
resulting path of the beam? (Note: In each diagram, the
dashed lines are normal to the parallel glass surfaces.)
A.

403. The walls of a container are formed by two perpendicular
mirrors. The container is filled with a liquid whose index
of refraction is greater than 2. A beam of light falls onto
the surface of the liquid, perpendicular to it. Which one
of the rays A, B, or C best illustrates the resulting ray that
emerges from the liquid?

glass

A

B
C

air
liquid
mirror 1

B.

glass

A.
B.
C.
D.

mirror 2

A
B
C
None of these; the beam experiences total internal
reflection after it travels upward through the liquid.

404. An object is placed along the axis of a concave mirror
halfway between its focus and vertex. What is the
magnification?
C.

D.

glass

A.
B.
C.
D.

1/2
1
2
3

405. An object is placed along the axis of a concave mirror
halfway between its focus and center of curvature. In
terms of the focal length f, how far from the mirror is the
image?
glass

A.
B.
C.
D.

2 f /3
3 f /2
2f
3f

406. At which one of the following positions along the axis
of a concave mirror would an object produce a virtual
image? (Note: o is the object distance, and f is the focal
length.)
A.
B.
C.
D.
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o<f
f < o < 3 f /2
3 f /2 < o < 2 f
o>2f

Physics

407. In order to use a concave mirror to create an upright
image that is 4 times larger than the object, at what
distance from the mirror should the object be placed (in
terms of focal length f  )?
A.
B.
C.
D.

f /4
f /2
3 f /4
5 f /4

408. An object is placed at the center of curvature of a concave
mirror; describe the image.
A.
B.
C.
D.

Virtual and upright
Virtual and inverted
Real and upright
Real and inverted

409. An object is placed 10 cm from a concave mirror; the
image is virtual and three times the size of the object.
What is the focal length of the mirror?
A.
B.
C.
D.

7.5 cm
15 cm
20 cm
30 cm

410. An object is placed at distance f from a convex mirror,
where f is the magnitude of the mirror’s focal length. How
far from the mirror is the image?
A.
B.
C.
D.

f /2
f
2f
The image distance is infinity.

411. In terms of the focal length magnitude f, at what distances
d from a convex mirror will an object produce a real
image?
A.
B.
C.
D.

0<d<f
f<d<2f
d>2f
Convex mirrors cannot form real images.

412. What will be the magnification factor for a convex mirror
producing an image of an object placed at a distance of 10
cm from the mirror if the focal length is –20 cm?
A.
B.
C.
D.

1/3
2/3
1
3/2

413. In order to produce an image at the center of curvature of
a convex mirror of focal length –3 cm, an object must be
placed at what distance from the mirror?
A.
B.
C.
D.

2 cm
3 cm
6 cm
A convex mirror cannot produce an image at its
center of curvature.

414. A convex mirror with radius –24 cm produces an image
that is half the size of the object. At what distance is the
object from the mirror?
A.
B.
C.
D.

4 cm
6 cm
12 cm
36 cm

415. An object is placed at a distance of 40 cm from a
converging lens with a focal of length 20 cm. Which one
of the following best describes the image?
A.
B.
C.
D.

Real and upright
Real and inverted
Virtual and upright
Virtual and inverted

416. A convex lens with power 4 D is used to create a real
image that is twice the size of the object. Calculate the
image’s distance from the mirror.
A.
B.
C.
D.

6 cm
12 cm
37.5 cm
75 cm
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417. To use a converging lens to produce an image that appears
at the same position as the object, at what distance from
the lens should the object be placed? (Note: f denotes the
focal length of the lens.)
A.
B.
C.
D.

f /2
f
2f
A converging lens cannot produce an image at the
object’s position.

418. If an object is placed just inside the focus of a convex lens,
describe the image produced.
A.
B.
C.
D.

Virtual and enlarged
Virtual and diminished
Real and enlarged
Real and diminished

419. As an object is moved from a great distance toward a
converging lens, then the image will move:
A.
B.
C.
D.

away from the lens, toward the focus.
away from the focus, toward the lens.
toward the focus and toward the lens.
away from the focus and away from the lens.

420. Let –f be the focal length of a diverging lens. At what
distance d from the lens should an object be placed to
create a real image between the lens and the focal point?
A.
B.
C.
D.

0 < d < f /2
f /2 < d < f
f<d<2f
None of the above.

421. When an object is placed 10 cm from a converging lens,
the real image formed is twice the size of the object. What
is the power of this lens?
A.
B.
C.
D.
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6.7 D
10 D
15 D
20 D

© The Princeton Review, Inc.

422. An object of height 3 m is placed 2 m in front of a
diverging lens with focal length –4 m. Describe the image
that is formed.
A.
B.
C.
D.

Real, with a height of 2 m
Virtual, with a height of 2 m
Real, with a height of 6 m
Virtual, with a height of 6 m

423. A concave lens produces a virtual upright image 10 cm
from the lens that is one-half the size of the object. What
is the power of this lens?
A.
B.
C.
D.

–5 D
–10 D
–15 D
–20 D

424. In terms of the focal length –f of a diverging lens, where
should a real object be placed to produce a real image?
A.
B.
C.
D.

0 < d < f /2
f /2 < d < f
f < d < 2f
None of the above

425. Two converging lens are placed in contact. If one has a
focal length of 10 cm, and the other has a focal length of
20 cm, what is the power of the combination?
A.
B.
C.
D.

10 D
15 D
20 D
30 D

Physics

Passage 1 (Questions 1-7)

3.

A.
B.
C.
D.

A vector is a quantity that incorporates both magnitude and
direction. A vector can be pictured as an arrow whose orientation
indicates direction and whose length indicates magnitude. A
scalar quantity possesses magnitude only.
Vectors can be added (or subtracted) using the “tip-to-tail”
method and resolved into components using trigonometry.

What is the magnitude of the x-component of Vector P?

4.

What is the magnitude of the y-component of Vector P?
A.
B.
C.
D.

Figure 1 shows three vectors plotted on a pair of x-y
coordinate axes. Vectors P and R each have a magnitude of 20 m,
and Q has a magnitude of 40 m.

6m
10 m
17 m
20 m

6m
10 m
17 m
20 m

y
5.

Q

P
45°

30°
30°

x

Which of the following vectors best illustrates the
direction of the vector –R?
A.

B.

C.

D.

R
6.

Which of the following vectors best illustrates the
direction of the vector P + R?
A.

B.

C.

D.

Figure 1
1.

What are the horizontal and vertical components,
respectively, of Vector P?
A.
B.
C.
D.

2.

20 sin 30° and 20 cos 30°
20 sin 30° and 20 tan 30°
20 cos 30° and 20 tan 30°
20 cos 30° and 20 sin 30°

Which one of the following is NOT a vector quantity?
A.
B.
C.
D.

7.

Which of the following vectors best illustrates the
direction of the vector Q – P?
A.

B.

C.

D.

Velocity
Displacement
Speed
Acceleration
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Passage 2 (Questions 1-7)

4.

A car travels in a straight line for 30 seconds. The graph
below represents the car’s velocity as a function of time.

A.
B.
C.
D.

v (m/sec)

10

5.

t (sec)
5

10

15

20

25

30

Figure 1

6.

Since acceleration is defined as change in velocity per
interval of time, acceleration at any time equals the slope of the
velocity graph at that time. Similarly, since distance traveled is
directly proportional to time and speed, the distance the car has
traveled at any time equals the area under the velocity graph up
to that time. For the first 10 seconds the car traveled at a fixed
speed. The slope of the graph in that section is, as expected, zero.
Also, the area under the graph between t = 0 and t = 10 sec is 50
m, the expected value.

5.0 m/sec
7.5 m/sec
10.0 m/sec
12.5 m/sec

At time t = 25 sec, the car:
A.
B.
C.
D.

5

0

What is the car’s average speed between times t = 10 sec
and t = 15 sec?

slowed down and changed direction.
slowed down but did not change direction.
sped up and changed direction.
sped up but did not change direction.

Which of the graphs best represents the car’s acceleration,
a, between times t = 0 and t = 30 sec?
A.

B.
a

a
t

t

D.

C.

a

a
1.

How far does the car travel between times t = 0 and
t = 10 sec?
A.
B.
C.
D.

2.

What is the car’s acceleration between times t = 10 sec
and t = 15 sec?
A.
B.
C.
D.

3.

|

0.67 m/sec2
1.0 m/sec2
1.5 m/sec2
25.0 m/sec2

How far does the car travel between times t = 10 sec and
t = 15 sec?
A.
B.
C.
D.
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2m
5m
25 m
50 m

12.5 m
25.0 m
37.5 m
50.0 m
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t

t

7.

Which one of the following graphs best represents the
distance traveled by the car as a function of time?
A.

B.
d

d

t
C.

t
D.

d

d

t

t

Physics

Passage 3 (Questions 1-12)

1.

A car of mass 1000 kg is tested on a straight, flat track. The
graph below illustrates the results of the test. The speed (v) of
the car in miles per hour (mph) is plotted against the time (t) in
seconds. The graph has been divided into three time periods: I
(from t = 0 to t = 6 sec), II (from t = 6 to t = 10 sec), and III (from
t = 10 to t = 12 sec). The graph supplies enough information so
that the average and instantaneous velocities and accelerations
can be calculated for any time period or instant in time. In
addition, the distance traveled by the car can be calculated for
any time period (∆t) in which the acceleration is constant by
using the equation

A.
B.
C.
D.
2.

v (in miles per hour)

Some of the important forces on the car are the propulsive
force provided by the engine (through the force of static friction),
the retarding force provided by the brakes (when engaged), and
the retarding force due to air resistance. The drag force, resulting
from the fact that the car is immersed in a fluid (the air), depends
on the density, temperature, and composition of the fluid as well
as the shape and velocity of the moving object. The magnitude
of the force due to air resistance is approximately proportional
to the velocity of the object: Fr ≈ bv where the proportionality
constant b > 0 is determined by a combination of the factors
discussed above. As fuel economy becomes more important, cars
are being designed with shapes that minimize the air resistance
proportionality constant b. Finally, it is worthwhile to note that
driving with windows closed lowers the value of the constant b,
thereby improving gas mileage.

3.

The area of the shaded region in the graph represents:
the total distance traveled by the car.
the total change in momentum of the car.
the average velocity of the car between times t = 0
and t = 12 sec.
D. the average acceleration of the car between times
t = 0 and t = 12 sec.

I

III
6.

0

greatest during time period I.
greatest during time period II.
greatest during time period III.
the same during all three time periods.

A.
B.
C.

II

60

I
II
III
Cannot be determined from the information given

The magnitude of the net force exerted on the car is:
A.
B.
C.
D.

5.

I and III only
II only
I, II, and III
The acceleration is not constant during any of the
three time periods.

During which time period does the car travel the farthest?
A.
B.
C.
D.

4.

0 mph/sec
10 mph/sec
20 mph/sec
30 mph/sec

During which of the three time periods is the value of the
acceleration constant?
A.
B.
C.
D.

x − x 0 = v0 ∆t + 12 a( ∆t )2 ,
where x0 and x are the initial and final positions, respectively, v0
is the initial velocity, and a is the acceleration.

What is the average acceleration during time period I?

6

10
t (in seconds)

12

What is the net force on the car during period II?
A.
B.
C.
D.

0N
4.4 × 103 N
8.9 × 103 N
1.3 × 104 N
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7.

The average speed of the car during time period III is:
A.
B.
C.
D.

8.

0 mph.
10 mph.
20 mph.
30 mph.

Questions 10 through 12 refer to the following position
vs. time (x vs. t) graphs:
A.
x

If the frictional force on the car due to air resistance, Fr, is
directly proportional to the speed of the car, then which
one of the following statements must be true during
period I?

9.

C.

11.

© The Princeton Review, Inc.

Graph A
Graph B
Graph C
Graph D

Which one of the graphs above best illustrates the shape
of that portion of the car’s position vs. time graph for the
interval between t1 = 10 sec and t2 = 12 sec (that is, during
period III)?
A.
B.
C.
D.

|

Graph A
Graph B
Graph C
Graph D

Which one of the graphs above best illustrates the shape
of that portion of the car’s position vs. time graph for the
interval between t1 = 6 sec and t2 = 10 sec (that is, during
period II)?
A.
B.
C.
D.

12.

t

Which one of the graphs above best illustrates the shape
of that portion of the car’s position vs. time graph for the
interval between t1 = 0 sec and t2 = 6 sec (that is, during
period I)?
A.
B.
C.
D.

A.
B.
C.

56

x

t

10.

t
D.

x

Suppose that at t = 8 sec, the previously closed windows
suddenly shatter, thereby causing the proportionality
constant b to increase. Which of the following best
describes the subsequent behavior of the car?
Its speed begins to increase due to the change in Fr.
Its speed begins to decrease due to the change in Fr.
The momentum of the car compensates for the
change in Fr so the speed remains constant.
D. The speed remains temporarily constant but then
begins to decrease as the air resistance dissipates.

x

t

A.

The force provided by the engine was increasing
with time.
B. The force provided by the engine was kept equal to
Fr.
C. The force provided by the engine remained constant.
D. The same acceleration would have been achieved
regardless of the force provided by the engine.

B.

Graph A
Graph B
Graph C
Graph D

Physics

Passage 4 (Questions 1-7)
A woman of mass m = 100 kg is standing on the edge of
a rotating platform of radius r = 10 m and mass M = 1000 kg.
The period of rotation of the platform is set so that the woman
moves with a constant speed of v = 5 m/s. The coefficient of
static friction, µ, between the soles of the woman’s shoes and
the platform is equal to 0.1. A rope of negligible mass connects
the woman to the center of the platform. This situation can be
discussed in terms of (i) centripetal forces, (ii) pseudo-forces
(sometimes called centrifugal forces), or (iii) angular momentum.
(i) In order to cause the woman standing 10 m from the center
of the platform to move in a circle, a centripetal force is needed,
of magnitude Fc = mv2/r directed toward the center. In the
above example, Fc is provided by the tension in the rope and the
frictional force. In terms of the rotation period T, the centripetal
force on the woman is

1.

What is the tension in the rope?
A.
B.
C.
D.

2.

Approximate T, the period of rotation of the platform.
A.
B.
C.
D.

3.

Fc = 4π2mr/T  2

4.

(iii) The magnitude of the angular momentum of the woman
is LW = mr2ω, where ω is the angular velocity of the platform
(and the woman) and r is the distance of the woman from the
center. For the platform, LP = Iω, where I = Mr2/2 is the rotational
inertia of the platform. In the absence of external torques, total
angular momentum is a conserved quantity. This means that the
sum LW + LP is a constant as long as the platform rotates freely
without friction. Under these conditions, the sum will not change
even if the woman changes her distance from the center.

5.

6 sec
12 sec
24 sec
36 sec

Suppose the platform is covered with grease, thereby
reducing µ to zero. Then the rope is cut. What is the
direction of the woman’s subsequent motion?
A.
B.
C.
D.

(ii) A pseudo-force is a nonexistent force that is experienced
by observers in accelerated reference frames. The accelerated
observer accounts for her lack of motion relative to her reference
frame by inventing a force that cancels out the real forces. The
woman on the rotating platform feels real forces of tension and
friction directed toward the center. However, she is at rest relative
to the platform despite these forces. She therefore experiences a
pseudo-force opposite to the real forces. From her point of view,
the pseudo-force and the real force cancel, and this allows her to
be “at rest” in her frame of reference.

50 N
100 N
150 N
250 N

Radially inward
Radially outward
Inward but not along a radius
Tangent to the platform

Suppose the platform rotates freely without friction so
that angular momentum is conserved. If the woman
moves in toward the center, what happens to the period of
rotation of the platform?
A.
B.
C.
D.

It increases.
It decreases.
It remains the same.
It first decreases then increases.

When the woman is standing on the edge of the rotating
platform, her (real) acceleration is:
A.
B.
C.
D.

directed radially inward.
directed radially outward.
tangent to the platform.
zero.
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6.

What is the direction of the net pseudo-force felt by the
woman?
A.
B.
C.
D.

7.

Radially inward
Radially outward
Tangent to the platform
Perpendicular to the surface of the platform

Suppose the platform is driven by a motor so that it
always rotates with constant period T. The rope is
shortened to 5 meters in length, the woman moves to
a point 5 meters from the center and grasps the rope.
Compared to the original tension, the new tension is:
A.
B.
C.
D.

greater.
smaller.
the same.
equal in magnitude but opposite in direction.

Passage 5 (Questions 1-6)
For an ideal elastic collision between two objects, the sum
of their linear momenta, p1 + p2, has the same value after the
collision as before. The total kinetic energy of the system is
also unchanged, that is, none of the system’s kinetic energy is
converted into other energy forms.
The principal condition necessary for a collision to be
perfectly elastic is the absence of friction. At atomic and
subatomic levels this condition usually exists, and atoms and
nuclear particles often undergo ideal elastic collisions. The
condition necessary for a perfectly elastic collision is not
achievable for macroscopic bodies situated on the earth. All such
bodies produce collisions that are, to some extent, inelastic, in
which the kinetic energy of each body is therefore converted into
other forms of energy.
In order to simulate motion and contact that is free of friction,
researchers conduct experiments with miniature carriages that
slide along a track and which are supported by air streams
projecting from the track’s surface. The air streams allow the
carriages to slide almost free of friction.
Researchers conduct an experiment involving the collision of
two miniature carriages situated on an air track. Attached to each
carriage at the front and back ends are light springs that undergo
compression and extension and obey Hooke’s law. One carriage
has a mass of 1 kg and the other a mass of 2 kg. With the air
streams turned off, the coefficient of kinetic friction between
each carriage and the surface of the track is 0.4. When the air
streams are activated, the coefficient of kinetic friction drops to
less than 0.01, so frictional effects can be ignored. The carriages
are made to slide toward each other, and immediately prior to
the collision, the lighter carriage has a speed of 4 m/s,
and the heavier carriage has a speed of 2 m/s.

1.

Just before the collision, what is the total kinetic energy of
the system?
A.
B.
C.
D.
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0J
8J
12 J
24 J

Physics

2.

Which of the following statements applies to a system in
which two objects undergo an ideal elastic collision?
I. Kinetic energy is conserved.
II. Momentum is conserved.
III. The velocity of each object remains unchanged.
A.
B.
C.
D.

3.

4.

5.

kinetic to elastic potential to kinetic.
elastic potential to kinetic to elastic potential.
gravitational potential to heat to kinetic.
heat to kinetic to gravitational potential.

τ = ρgLd 3/6
Equation 1
where ρ is the density of the water (1000 kg/m3), g is the
acceleration due to gravity, L is the length of the dam, and d is
the total depth of the water behind the dam.
Knowing the sheer strength of the dam’s structure, it can
be determined whether the dam can withstand the fluid pressure
exerted by the water behind it. The pressure due to the water at
depth y below the surface is given by the equation
P = ρgy
Equation 2
The total pressure at depth y is equal to the pressure exerted by
the water plus the atmospheric pressure, which is approximately
105 N/m2.

L

If the air streams are deactivated and the carriages are in
motion, what is the ratio of the frictional force acting on
the heavier carriage to the frictional force acting on the
lighter carriage?
A.
B.
C.
D.

6.

0 J.
4 J.
8 J.
12 J.

When the two carriages approach each other, collide,
and then separate, their movements are associated with
corresponding energy transfers of:
A.
B.
C.
D.

Figure 1 depicts a dam preventing the flow of water. Using
the base of the dam as the pivot line (Line X in Figure 1), we can
determine the torque exerted by the water on the dam by using
the equation

I only
II only
I and II only
I, II, and III

If the carriages were redesigned so that collisions between
them were perfectly inelastic, each collision would cause
energy dissipation of:
A.
B.
C.
D.

Passage 6 (Questions 1‑5)

A.
B.
C.
D.

d
reinforcement
section of dam

1:2
2:1
1:4
4:1

If the plane on which the carriages are sliding is inclined
to an angle of 55° with the horizontal, what is the
magnitude of the component of a carriage’s weight, mg,
normal to the plane?
mg sin 35°
mg cos 35°
mg sin 55°
None of the above

m
Da

water

Line X
Figure 1
1.

What is the pressure exerted on the dam by the water at a
point 5 m below the surface?
A.
B.
C.
D.

4.9 × 104 N/m2
9.8 × 104 N/m2
4.9 × 105 N/m2
9.8 × 105 N/m2
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2.

If the area of the dam exposed to water is quadrupled by
doubling the length of the dam and doubling the depth of
the water retained, then this will cause the torque due to
the water to increase by what factor?
A.
B.
C.
D.

3.

If the dam is 5 m high, approximately how fast
(neglecting friction) would water flowing over the top be
moving when it struck the river at the base of the dam?
A.
B.
C.
D.

4.

2
4
8
16

7 m/s
10 m/s
14 m/s
20 m/s

Which one of the following graphs best depicts the
relationship between the magnitude of the torque, τ,
caused by the water and the depth, d, of the water behind
the dam?
B.

A.

τ

τ

d

d

D.

C.

τ

τ

d

5.

Assume that water has risen to a height d and exerts a
torque τ on the dam. Assume also that a single force F is
to be applied at a height d perpendicular to the opposite
face of the dam so that the its torque will exactly cancel
the torque due to the water. Which one of the following
expressions gives the magnitude of F?
A.
B.
C.
D.
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d

ρgLd 2/6
ρgLd 3/6
ρgLd 4/6
ρgLd 5/6
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Passage 7 (Questions 1-9)
A projectile launched near the surface of the Earth is, to a
good approximation, influenced only by the gravitational field
of the Earth. The acceleration due to gravity near the Earth’s
surface is given by g ≈ 10 m/s2. If the y coordinate of the
projectile is plotted as a function of time, a parabola is obtained.
The graph of the x coordinate vs. time yields a straight line with
a positive slope since the horizontal velocity is constant. The
trajectory of the projectile (y coordinate plotted as a function of
x) is a symmetric parabola in which the maximum y coordinate
coincides with the midpoint in the x coordinate.
The horizontal distance traveled by the projectile when the
y coordinate has returned to its initial value is called the range.
If θ0 is the angle above the horizontal at which the projectile
is launched, then the range depends on θ0, varying from its
maximum at θ0 = 45° to zero at θ0 = 90°.
If the projectile is launched in the Earth’s atmosphere, air
resistance will slightly alter the above results. Energy will be
carried away from the system, and the range attained by the
projectile—as well as its time of flight—will be reduced. The
trajectory of the projectile (y vs. x) will no longer be parabolic,
or even symmetric. The horizontal velocity decreases with time,
and the horizontal distance traveled after the high point in the
trajectory is less than the horizontal distance traveled before the
high point is reached.
Unless otherwise indicated, neglect any aerodynamic
forces on the projectile. The projectile has a mass of 2 kg and
is launched from ground level; the ground is perfectly flat. The
kinetic energy at launch time is E0 = 1000 J. At the top of the
trajectory, the kinetic energy is Etop = 600 J.

Physics

1.

What is the maximum height above the ground attained
by the projectile?
A.
B.
C.
D.

2.

10 m/s
20 m/s
24 m/s
32 m/s

What is the kinetic energy of the projectile when it strikes
the ground?
A.
B.
C.
D.

6.

v0y = gT/2
v0y = gT sin 45°
v0y = gT
v0y = 2gT

Which of the following best approximates the magnitude
of the projectile’s initial total velocity?
A.
B.
C.
D.

5.

15.5 m/s
20.0 m/s
24.5 m/s
32.0 m/s

If T denotes the total flight time of the projectile, and v0x
and v0y denote its initial horizontal and initial vertical
velocity, respectively, then the range R is given by which
one of the following equations?
A.

R = v0xT 2/2

B.

R = v0 x T − 12 gT 2

C.

R = ( v02x − v02 y ) / 2g

D. R = v0xT
8.

If T denotes the total time of flight of the projectile, which
of the following expressions correctly gives the initial
vertical velocity, v0y?
A.
B.
C.
D.

4.

20 m
40 m
60 m
80 m

What is the magnitude of its initial horizontal velocity?
A.
B.
C.
D.

3.

7.

If air resistance is considered, the ratio Hvac/Hatm of the
maximum height attained by a projectile in vacuum to the
maximum height that it attains in the atmosphere given
the same initial kinetic energy at launch is:
A.
B.
C.
D.

9.

less than 1.
equal to 1.
greater than 1.
less than 1 for a spherical object but greater than 1
for an irregularly-shaped object.

Let X denote the horizontal distance traveled when a
projectile (launched at an angle θ0 with 30° < θ0 < 60°)
has attained its maximum height. If the effect of air
resistance is taken into account, then which one of the
following relations is correct concerning the projectile’s
range R?
A.
B.
C.
D.

R/2 < X
(R cos θ0)/2 > X
(R sin θ0)/2 > X
R/2 > X

400 J
600 J
1000 J
1600 J

Let vx be the projectile’s horizontal speed when it is at its
maximum height, and let Vx be the horizontal speed just
before the projectile strikes the ground. Then the ratio
vx/Vx :
A.
B.
C.
D.

is less than 1.
is equal to 1.
is greater than 1.
depends on the angle at which the projectile is
launched.
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Passage 8 (Questions 1-10)
The gravitational attraction between the Earth (mass M) and
an object of mass m on its surface is given approximately by the
formula Fgrav = GMm/R2, where G is the universal gravitational
constant and R is the radius of the Earth. The formula is exact
for a uniform perfect sphere. The gravitational acceleration of an
object near the surface of a planet is given by g = GM/R2, which
is very nearly 10 m/s2 for the Earth.

1.

A.
B.
C.
D.
2.

The above equation for Fgrav may be generalized so that it is
valid both near and far from the surface: Fgrav = GMm/r2 where
r is now the distance between the object of mass m and the
center of the Earth. On the surface, of course, r = R, so the two
formulations are consistent.

3.

If h is larger than about 0.01R, then Ep = mgh is no longer
a good approximation since the gravitational acceleration g
decreases as one moves away from the Earth’s surface. To handle
problems involving objects far from the surface of the Earth, we
use, in analogy with electrostatics, the gravitational potential
V = –GM/r where r is the distance of the object from the center of
the planet. If an object of mass m is moved from a point at r1 to
a point at r2, the change in potential energy will be ∆Ep = m(GM/
r1 – GM/r2).

4.

All of the above can be applied to any celestial body as long
as one can ignore air resistance. Some convenient approximations
for the relevant constants are G = 6.7 × 10–11 N·m2/kg2, M = 6
× 1024 kg, and R = 6 × 106 m. The Earth is roughly 100 times
more massive than the Moon, and the Earth’s radius is about 4
times greater. The Earth–Moon distance is about 60R, and the
Earth–Sun distance is about 25,000R. The Sun’s mass is about
300,000M.
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1.67 N
3.75 N
5.00 N
7.50 N

Assuming the Moon’s orbit is a perfect circle, at what
speed does it orbit the Earth?
A.
B.
C.
D.

5.

0.1 m/s2
0.4 m/s2
1.6 m/s2
2.5 m/s2

An object that weighs 15 N near the surface of the Earth
is transported to an altitude of 1.2 × 107 m. Compute its
weight at this altitude.
A.
B.
C.
D.

The potential energy of an object near the surface of the
Earth at a height h above the ground is Ep = mgh. The change in
potential energy when an object is moved from height h1 to h2 is
∆Ep = mg(h2 – h1). If an object is falling in a vacuum, energy is
conserved so ∆Ep + ∆Ek = 0, where ∆Ek is the change in kinetic
energy of the object.

If r1 = ∞ and r2 = R, then ∆Ep applies to an object dropped
to the ground from far away (outer space). If the situation is
reversed, and r1 = R and r2 = ∞, then ∆Ep applies to an object
launched into outer space from the surface of the Earth. In
either case, conservation of energy can be used to determine
the velocity of the object. The computed velocities will have the
same magnitude; one will be an impact velocity and the other
will be an escape velocity.

What would be the acceleration of an object dropped near
the surface of the Moon?

101 m/s
103 m/s
105 m/s
107 m/s

Which one of the following expressions correctly gives
the minimum speed with which one must launch a rock
of mass m in order to ensure that it escapes the Earth’s
gravitational field (air resistance neglected)?
A.

2GM / R

B.

2GMm / R

C.

GM / 2 R

D.

GMm / 2 R

If the gravitational force exerted by the Earth on the
Moon is denoted F1, and the gravitational force exerted by
the Moon on the Earth is F2, then:
A.
B.
C.
D.

F1 = 1600F2
F1 = 100F2
F1 = 6.25F2
F1 = F2

Physics
If α is the ratio of the value of the gravitational constant
G on the Earth to its value on the Moon, then which of the
following is correct?
A.
B.
C.
D.
7.

If two objects of masses m1 and m2 (with m1 > m2) are
dropped from a great height above the surface of the
Moon, what is the ratio v1/v2 of their impact velocities?
A.

1

B.

m1/m2

C.

(m1/m2)2

D.
8.

10.

0J
50 J
150 J
Cannot be determined from the information given

Suppose the Moon suddenly stopped in its orbit and
began to fall toward the Earth. Approximate its initial
acceleration in terms of g, where g ≈ 10 m/s2.
A.
B.
C.
D.

g/4
g/60
g/100
g/3600

The Moon is 400 times closer to the Earth than to the Sun,
and the Sun is 30 million times more massive than the
Moon. Which one of the following best approximates the
ratio FSun/FMoon of the gravitational force exerted by the
Sun on the Earth to the gravitational force exerted by the
Moon on the Earth?
A.
B.
C.
D.

Earth’s atmosphere currently consists of 78% N2, 21% O2,
1% Ar, and minute quantities of carbon dioxide, hydrogen, neon,
helium, krypton, and xenon. This does not include water vapor.
Molecules of atmospheric gas move in random directions with a
broad distribution of speeds.
For each gas in the atmosphere, a curve known as the
Maxwell–Boltzmann speed distribution may be determined. A
typical example of such a curve is shown below. The probability
that a molecule has a speed between v1 and v2 is equal to the
area below the curve between v1 and v2, as illustrated in Figure
1. Each gas has an associated curve whose details depend on
the mass of the molecules and the temperature of the gas. For
example, the most probable speed for a gas of with molecular
mass m at temperature T (in kelvins, K) is

m1 / m2

If an object is moved from a point 10 m above the surface
of the Earth to a point 5 m above the surface, what is the
magnitude of the change in potential energy?
A.
B.
C.
D.

9.

α ≈ 0.16
α≈1
α≈6
α ≈ 25

Passage 9 (Questions 1-8)

7.5 × 104
2.0 × 102
5.0 × 10–3
1.3 × 10–5

v0 = 2 kT / m
where k = 1.38 × 10–23 J/K is Boltzmann’s constant. The
distribution of speeds is slightly asymmetrical, favoring higher
speeds. Some molecules have speeds much higher than the most
probable speed.
probability density

6.

v1

v2

v3

speed v

most probable speed
Figure 1 Maxwell–Boltzmann speed distribution
The probability of finding a molecule of a gas at temperature
T with a speed v within some given range v1 < v < v2 is equal to
the area under the curve between v1 and v2.
If a molecule of gas in the atmosphere has a velocity greater
than escape velocity, then it will leave the Earth forever as long
as it does not collide with any other molecules on its way into
outer space. The escape velocity ve for an object close to the
surface of the Earth is given by
ve = 2 gRE
where RE is the radius of the Earth, and g is the gravitational
acceleration.
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1.

The most probable speed of a helium atom at 300 K is
1.12 km/sec. What is its most probable speed at 600 K?
A.
B.
C.
D.

2.

3.

A.
B.
C.
D.

4.

Gas X has a very small molecular weight.
Gas X is extremely reactive.
No molecules of Gas X can achieve escape velocity.
Some molecules of Gas X escape, but an equal
number are produced.

The most probable kinetic energy of a gas molecule is:
A.
B.

directly proportional to the temperature in K.
directly proportional to the square root of the
temperature in K.
C. inversely proportional to the temperature in K.
D. inversely proportional to the square root of the
temperature in K.

5.

For molecules near the surface of the Earth, the escape
velocity for hydrogen molecules is:
A.
B.
C.
D.
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7.

less than that for oxygen molecules.
greater than that for oxygen molecules.
equal to that for oxygen molecules.
greater than that for oxygen molecules only at
sufficiently high temperatures.

© The Princeton Review, Inc.

equal to 1.
greater than 1.
equal to Boltzmann’s constant.
dependent on the temperature of the gas.

The most probable velocity of a hydrogen gas molecule at
300 K is 1.9 km/sec. The escape velocity at the surface of
the Earth is 11.2 km/sec. This means that:
A.

no hydrogen molecule can escape at temperatures
under 1000 K.
B. some hydrogen molecules will have escape velocity.
C. hydrogen gas will escape only if it is produced in the
upper atmosphere.
D. hydrogen gas will not escape until it exists in the
atmosphere at higher concentrations.

vH, vN, vO
vO, vN, vH
vH, vO, vN
vN, vO, vH

Precise measurements taken over a period of many years
show that the concentration of a Gas X in the atmosphere
is constant. Which one of the following best explains this
finding?

The area under the entire Maxwell–Boltzmann velocity
distribution curve is:
A.
B.
C.
D.

0.56 km/sec
1.58 km/sec
2.24 km/sec
3.36 km/sec

Let the most probable speeds of H2, N2, and O2 at 300
K be denoted vH, vN, and vO, respectively. Which of the
following is correctly lists these speeds in order from
lowest to highest?
A.
B.
C.
D.

6.

8.

The gravitational acceleration on the surface of Jupiter
is 26.2 m/s2. The radius of Jupiter is 7 × 107 m (ten times
greater than that of the Earth). Jupiter is also much colder
than Earth. This means that compared to Earth:
A.
B.

the escape velocity on Jupiter is smaller.
on average, molecular velocities are higher in
Jupiter’s atmosphere.
C. it is less likely that a given molecule of gas will
escape from Jupiter.
D. the Maxwell–Boltzmann speed distribution does not
work as well on Jupiter.

Physics

Passage 10 (Questions 1-7)

4.

Before the invention of smart bombs, which have built-in
navigation computers to guide them to their targets, human
bombardiers had to rely on targeting systems which would
calculate when to drop a bomb based on simple equations of
projectile motion. The figure below depicts a plane dropping a
bomb which has no power or guidance of its own.

A.
B.
C.
D.
5.

300 m/sec

5000 m

2.

What is the kinetic energy of the bomb as it exits the
plane?

3.

6.0 × 104 J
6.0 × 105 J
1.8 × 107 J
1.8 × 108 J

What is the potential energy of the bomb (relative to the
ground) as it exits the plane?
A.
B.
C.
D.

22 sec
32 sec
71 sec
100 sec

4000 N
If the horizontal velocity of the plane is doubled, how will
the time spent in the air by the bomb be affected?
A.
B.
C.
D.

(Note: Ignore forces of air friction and air turbulence. Use
10 m/sec2 for the value of acceleration due to gravity.)

A.
B.
C.
D.

300 m/sec
316 m/sec
410 m/sec
436 m/sec

Approximately how much time will elapse between the
time when the bomb is dropped and the time when it
strikes the ground?
A.
B.
C.
D.

6.

1.

What is the vertical component of the bomb’s velocity
when it strikes the ground?

7.

It will be quadrupled.
It will be doubled.
It will be halved.
It will be the same.

If the airplane were to release the bomb from a height
of 5000 m while flying vertically upward at 300 m/sec
instead of horizontally, how would the kinetic energy of
the bomb at the moment it hits the ground be changed?
A.
B.
C.
D.

It would be increased.
It would be decreased.
It would not be changed.
It cannot be determined.

4 × 103 J
2 × 106 J
2 × 107 J
2 × 108 J

What is the horizontal component of the bomb’s velocity
when it strikes the ground?
A.
B.
C.
D.

300 m/sec
375 m/sec
410 m/sec
436 m/sec
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Passage 11 (Questions 1-10)
The total momentum vector ptotal is conserved in all types of
collisions (assuming no external forces act). This is expressed
by the equation p′total = ptotal, where the prime denotes after
the collision and no prime denotes before the collision. Each
component of momentum (px and py) is separately conserved.
For an object of nonzero mass m, such as an atom, p = mv. In
situations where an external force F does exist (and acts for a
time interval ∆t), the resulting change in momentum is found
from the equation ∆p = F∆t.
For a photon, which is massless, the magnitude of the
momentum is given by p = E/c, where E is the energy of the
photon and c is the speed of light. In terms of Planck’s constant, h,
and the frequency of the light, f, the photon’s energy is given by
E = hf. The photon’s frequency and wavelength λ are connected
by the equation λf = c. The constant h = 4.1 × 10–15 eV·sec = 6.6
× 10–34 J·sec, and the speed of light c = 3 × 108 m/sec = 3 × 1017
nm/sec.

1.

A.
B.
C.
D.
2.

3.

p′atom = patom + pphoton
For photon emission, the equation expressing conservation of
momentum is
patom = p′atom + pphoton
Absorption causes the photon’s momentum to be added to the
atom’s, and emission gives the atom a “kick” or “recoil” much
like the recoil of a gun after it is fired.
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5.6 × 10–46 kg·m/s
1.1 × 10–27 kg·m/s
9.9 × 10–11 kg·m/s
5.2 × 10–9 kg·m/s

An atom is moving to the right along the x axis with
velocity vatom = vxi . A photon, moving upward along the y
axis with velocity vphoton = cj, is absorbed by the atom at
the origin. If i and j are the unit vectors along the x and y
axes, respectively, which of the following applies to the
atom after the absorption?
A.
B.
C.
D.

4.

7.5 × 105 sec–1
1.2 × 1011 sec–1
7.5 × 1014 sec–1
1.2 × 1020 sec–1

An initially stationary atom of mass 1.7 × 10–27 kg emits a
photon of energy 3.3 × 10–19 J. What is the magnitude of
the momentum of the atom after the emission?
A.
B.
C.
D.

When a photon is absorbed by an atom, an electron can
be excited to a higher energy level. The difference in energy
between the higher level and the original level is equal to the
energy of the photon (E). If no higher level exists such that the
difference in energy is equal to E, then the photon will not be
absorbed; that is, the atom will be transparent to photons of
energy E. Similarly, a photon is emitted when an electron falls
from a higher to a lower energy level.
When a photon is absorbed or emitted by an atom, momentum
is conserved. For photon absorption we have

What is the frequency of a photon whose wavelength is
400 nm?

v′x = 0
v′y < 0
v′y = 0
v′y > 0

An atom with momentum p (magnitude p) moving to the
right along the x axis emits a photon that then travels at
an angle of +45° (counterclockwise) with respect to the
positive x axis. The magnitude of the photon’s momentum
is p/100. Which of the following is true about the
components of the velocity of the atom after it emits the
photon?
A.
B.
C.
D.

vx < 0 and vy < 0
vx < 0 and vy > 0
vx > 0 and vy < 0
vx > 0 and vy > 0

Physics

5.

Which of the following vectors could represent the
velocity of a photon ?

9.

I. (c/2)i + (c/2)j
II. ci + cj
III. (2c)i – cj
A.
B.
C.
D.
6.

A.
B.
C.
D.

I only
II only
III only
I, II, and III

An atom, whose momentum has magnitude p and whose
velocity vector is perpendicular to an infinitely heavy
wall, strikes the wall and recoils elastically. What is the
magnitude of the change in the atom’s momentum?
A.
B.
C.
D.

0
p/2
p
2p

A stationary atom of mass 5 × 10–27 kg absorbs a photon of
energy 3.0 × 10–19 J. What is the magnitude of the velocity
of the atom after the absorption?
A.
B.
C.
D.

8.

the atom’s momentum will be changed slightly.
the photon will pass the atom and have no effect.
the atom will absorb the photon, but no electron will
move to a different energy level.
D. the photon will cause one of the electrons to be
ejected from the atom.

10.
I. J·sec/m
II. N·sec
III. kg·m/sec

7.

A.
B.
C.

I only
II only
III only
None of these

Which of the following is/are units of momentum?

Suppose that an atom is in its ground state and the next
energy level is 10.2 eV above the ground state. If a 5.1-eV
photon is in the vicinity of this atom, then:

0.2 m/s
0.5 m/s
2.0 m/s
5.0 m/s

A photon collides head-on with an atom traveling in
the opposite direction and is absorbed by the atom. The
magnitude of the momentum of the incident photon is
twice the magnitude of the initial momentum of the atom.
As a result of the absorption, the atom:
A.

continues in its original direction of motion but with
increased speed.
B. continues in its original direction of motion but with
decreased speed.
C. reverses direction.
D. stops.
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Passage 12 (Questions 1-10)

EXPERIMENT I
(Frame A)

Momentum is conserved in both elastic and inelastic
collisions, as long as there is no net external force. According
to Newton’s Third Law, the internal forces in any system occur
in equal and opposite pairs, thus precluding any change in
momentum due to these forces.

v

(Frame B)

(Frame A)
Before
v

After
–v
(Frame B)

1.

The balls are covered with a thin coat of glue that does not
impede their rolling but does cause them to stick together. In
Frame A, the balls are initially moving with velocities v and –v,
just as in Experiment I. They collide, stick together, and stop.
The situation in Frame B looks somewhat different.

Before

After

–2v

–v

If an object is moving to the right with speed v/2 in Frame
A, what is the magnitude and direction of its velocity in
Frame B?
A.
B.
C.
D.

2.

3v/2 to the right
3v/2 to the left
v/2 to the right
v/2 to the left

An object is moving upward with speed v in Frame
B. What is the direction of the velocity of the object in
Frame A?
A.
B.
C.
D.

© The Princeton Review, Inc.

–2v
EXPERIMENT II

An elastic collision between two clean steel balls each of
mass m is observed. In Frame A, the balls are moving toward
each other along a line with velocities v and –v as shown in the
diagram. They collide, and each ball’s velocity reverses direction.
The situation from the point of view of Frame B looks somewhat
different. This is indicated in the diagram.

|

After

–2v

Experiment I:

68

v

–v

–v
Before

Two collision experiments are conducted. They are observed
in two reference frames, A and B. Frame B is moving to the right
with speed v relative to Frame A. The diagrams below show the
experiments as seen in the two frames. In both experiments, the
velocities are small compared to the speed of light, so relativistic
effects are negligible. There is no fundamental difference
between the two frames, so the laws of physics apply equally to
both.

Experiment II:

After

Before

Up and to the right
Up and to the left
To the right
To the left

Physics

3.

For an observer in Frame A watching Experiment I, what
is the magnitude of the change in momentum of the lefthand mass due to the collision?
A.
B.
C.
D.

4.

8.

In an elastic collision between two steel balls, the average
magnitude of the internal forces exerted by each ball on
the other is:
A.
B.

directly proportional to the contact time.
directly proportional to the square of the contact
time.
C. inversely proportional to the contact time.
D. inversely proportional to the square of the contact
time.

Which of the following is/are true?

A.
B.
C.
D.

When particles of neon gas at room temperature collide,
the collisions are usually perfectly elastic. This is because:
A.

6.

is conserved in both Frame A and B.
is conserved in Frame A only.
is conserved in Frame B only.
is not conserved in either Frame A or Frame B.

I. The collision in Experiment I is elastic in both
frames.
II. The collision in Experiment II is elastic in
Frame A but inelastic in Frame B.
III. The collision in Experiment II is inelastic in
Frame A but elastic in Frame B.

Experiment I but not in Experiment II.
Experiment II but not in Experiment I.
neither Experiment I nor Experiment II.
both Experiment I and Experiment II.

the electron cloud of a neon atom cannot be
deformed.
B. most of the collisions do not cause electron
transitions between energy levels.
C. neon atoms are usually left in an excited state by the
collisions.
D. neon atoms have unusually small radii, so collisions
are very unlikely.

In Experiment II, the kinetic energy of the steel balls:
A.
B.
C.
D.

In Frame B, momentum is conserved in:
A.
B.
C.
D.

5.

0
mv/2
mv
2mv

7.

9.

I only
I and II only
I, II, and III
None of the above

An observer in Frame B notes in Experiment I that the
change in momentum of the ball on the left caused by the
collision is equal to δ. What is the change in momentum
of the other ball?
A. δ
B. 2δ
C. –δ
D. –2δ

10.

An observer in Frame B notes that in Experiment II, the
right-hand ball exerts an average force of magnitude
F on the left-hand ball when they collide. What is the
magnitude of the average force exerted by the left-hand
ball on the right-hand ball?
A.
B.
C.
D.

0
F/2
F
2F
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Passage 13 (Questions 1-7)
***ADVANCED PASSAGE***

1.

During the evolution of vertebrates, bipedalism (the condition
of using only two feet for locomotion) has sometimes evolved
from quadrupedalism (using four feet). Although it is unclear
what evolutionary pressures might bring about this transition,
bipedalism is less efficient in short runs than quadrupedalism.
When a quadruped (say, a cat) runs, her powerful hind legs
push off the ground, propelling her into the air. As she begins to
land, her weaker front legs break her fall while her hind legs lock
into position for another leap.
When a biped runs, his right leg pushes off the ground and
his left leg later breaks the fall. Then his left leg pushes off and
his right leg breaks the fall. Thus it is the relatively massive
hind limbs that are each time being brought forward to break
the fall. The smaller fore limbs (arms) are swung back and
forth to maintain a torque balance. During each leap, the body
is propelled forward and upward with horizontal and vertical
velocities vx and vy, respectively. The time a foot is in contact
with the ground is tcontact, and the time for a full cycle (right leg
thrusts then left) is tcycle.

A.
B.
C.
D.
2.

tcycle = 1.0 sec
l = length of a stride = 2 m
m = body mass = 60 kg
v0y = initial upward velocity = 1.5 m/s
The acceleration due to gravity is g = 10 m/s2.
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What is the horizontal component of force acting on the
runner during this time?
A.
B.
C.
D.

3.

4.

160 N
600 N
760 N
1000 N

In a steady run, how far does the center of mass rise
during the time the runner is not touching the ground?
A.
B.
C.
D.

For a particular human runner (along level ground, in a
straight line), the following data were accumulated:
tcontact = 0.2 sec

The runner is accelerating uniformly to the right from
0 m/s to 8 m/s in 3 seconds. Which vector below best
describes the force of the ground on his body?

0.02 m
0.11 m
0.22 m
0.30 m

What is the average force (averaged over several strides)
that a biped exerts on the ground during a steady run?
A.
B.
C.
D.

0N
300 N
600 N
1200 N

Physics

5.

Which of the following best describes the flow of energy
during the run?
A.
B.
C.
D.

6.

Chemical → kinetic and potential → heat
Chemical → electrical → kinetic
Kinetic → potential → heat
Chemical → heat → kinetic

Consider a quadruped of roughly the same mass and
proportion as the human above (say, a large cat), with
roughly the same time of contact of the foot with the
ground and the same force exerted in the running limbs.
Which of the following is true of bipeds and quadrupeds
maintaining a steady run?
A.

The biped expends more energy in producing
upward motion.
B. The quadruped expends more energy in producing
upward motion.
C. The biped must use either more force or more time
to bring limbs into position to break a fall.
D. The biped exerts a greater force during the thrusting
portion of the run.

7.

What purpose does a quadruped’s elbow serve in breaking
a fall; that is, what is the advantage of an elbow compared
with an unjointed front limb?
A.

The elbow converts muscle energy into kinetic
energy.
B. The elbow increases the energy efficiency of
breaking a fall.
C. The elbow increases the distance of breaking a fall
and decreases the required force.
D. The elbow decreases the time of breaking a fall and
decreases the required acceleration.

Passage 14 (Questions 1-6)
Bernoulli’s law concerns the phenomenon of ideal fluid flow.
Torricelli’s theorem is derived from Bernoulli’s law with respect
to a system in which a fluid of uniform density escapes through
a hole situated at the bottom of a chamber or tank. The theorem
establishes the following relationship between the speed of the
escaping fluid and the depth of the hole beneath the fluid surface:
v = 2gh
v = escape speed
g = acceleration due to gravity
h = depth of the hole beneath the fluid surface
A vat is filled with equal amounts of three different liquids
which quickly separate into three distinct layers. A spigot
is located at the foot of the vat. The layers labeled ρ1, ρ2 and
ρ3, have densities of 736 kg/m3, 1000 kg/m3, and 1490 kg/m3,
respectively. Each layer has a thickness of 0.3 m. A solid ball of
density ρo is dropped into the vat. The ball settles at the interface
of Layers 2 and 3. An object floating or submerged in a fluid
experiences a net force F, which is the difference between the
weight of the object and the buoyant force acting on the object by
the fluid. An expression for this force is based upon Archimedes’
principle:
F = w – B = ρogV – ρfgV′
where w is the weight of the object, ρf is the density of the fluid,
ρo is the density of the object, V is the volume of the object,
and V′ is the submerged volume of the object. When the object
is stationary, the net force F on the object must be zero. (Note:
Assume that the gravitational acceleration, g, equals 10 m/s2, and
that the ball and fluids are stationary.)

X
1

0.3 m

0.3 m

Y

0.3 m

2

3

Figure 1
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1.

Which of the following statements is true for the density
of the ball in comparison to the densities of the fluids?
A.
B.
C.
D.

2.

3.

|

N/m
N⋅m
N/m2
N⋅m2

A second ball, with density 490 kg/m3, is tossed into the
vat. Approximately what fraction of the ball’s volume will
remain above the surface?
A.
B.
C.
D.

72

27 Pa
74 Pa
368 Pa
736 Pa

Which of the following expressions is equal to a unit of
pressure?
A.
B.
C.
D.

4.

ρ1 < ρo < ρ2
ρ2 > ρo > ρ1
ρ3 < ρo < ρ2
ρ3 > ρo > ρ2

What is the approximate gauge pressure at a point 0.1 m
below the surface of Fluid 1?
A.
B.
C.
D.

5.

1/4
1/3
2/3
3/4

© The Princeton Review, Inc.

What is the approximate difference in pressure between
Points X and Y?
A.
B.
C.
D.

6.

3.0 kPa
4.5 kPa
5.2 kPa
10.0 kPa

A tank is filled to a height of 4 meters with a fluid of
density 900 kg/m3. A spigot at the bottom of the tank
is opened. What is the approximate velocity of the
fluid flowing through the spigot at the moment that it is
opened?
A.
B.
C.
D.

4 m/s
6 m/s
7 m/s
9 m/s

Physics

Passage 15 (Questions 1-5)

2.

A section of glass tubing has three different cross-sectional
areas, A1, A2, and A3, which are in decreasing order. Fluid is
continually pushed through the tube at a constant rate. Narrow
vertical columns of identical diameters are inserted into the tube
at each of the three different sections to measure the hydrostatic
pressure. Fluids in motion at the same elevation follow
Bernoulli’s equation:
1
P + ρv2 = constant
2

A.
B.
C.
D.
3.

For a given cross-sectional area, P is the pressure, v is the
flow speed, and ρ is the density of the fluid.

4.
direction of
fluid flow

Section 1
cross-sectional
area = A1

cross-sectional
area = A2

Section 3

decrease by a factor of 9.
decrease by a factor of 3.
increase by a factor of 3.
increase by a factor of 9.

If the fluid velocity in Section 1 is 0.4 m/s and in Section
3 it is 0.6 m/sec, what is the pressure difference between
Sections 1 and 3? (Assume that the density of the fluid is
1000 kg/m3.)
A.
B.
C.
D.

cross-sectional
area = A3

4 cm/s
8 cm/s
10 cm/s
16 cm/s

If the ratio of A2 to A3 is tripled, then the ratio of the flow
speeds, v2 to v3, will:
A.
B.
C.
D.

(Note: Assume that the fluid is incompressible and that it flows in
a nonturbulent fashion.)

Section 2

If in Section 2 the cross-sectional area is 8 cm2 and fluid
is flowing through there at a velocity of 10 cm/s, and if in
Section 1 the cross-sectional area is 20 cm2, what is the
fluid velocity in Section 1?

50 Pa
100 Pa
200 Pa
260 Pa

Figure 1
5.
1.

Which of the following correctly relates the pressure
readings obtained from each pressure gauge in terms of
the locations at which the gauges are situated?
A.
B.
C.
D.

P1 < P2 < P3
P1 < P2 = P3
P1 = P2 < P3
P1 > P2 > P3

Two entirely separate Pipes 1 and 2 conduct Fluids A and
B, respectively, at equal rates of flow. The cross sectional
area of Pipe 1 is greater than that of Pipe 2. Which of the
following would best explain the equality of flow?
A.
B.

The density of Fluid A is less than that of Fluid B.
The viscosity of Fluid A is greater than that of Fluid
B.
C. The vapor pressure of Fluid A is greater than that of
Fluid B.
D. The velocity of Fluid A is less than that of Fluid B.
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Passage 16 (Questions 1-5)

1.

A cylindrical pole made of a homogeneous material whose
density is 7100 kg/m3 stands upright with one end attached
securely to the ground. The pole’s length and cross sectional area
are 15 m and 0.03 m2, respectively. The figure below shows such
a pole and three hypothetical cross sections at 5-meter intervals.

A.
B.
C.
D.
2.

C
5m

A
3.
Figure 1
The pole can be thought of as a very rigid spring that follows
Hooke’s law. If an object were placed on top of the pole, the pole
would be compressed by an amount proportional to the object’s
weight. However, if the object were so heavy as to make the pole
buckle, Hooke’s law would no longer apply. Assume the pole
behaves as a Hooke’s law spring until the instant of collapse.
Young’s modulus, E, is similar to the spring constant in Hooke’s
law. Equation 1 below relates E to the pressure—or stress—
applied to a body, σ, and the fractional change in length the body
undergoes, ε (as defined by Equation 2):

σ
ε

Equation 1

ε=

Equation 2

It is important to consider that a real pole must support its
own weight. If the diameter of a pole is held fixed, there will be
an upper limit on the height. The pressure on the pole due to the
pole’s own weight is σ = ρgh at any given point where ρ is the
density of the pole and h is the height of the pole above the given
point.
For the pole above, E = 1010 N/m2. Assume that the
acceleration due to gravity, g, equals 9.8 m/s2.
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5.

5.4 × 105 Pa
7.0 × 105 Pa
8.7 × 105 Pa
9.9 × 105 Pa

If a metal pole can be subjected to great stress while
undergoing relatively little fractional change in length,
then Young’s modulus for the pole has a:
A.
B.
C.
D.

∆l
l

greater for Pole I than for Pole II.
greater for Pole II than for Pole I.
equal for Poles I and II.
dependent on the relative heights of the two poles.

What is the pressure due to the pole’s own weight at
Cross section B?
A.
B.
C.
D.

4.

σ A > σB > σ C
σ A < σB < σ C
σ A = σB = σ C
σ A < σB > σ C

Consider two cylindrical poles, I and II. Pole I has a
greater cross sectional area than does Pole II. At its base,
each pole experiences a pressure exerted by its own
weight. If the poles themselves are of equal weight, then
pressure at the base due to the pole’s own weight will be:
A.
B.
C.
D.

B

E=

Which of the following best relates the pressures at each
of the Cross sections A, B, and C?

large negative value.
small negative value.
small positive value.
large positive value.

How tall could the pole become before buckling under its
own weight if it collapses when compressed by more than
a factor of εC?
A.

εC
E

B.

gε C
E

C.

gE
ρε C

D.

εCE
ρg

Physics

Passage 17 (Questions 1-5)

2.

To observe the effects of the buoyant force, the following
simple apparatus is constructed: Two 3-meter-tall cylindrical
containers of fluid rest on a flat table, and mounted directly
beneath the containers is a strong electromagnet. An insulated
cork will be used as the buoy.
The cork (whose specific gravity is much less than that of
the fluids in the containers) has a very thin iron plate glued to its
base, which will allow it to be held submerged at the bottom of
each container by the magnet mounted underneath.
The first container is filled with Fluid #1 (whose density will
be denoted by ρ1), and the second container contains Fluid #2
(with density ρ2).
3.

cork

electromagnet

1.

If ρ is the density of water, what is the specific gravity of
Fluid #1?
A.
B.
C.
D.

4.

ρ1/ρ
ρ /ρ1
ρ1 − ρ
(ρ1 − ρ) /ρ

When the cork is placed in Fluid #1, it floats at the surface
with only 10% of its volume submerged. When the cork
is placed in Fluid #2, the percentage submerged is 15%.
Which one of the correctly compares the densities of the
two fluids?

A.

ρ1 =

2
ρ
3 2

B.

ρ1 =

17
ρ
18 2

C.

ρ1 =

18
ρ
17 2

D.

ρ1 =

3
ρ
2 2

How many times more dense is Fluid #2 than the cork?
A.

14
3

B.

17
3

C.

20
3

D.

23
3

The cork is placed in Fluid #1, pushed to the bottom of
the container and held there by the magnet. When the
magnetic force is suddenly removed, the cork begins
to rise to the surface. Compute the magnitude of its
initial upward acceleration (in terms of the gravitational
acceleration, g) given that Fluid #1 is 10 times more
dense than the cork.
A.
B.
C.
D.

5.

8g
9g
10g
11g

As the cork as it rises to the surface, its acceleration:
A.
B.
C.

remains constant.
decreases from its initial value due to viscosity.
increases from its initial value due to the increasing
kinetic energy.
D. decreases from its initial value due to the decreasing
potential energy.
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Passage 18 (Questions 1-3)

Passage 19 (Questions 1-4)

Consider three identical vessels, two of which (X and
Y) contain fluid. The third container is empty. The first vessel
contains Fluid X whose specific gravity is 0.75, and the second
one contains Fluid Y whose specific gravity is 1.5.

A simple hydraulic jack consists of two vertical cylindrical
vessels (each with constant diameter and connected near their
bases by a horizontal tube) filled with fluid. The piston in one of
the vessels (#1) has a cross-sectional area of 5 cm2, and the other
piston (#2) has a cross-sectional area of 500 cm2.
Piston #1

X

Piston #2

Y
fluid

connector tube

1

2

3
1.

1.

If an object with density 500 kg/m3 is placed in the
container filled with Fluid X, what fraction of the object
will be exposed above the surface?
A.
B.
C.
D.

2.

1/3
1/2
2/3
3/4

A.
B.
C.
D.
2.

Which one of the following statements is true?

3.

If we wish to form (in the third container) a mixture of
Fluids X and Y that has the same weight as an equal
volume of water, what should be ratio of the amount of
Fluid X to the amount of Fluid Y?
A.
B.
C.
D.
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1:2
1:1
3:2
2:1

© The Princeton Review, Inc.

3.

50 N
100 N
250 N
500 N

How far must the small piston be pushed down to raise
the larger piston a distance of 1 millimeter?
A.
B.
C.
D.

4.

Poiseuille’s law
Archimedes’ principle
Pascal’s law
Bernoulli’s principle

What weight on the small piston will support a weight of
5000 N on the larger one?
A.
B.
C.
D.

A.
B.
C.

If an object floats in Fluid Y, then it floats in Fluid X.
If an object sinks in Fluid X, then it sinks in Fluid Y.
If an object floats in both Fluids X and Y, then the
buoyant force on the floating object exerted by Fluid
Y is greater than the buoyant force on the floating
object exerted by Fluid X.
D. If an object floats in both Fluids X and Y, then the
volume submerged in Fluid X is twice the volume
submerged in Fluid Y.

Which physical principle best describes the relationship
between the motion of the two pistons?

5 cm
10 cm
25 cm
50 cm

Let W1 be the work done by the force pushing down on
Piston #1, and let W2 be the work done by Piston #2 as it
raises the load it supports. Calculate the ratio W1/W2.
A.
B.
C.
D.

1/100
1
5
100

Physics

Passage 20 (Questions 1-6)

2.

An open cylindrical tank (completely filled with water) of
height 6 meters and radius 3 meters sits atop an 8-meter high
platform of width 6 meters. There are three plugs in a vertical line
up the side of the tank, which can be removed (thereby creating
a hole). Plug #1 is above Plug #2, which in turn is above Plug #3.
The cross-sectional area of each of the holes filled by the plugs is
5 cm2. If a plug is removed, a stream of water emerges from the
hole with an initial velocity that is directed horizontally. The flow
of the water may be described by Bernoulli’s equation,

A.
B.
C.
D.
3.

P1 + ρgh1 + 12 ρ v12 = P2 + ρgh2 + 12 ρ v22

4.
water
tank

removable
plugs

0.05 m/s
0.10 m/s
0.20 m/s
0.50 m/s

platform
5.

If Plug #3 were removed, what can we say about the
speed of the water emerging from the hole as the water
level in the tank drops to the level of the hole?
A.
B.
C.
D.

6m

1.

4.5 m/s
6.3 m/s
8.9 m/s
10.7 m/s

In a certain time interval, 1.4 m3 of water is lost through
one of the holes. Estimate the resulting drop in the water
level in the tank.
A.
B.
C.
D.

8m

Plug #1
Plug #2
Plug #3
All three plugs would give the same speed.

If Plug #2 is 4 meters below the surface of the tank, with
what speed would the water emerge from the hole that is
created if this plug were removed?
A.
B.
C.
D.

open top

6m

Which plug should be removed for the emerging stream
of water to have the greatest exit speed?

The speed decreases.
The speed increases.
The speed remains constant.
The speed increases, then decreases.

What is the gauge pressure at the base of the water tank?
A.
B.
C.
D.

20 kPa
60 kPa
80 kPa
140 kPa

6.

When Plug #1 is opened, let the speed of the water
emerging from the hole be denoted by v. What would
this speed be if the tank were instead filled with a fluid of
specific gravity 0.5 (and negligible viscosity)?
A.
B.
C.
D.

v/2
v
2v
4v
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Passage 21 (Questions 1-5)

3.

If the flow of blood through a vessel is laminar, then certain
aspects of this flow can be analyzed using Poiseuille’s law:
∆P =

8η Lf
πR 4

Here, R is the radius of the blood vessel, L is its length, f is
the volume flow rate, η is the viscosity, and ∆P is the drop in
pressure between the ends of the vessel.

A.
B.
C.
D.
4.

However, if the flow is turbulent, then Poiseuille’s law is not
applicable. (Turbulent flow actually has a practical application:
When blood pressure is measured with a sphygmomanometer, a
stethoscope is used to hear the resulting noisy, turbulent blood
flow.) The state of the flow can be predicted by computing the
Reynolds number, N, which is given by the equation
N=

If the artery were occluded (that is, blocked) so that its
effective radius were halved, but the volume of blood
flow per second through the artery remained unchanged,
then the pressure change would:

Which one of the following best illustrates the graph of
pressure drop magnitude versus tube length for laminar
flow (with steady volume flow rate) in a tube of constant
diameter?
A.

2.

Approximate the volume flow rate through this artery.
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9 × 10–11 m3/s
1 × 10–9 m3/s
1 × 10–6 m3/s
9 × 10–3 m3/s

Which one of the following can be used as an alternate
expression for calculating the Reynolds number through
a tube with circular cross section in terms of the volume
flow rate, f ?
A.

2 fR
πηρ

B.

2Rρ
πη f

C.

2 fρ
πRη

D.

2Rρ f
πη

© The Princeton Review, Inc.

∆P

2 vρ R
η
L

L
C.

D.
∆P

Consider a small section of an artery with diameter 50 µm,
length 1 mm, and a 1200-Pa pressure drop across its length. The
viscosity of blood is 0.002 Pa-s, and its specific gravity is 1.06.

A.
B.
C.
D.

B.
∆P

where v is the speed of the flow, and ρ is the density of the blood.
If N < 2000, then the flow is laminar; if N > 3000, then the flow
is turbulent; and if 2000 < N < 3000, no prediction can be made.

1.

decrease by a factor of 4.
decrease by a factor of 16.
increase by a factor of 4.
increase by a factor of 16.

∆P

L

5.

L

Which one of the following changes could cause a
laminar flow to become turbulent?
A.
B.
C.
D.

Increasing the viscosity of the fluid
Decreasing the density of the fluid
Increasing the length of the flow tube
Increasing the speed of the fluid

Physics

Passage 22 (Question 1-5)
***ADVANCED PASSAGE***

1.

Blood flow through the vascular system of the human body
is controlled by several factors. The rate of flow, Q, is directly
proportional to the pressure differential, ∆P, between any two
points in the system and inversely proportional to the resistance,
R, of the system:

The cross sectional area of the aorta is approximately 4
cm2 and the total cross sectional area of the major arteries
is 20 cm2. If the speed of the blood in the aorta is 30 cm/
sec, what is the average blood speed in the major arteries?
A.
B.
C.
D.

5 cm/sec
6 cm/sec
120 cm/sec
150 cm/sec

Q = ∆P/R
Equation 1

2.

The resistance, R, is dependent on the length of the vessel, L,
the viscosity of blood, η, and the vessel’s radius, r according to
the equation
R=

8η L
πr 4

A.
B.
C.
D.

Equation 2
Under normal conditions, vessel length and blood viscosity
do not vary significantly. However, certain conditions can cause
changes in blood content, thereby altering viscosity. Veins are
generally more compliant than arteries due to their less muscular
nature. The flow of blood through the major arteries can be
approximated by the equations of ideal flow.
The dynamics of fluid movement from capillaries to
body tissue and back to capillaries is also driven by pressure
differentials. The net filtration pressure is the difference between
the hydrostatic pressure of the blood in the capillaries, Pc, and
the hydrostatic pressure of tissue fluid outside the capillaries,
Pi. The oncotic pressure is the difference between the osmotic
pressure of the capillaries, Pc (approximately 25 torr), and the
osmotic pressure of the tissue fluids, Pi (negligible). Whether
fluid moves into or out of the capillary network depends on
the magnitudes of the net filtration and oncotic pressures. The
direction of fluid movement can be determined by calculating the
following pressure differential:
∆P = (Pc + Pi) – (Pi + Pc)
Equation 3
The sum in the first set of parentheses gives the pressure
acting to move fluid out of the capillaries, while the sum in the
second set of parentheses gives the pressure acting to move fluid
into the capillaries.

Blood flow to the various systems in the body is regulated
by the dilation and constriction of the blood vessels.
After a person has eaten a large meal, the blood vessels
supplying the digestive system dilate, increasing their
radii by 50%. As a result of this blood vessel dilation, the
flow of blood to the digestive system will:

3.

Adaptation to life at high altitudes is characterized by
polycythemia (high red blood cell count). Excluding other
physiological compensations, what is the effect of this
change on the flow of blood?
A.
B.
C.
D.

4.

increase to 500% of the original flow.
increase to 225% of the original flow.
increase to 150% of the original flow.
decrease to 50% of the original flow.

Flow is decreased because viscosity is decreased.
Flow is increased because viscosity is decreased.
Flow is decreased because viscosity is increased.
Flow is increased because viscosity is increased.

At the venular end of skeletal muscle capillaries, the
hydrostatic pressure of the capillary is 17 torr and the
hydrostatic pressure of the surrounding tissue is 1 torr.
Fluid movement is from:
A.

the capillary to the tissue, at a rate proportional to
7 torr.
B. the tissue to the capillary, at a rate proportional to
7 torr.
C. the capillary to the tissue, at a rate proportional to
9 torr.
D. the tissue to the capillary, at a rate proportional to
9 torr.
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5.

According to the following schematic diagram of
systemic circulation, which of the following is true?
Lungs

Vena
cava

Hepatic
artery
Splenic
artery

Liver
Hepatic
vein
Kidney

Hepatic
portal vein

Mesenteric artery
(from intestine)
Renal
afferent arterioles
Renal
efferent arterioles

A.

Vascular architecture of organs is in series so total
peripheral resistance is greater than the resistance of
individual organs.
B. Vascular architecture of organs is in parallel so total
peripheral resistance is greater than the resistance of
individual organs.
C. Vascular architecture of organs is in series so total
peripheral resistance is less than the resistance of
individual organs.
D. Vascular architecture of organs is in parallel so total
peripheral resistance is less than the resistance of
individual organs.

Passage 23 (Questions 1-7)
***ADVANCED PASSAGE***
If an incompressible fluid is flowing steadily through a pipe,
the amount of fluid passing any given point must be the same
everywhere in the pipe—otherwise, there would be a pileup at
some point—an impossibility if the fluid is incompressible. This
notion is expressed mathematically by the continuity equation:
A1v1 = A2v2 for any two points (1 and 2) in the pipe. The A’s
denote the cross-sectional areas of the pipe at the indicated
points, and the v’s are flow speeds.
If, in addition to being incompressible and flowing steadily,
the fluid is nonviscous, then we can use conservation of energy
to derive a useful equation. We have W = ∆K + ∆U where W
is the work done on some given small volume of fluid by the
forces exerted by the surrounding fluid, and the right-hand side
represents the total change in energy (kinetic, K, and potential,
U) of the given volume of fluid when it moves from Point 1 to
Point 2. By dividing this equation by the volume of fluid under
consideration, we obtain Bernoulli’s equation:
P1 + 12 ρ v12 + ρgh1 = P2 + 12 ρ v22 + ρgh2
where P represents fluid pressure, ρ is fluid density, g is the
gravitational acceleration, h is the height of the fluid above some
reference point, and v is the flow speed.
Two typical situations in which Bernoulli’s equation is useful
are shown below:
A1
v1
P1

A1

A2
v2
P2

Figure 1
surface of fluid
y2

plug

fluid
y1

Figure 2 The surface of the fluid is exposed to the
atmosphere
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Physics

1.

Which of the following is true regarding the flow speeds
and pressures in Figure 1?
A.
B.
C.
D.

2.

3.

4.

v1 > v2 and P1 > P2
v1 < v2 and P1 < P2
v1 > v2 and P1 < P2
v1 < v2 and P1 > P2

Which of the following is one reason that Bernoulli’s
equation does NOT apply to a viscous fluid?
A.
B.
C.
D.

5.

A.
B.
C.
D.

6.

The density, ρ, depends on the viscosity.
Energy is not conserved in viscous fluid flow.
Turbulence is more likely if the fluid is viscous.
There is no term in the equation corresponding to the
production of heat.

In Figure 2, if the plug is pulled out, what is the speed
of the water as it exits the hole? (Ignore viscosity and
assume that the hole is small so that the speed at which
the level of water in the tank is falling is negligible.)
A.

2 gy1

B.

2 gy2

C.

g ( y2 − y1 )

D.

2 g ( y2 − y1 )

In Figure 1, if the fluid flows in such a way that A1v1 >
A2v2, then we may conclude that:
the fluid is not incompressible.
energy is not conserved.
the fluid has high viscosity.
the cross-sectional area of the pipe is actually larger
at Point 2 than at Point 1.

If Fluid #1 has density ρ1 and viscosity η1, while Fluid
#2 has density ρ2 and viscosity η2, where ρ1 > ρ2, which
of the fluids would be described more accurately by
Bernoulli’s equation?
A.
B.
C.

Fluid #1
Fluid #2
The equation would work equally well for either
fluid.
D. Cannot be determined from the information given

7.

In a straight pipe of uniform cross-sectional area filled
with a nonviscous, incompressible fluid, the pressure at
one end is equal to the pressure at the other end. Which of
the following statements is/are true?

In Figure 2, the pressure on the plug which tries to push it
outward:

I. The volume flow rate is zero because there is
no net force on the fluid.
II. The volume flow rate is constant throughout
the pipe because the cross-sectional area is
uniform.
III. The pipe is not inclined relative to the
horizontal since the pressure is constant.

A.
B.
C.
D.

A.
B.
C.
D.

is higher than the atmospheric pressure.
is lower than the atmospheric pressure.
is equal to the atmospheric pressure.
may be higher or lower than atmospheric pressure,
depending on the value of y2.

I and III only
II and III only
II only
I, II, and III

© The Princeton Review, Inc.
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Passage 24 (Questions 1-6)

2.

A positive charge Q = 10–9 coulomb is fixed at the origin of
an x-y coordinate system. Three positions X, Y, and Z are to be
considered: Point X is 3 cm from the origin on the x axis, Point
Y is 3 cm from the origin on the y axis, and Point Z is 4 cm from
the origin on the x axis, as shown in the diagram below.
Another positive charge q = 10–14 coulomb will be used to
observe various electrostatic effects produced by the electric
field created by the charge Q. (Note: The value of Coulomb’s
constant is 9 × 109 N⋅m2 / C2.)
y

3.
Y

Q

X

Z

x

4.

4 cm

5.
Let FX be the magnitude of the electrostatic force felt by
q (due to Q) when q is placed at Point X, and let FY be
the magnitude of the electrostatic force felt by q (due to
Q) when q is placed at Point Y. Which of the following is
true?
FX = FY
FX = 2FY
FX = 3FY
FX = 9FY

FX =

3
F
4 Z

B.

FX =

4
F
3 Z

C.

FX =

9
F
16 Z

D.

FX =

16
F
9 Z

By how much will the electrostatic potential energy of q
change when q is moved from Position Z to Position X?

(10 –4 N / C)i
(10 –4 N / C)(–i)
(10 4 N / C)i
(10 4 N / C)(–i)

Let W1 be the work required (against the electrostatic
field) to move q from Position Z to Position Y, and let
W2 be the work required to move q from Position Z to
position X. Which one of the following is true?
A.
B.
C.
D.

6.

It will decrease by 7.5 × 10 –15 joule.
It will decrease by 7.5 × 10 –13 joule.
It will increase by 7.5 × 10 –15 joule.
It will increase by 7.5 × 10 –13 joule.

What is the electric field at Point X due to the Charge Q?
A.
B.
C.
D.

3 cm

A.
B.
C.
D.

A.

A.
B.
C.
D.

3 cm

1.

Let FX be the magnitude of the electrostatic force felt by
q (due to Q) when q is placed at point X, and let FZ be
the magnitude of the electrostatic force felt by q (due to
Q) when q is placed at Point Z. Which of the following is
then true?

W1 = W2
W1 = 3W2
W1 = 4W2
W1 = 5W2

If q is placed at Position X and released, then:
A.
B.
C.

q will move toward Q with increasing acceleration.
q will move toward Q with decreasing acceleration.
q will move away from Q with increasing
acceleration.
D. q will move away from Q with decreasing
acceleration.
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Passage 25 (Questions 1-7)

3.

Consider the two equal positive charges Q = 1.1 × 10–10
coulomb placed on the x and y axes a distance d = 1 mm from the
origin as shown in the diagram below. These charges are fixed
in place and create a steady electric field. Furthermore, every
position in the plane also possesses a value for the electrostatic
potential. The potential at each position is uniquely determined
by the standard assumption that at points infinitely far from the
charges, the potential is zero.
Two small test charges (a proton and an electron) will be
used to observe the effects of this electric field. The magnitude
of the charge on both the proton and the electron is the
elementary charge, e = 1.6 × 10–19 C. The mass of a proton is
1.67 × 10–27 kg, and the mass of an electron is 9.11 × 10–31 kg.
(Note: The value of Coulomb’s constant is k = 9 × 109 N⋅m2 / C2.)

A.
B.
C.
D.
4.

5.

+Q

origin

6.

+Q
x

At how many positions in the x-y PLANE diagram above
is the electric field strength equal to 0?
A.
B.
C.
D.

2.

0
1
2
4

7.

0
1
2
4

What is the electrostatic potential at the origin?
A.
B.
C.
D.

d = 1 mm

1.4 × 103 N/C
2.0 × 103 N/C
1.4 × 106 N/C
2.04 × 106 N/C

At how many positions (not including the position
at “infinity”) in the x-y PLANE diagram above is the
electrostatic potential equal to 0?
A.
B.
C.
D.

d = 1 mm

along the x axis, away from the charges.
along the y axis, away from the charges.
at a 45° angle to the x axis, away from the charges
at a 45° angle to the x axis, toward the charges.

What is the magnitude of the electric field at the origin?
A.
B.
C.
D.

y

1.

If a proton were placed at the origin and released, it would
move:

1000 volts
1400 volts
2000 volts
2800 volts

Let ap be the magnitude of the initial acceleration of a
proton placed and released at the origin, and let ae be the
magnitude of the initial acceleration of an electron placed
and released at the origin. Compute the ratio ae/ap.
A.
B.
C.
D.

5.5 × 10 –4
1
1.8 × 103
1.6 × 1019

How many times greater would the magnitude of
electrostatic force between the two charges Q be if one
of the charges were instead fixed at the origin and the
position of other Q were unchanged?
A.
2
B. 2
C. 2 2
D. 4
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Passage 26 (Questions 1-7)

1.		

Figure 1 shows a circuit consisting of a resistor network, a
capacitor network, and a battery. Points 1, 2, 3, and 4 can be
connected in various ways so that the circuit can perform different
functions. When Points 1 and 2 are connected, for example, the
capacitor network is discharged. In order to supply an external
component with power, it could be connected between Points 1
and 4.
In the circuit below, each resistor has a resistance of 2 Ω,
and each capacitor has a capacitance of 2 µF (unless otherwise
stated).

A.
B.
C.
D.
2.

R4

R5

R6

R3

3.

R7

C1
C3

C2

C5

C4

Figure 1
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2/3 Ω
2Ω
6Ω
8Ω

Points 3 and 4 are connected. Assume the resistor network
has a total resistance of 10 Ω. If the battery produces a
potential difference of 15 V, how much charge will flow
through the network in 1 second?
A.
B.
C.
D.

1

0.4 A
0.8 A
1.2 A
2.0 A

What is the total resistance across Resistors 1, 2 and 3?
A.
B.
C.
D.

R2
R1

Points 3 and 4 are connected. Charge is flowing out of the
battery at a rate of 2 A and through Resistors R1 and R5 at
a rate of 0.4 A. How much current is flowing through R4?

2/3 C
3/2 C
10/3 C
36/5 C

2
4

3

4.

Assume that Points 3 and 4 are connected and that the
battery produces a potential difference of 30 V. If the
resistor network consumes energy at a rate of 3 W, what is
the resistance of the network?
A.
B.
C.
D.

0.3 Ω
3Ω
30 Ω
300 Ω

Physics

5.

What is the total capacitance across C1 and C2?
A.
B.
C.
D.

6.

The capacitor network is charged so a potential difference
of 10 V exists across the network. Points 2 and 3 are then
connected. If the resistor network has a total resistance of
10 Ω and the capacitor network has a capacitance of 1 µF,
how much energy will be consumed by the resistors?
A.
B.
C.
D.

7.

1/2 µF
1 µF
2 µF
4 µF

1 × 10–6 J
1 × 10–5 J
5 × 10–5 J
1 × 10–4 J

Passage 27 (Questions 1-7)
The capacitance of a parallel-plate capacitor is given by the
equation C = Kε0A/d, where K is the dielectric constant for the
insulating material between the plates (K = 1 for vacuum), ε0 is
a constant known as the permittivity of free space (ε0 = 8.85 ×
10–12 C2/N-m2), A is the area of each plate, and d is the distance
between the plates.
A circuit containing a voltage source, a capacitor, and a
resistor is shown in Figure 1. When the switch S is moved to
Position 1, the capacitor is charged by the battery. When the
switch is moved to Position 2, the capacitor discharges through
the resistor, R.
1

A component that does NOT obey Ohm’s law is
connected between Points 1 and 4. The unknown
component behaves as shown in the graph below.

10 V

S

C = 1 µF

2

R

I (amps)
Figure 1

1
1.

100
		

V (volts)

A.

The material between the plates must not conduct
electricity.
B. The plates must be connected to ground.
C. There must be zero potential difference between the
plates.
D. The plates must be connected to a voltage source.

If a battery that produces a potential difference of 50
V is used, at what rate will energy be consumed by the
component?
A.
B.
C.
D.

5W
25 W
50 W
100 W

In order for charged parallel plates to act as a capacitor,
which of the following must be true?

2.

If the plates of the capacitor in Figure 1 are separated by
a distance of 1 cm, what is the magnitude of the electric
field generated between the plates when the capacitor is
fully charged?
A.
B.
C.
D.

1 V/m
10 V/m
100 V/m
1000 V/m
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3.

When the capacitor in Figure 1 is fully charged, how
much energy is stored in it?
A.
B.
C.
D.

4.

1 × 10–5 C
5 × 10–5 C
1 × 10–4 C
5 × 10–4 C

How much work must be done to move a –2 coulomb
charge from the positive plate to the negative plate of a
capacitor charged to 10 V?
A.
B.
C.
D.

6.

0.2 J
5J
20 J
200 J

If two capacitors of unequal capacitance are connected in
series, the capacitance of the combination will be:
A.

greater than that of the capacitor with higher
capacitance.
B. equal to that of the capacitor with higher capacitance.
C. between the capacitances of the two capacitors.
D. less than that of the capacitor with lower capacitance.

7.

The movement of electric charge through a wire is known to
produce a magnetic field whose direction at a given point is in
accordance with the “Right Hand Rule.” If the wire is straight
and relatively long, then the strength of the field produced by
such a wire carrying a current I is given by the equation:
B=

When the capacitor in Figure 1 is fully charged, what is
the magnitude of charge on each plate?
A.
B.
C.
D.

5.

1 × 10–5 J
5 × 10–5 J
1 × 10–4 J
5 × 10–4 J

Passage 28 (Questions 1-6)

µ0 I
2πr

Equation 1
where µ0 is a constant (= 1.26 × 10–6 T m/A, the permeability of
free space) and r is the distance from the wire.
It is also known that if a wire carrying a current I is itself
in an externally-produced magnetic field B, then the wire will
experience a force, F = I L × B, where L is the vector whose
magnitude is the length L of the wire and whose direction is the
same as the direction of the current in the wire. The magnitude of
this magnetic force is given by
F = ILB sin θ
Equation 2
where θ is the angle between L and B and the direction of the
force is given by a separate Right Hand Rule.
A researcher works with the apparatus shown below in
Figure 1. The circuit contains a voltage source and a resistor,
and a portion (denoted XY, with a length of 4 meters) of one
of the wires is situated in an externally-produced magnetic field,
Bext. The wires lie in the plane of the page, and Bext is directed
perpendicularly into the plane of the page.
4m

If two capacitors of unequal capacitance are connected in
parallel, the capacitance of the combination will be:

X

×

A.

greater than that of the capacitor with higher
capacitance.
B. equal to that of the capacitor with higher capacitance.
C. between the capacitances of the two capacitors.
D. less than that of the capacitor with lower capacitance.

×

P

× Bext

×

×

×

I
I

Figure 1
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1.

The direction of the force exerted on the wire by the field
is:

4.

A.

parallel to the wire and perpendicular to the field
lines.
B. parallel to the wire and parallel to the field lines.
C. perpendicular to the wire and parallel to the field
lines.
D. perpendicular to the wire and perpendicular to the
field lines.

2.

The magnetic field at Point P created by the current in the
wire is:
A.
B.
C.
D.

3.

A.
B.
C.
D.
5.

parallel to Bext.
antiparallel to Bext.
perpendicular to Bext and parallel to the wire.
perpendicular to both Bext and the wire.

If the current within a wire is 6.28 A, what is the
magnitude (in teslas) of the magnetic field created by the
current at a point 50 cm from the wire?
A. 12 µ0
B. µ0
C. 2µ0
D. 4µ0

Assume that the potential difference between Points X
and Y is 9 V, that the combined resistance of the Wire XY
and resistor is 3 Ω, and that the magnitude of the external
field Bext is 0.5 T. What is the strength of the magnetic
force exerted on wire XY?

Assume that the current in Wire XY is 12 A and that the
magnitude of the external magnetic field is 2 T. If the wire
were moved so that is was parallel to the external field,
then it would experience a magnetic force of:
A.
B.
C.
D.

6.

6N
9N
12 N
24 N

0 N.
48 N.
96 N.
192 N.

If the combined resistance of Wire XY and the resistor
were 15 Ω, and the power dissipated from one end of
the wire to the other is 60 W, what would be the current
within the wire?
A.
B.
C.
D.

0.5 A
1A
2A
4A
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Passage 29 (Questions 1-8)

1.

The apparatus depicted in Figure 1 consists of two long
parallel wires suspended from light insulating threads.

Among the following graphs, which one best depicts the
possible values of ia and ib for which the distance between
the two wires and the force between them in Figure 1 will
remain constant?
A.

B.
ib

θ

ib

r

supporting
threads

θ

ia

ia

C.

D.
ib

re
Wi

b

P

ia

ib
Figure 1

2.

The current in each wire creates a magnetic field whose
strength at a point a distance r from the wire is given by
B=

µ0 i
2πr

where i is the current in the wire and µ0 is a constant known as
the permeability of free space.
A charged particle traveling through a magnetic field
experiences a magnetic force. In particular, the electrons moving
through one current-carrying wire are exposed to the magnetic
field produced by another current-carrying wire. If the wires are
separated by a distance r, then each wire will experience a force
per unit length proportional to ia and ib:
F µ0 ia ib
=
L
2πr
Equation 2
If the currents in the wires flow in the same direction, then
the force F will tend to draw the wires together; this would cause
each of the angles marked θ in Figure 1 to be greater than 90°.
On the other hand, if the currents in the wires flow in opposite
directions, the force F will tend to push the wires apart, thereby
causing each of the angles marked θ in Figure 1 to be smaller
than 90°.

© The Princeton Review, Inc.

3.

ia

Assume for purposes of this question that the two wires
depicted in Figure 1 each carry the same current, i. An
error in measuring which one of the following quantities
would have the greatest effect on the accuracy of
prediction for the attractive or repulsive force, F, on each
wire?
A.
B.
C.
D.

Equation 1

|

ib

Q

a

re
Wi

88

ia

µ0
i
π
r

If all other experimental factors are held constant,
doubling the magnitude of current in either of the wires
would:
A.
B.
C.

halve the attractive or repulsive force on each wire.
double the attractive or repulsive force on each wire.
quadruple the attractive or repulsive force on each
wire.
D. have no effect on the attractive or repulsive force on
each wire.

Physics

4.

Suppose that Wires a and b carry current of equal
magnitude in opposite directions. If B is the magnitude
of the magnetic field created by Wire a at Point Q
(which lies within the plane defined by the wires and is
equidistant from each wire), what is the magnitude of the
net magnetic field at Point Q due to both wires?
A.
B.
C.
D.

5.

µ0 T, downward.
µ0 T, upward.
2µ0 T, downward.
2µ0 T, upward.

0.5 Ω
2.5 Ω
20 Ω
50 Ω

If the two wires depicted in Figure 1 dissipate energy at
the rate of 100 W, how long will it take for the apparatus
to release 1.5 kJ of energy?
A.
B.
C.
D.

8.

A

•
•

B

1
2
1
2

If one of the two wires depicted in Figure 1 carries a
current of 10 A and the potential difference between the
ends of the wire is 5 V, what is the effective resistance
between the ends of the wire?
A.
B.
C.
D.

7.

The circuit below contains a battery, a capacitor, and two
resistor networks. Each component is wired in series with a
switch that when closed connects that component to the rest of
the circuit. Consider the schematic diagram below.

•
•

C

•
•

D

•
•

If Point P is 1 m from Wire b and ib is 3.1 A, then the
magnitude and direction of the magnetic field due to Wire
b at Point P would be approximately:
A.
B.
C.
D.

6.

0
B/2
B
2B

Passage 30 (Questions 1-7)

0.067 sec
1.5 sec
15 sec
67 sec

Figure 1
Each of the resistors shown has a resistance of 2 ohms. The
capacitor has a capacitance of 0.5 F. The battery generates a
potential difference of 10 V across its terminals. Unless otherwise
specified, assume that the resistance of all other components,
including the wire used, is negligible.
An experiment was performed to investigate how a capacitor
discharges. Switches C and D were closed. Later, after the
capacitor had sufficient time to fully charge, Switch D was
then opened and Switch A was closed. The potential difference
between the plates of the capacitor and the current flowing
through the resistors were periodically measured. The results are
listed in Table 1.
Time
Potential
(s) Difference (V)

Current
(A)

0

10.0

1.67

1

7.2

1.20

2

5.2

0.87

3

3.7

0.62

Table 1
The definition of the ampere reads as follows: “One
ampere is that current which, if present in each of two
parallel wires of infinite length and one meter apart in
empty space, causes each wire to experience a force of
exactly 2 × 10–7 newtons per meter of length.” What then
is the numerical value of µ0?

Notes: Since the charge of an electron is –1.6 × 10–19 C, it
takes 6.25 × 1018 electrons to give a total charge magnitude of
one coulomb. Unless otherwise specified, assume that a switch
in Figure 1 is open.

A. 12 π × 10–7 N/A2
B. π × 10–7 N/A2
C. 2π × 10–7 N/A2
D. 4π × 10–7 N/A2

© The Princeton Review, Inc.

|

89

MCAT Science Workbook

1.

The electric field is measured at a distance r from a
charged particle with charge q and found to be E. How
strong will the field be at a distance 4r from the charge?

4.

A.
B.

heat causes the components to expand.
the resistance of most substances increases with
temperature.
C. the components give off energy in the form of heat.
D. the conductance of most substances increases with
temperature.

A. 161 E
B. 81 E
C. 8E
D. 16E
2.

Which one of the following graphs best represents the
dependence of stored charge on time as a capacitor
discharges?

q

q

6.

q

t

7.

1.0 A
1.7 A
5.0 A
15.0 A

© The Princeton Review, Inc.

decrease by a factor of 2.
remain the same.
increase by a factor of 2.
increase by a factor of 4.

A potential difference of 10 V is present between the
plates of a capacitor. How much work must be done to
move 6.25 × 1018 electrons from the positive plate to the
negative plate?
A.
B.
C.
D.

t

If Switches A and D are closed, what is the current in the
circuit?
A.
B.
C.
D.

|

t

D.

C.

Switches B and D are closed. If the number of resistors
connected in parallel were doubled, the rate at which
energy was consumed by the resistors would:
A.
B.
C.
D.

q

t

90

5.

B.

A.

3.

A large reduction in the temperature of the resistors would
increase current in the circuit because:

5J
10 J
20 J
40 J

Which of the following diagrams best represents the
electric field present between the plates of a capacitor
when the top and the bottom plates are positively and
negatively charged, respectively?
A.

B.

C.

D.

Physics

Passage 31 (Questions 1-5)

1.

Electronic equipment used in modern-day hospitals poses
a potential shock danger for patients and health care workers.
The harmful effects of electricity are dependent mainly upon
the amount of current which flows through the body, the path it
follows through the body, and, in the case of alternating current,
the frequency of the current. Figure 1 illustrates the effect of
frequency on shock sensitivity.

Current (mA)

20

According to Table 1, what is the resistance of dry intact
skin?
A.
B.
C.
D.

2.

region of
“can’t let go”
current

10 Ω
100 Ω
1000 Ω
10,000 Ω

Which of the following is the most likely explanation for
the differences in current-conducting responses in wet
and dry skin?
A.

Decreased conductance of the skin due to increased
surface area
B. Increased conductance of the skin due to increased
thickness
C. Increased conductance of the skin due to dissolved
electrolytes
D. Decreased conductance due to shunting of the
current, bypassing the skin

threshold of
sensation curve

10

0
101

102

103

104

3.

Frequency of arm-to-arm
current (Hz)
Figure 1
Current medical opinion is that ventricular fibrillation,
the random chaotic activity of the heart, is the usual cause of
death due to electric shock. However, the heart is not the only
muscle sensitive to electric shock. Hand muscles can be caused
to contract by external stimulus, adding to the hazard because
a person holding a wire may be unable to release his grip. The
moisture of the skin is a prime determinant of how a given
voltage will affect a person, since the skin is the most resistive
element through which the current must flow in order to reach
the internal organs. Table 1 shows the physiological effects of
60-Hz AC current through intact skin and the body trunk.

Current

If a person were holding a wire that had a current
alternating with a frequency of 10 kHz, how much current
must flow through the person’s intact skin in order for her
to feel it?
A.
B.
C.
D.

0.01 mA
1 mA
5 mA
10 mA

Physiological Effect

Voltage Required to
Produce the Current
dry skin

wet skin

1 milliampere

Threshold of feeling

10 V

1 V

5 milliamperes

Accepted as maximum harmless current

50 V

5 V

10-20 milliamperes

Beginning of sustained muscular
contraction (“can’t let go” current)

100-200 V

10-20 V

50 milliamperes

Pain, possible fainting and exhaustion

500 V

50 V

100-300 milliamperes

Ventricular fibrillation, fatal if continued 1000-3000 V 100-300 V

(Note: A direct current of 20 mA through the heart is fatal.)
Table 1
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4.

A bird landing on a high-voltage wire on a rainy day is
not shocked even though it is in contact with thousands of
volts. What is the most probable explanation for this?
A.

The bird’s feathers provide electric insulation for its
internal organs.
B. The bird’s muscles do not function by responding to
electricity.
C. The bird’s feet are both at the same potential, so
there is no current flow.
D. The rain provides a low resistance path by which the
current avoids going through the bird.

5.

Passage 32 (Questions 1-4)
A 9 V battery (with negligible internal resistance) drives a
simple circuit containing three identical 1 Ω resistors, two of
which are placed in parallel as shown.
9 volts

R2
R1

According to Figure 1, which of the following frequencies
of 10-mA current would pose the greatest danger to an
electrician working with an electrically-live wire?
A.
B.
C.
D.

1 Hz
100 Hz
1000 Hz
10,000 Hz

R3

1.

Find the current through R1.
A.
B.
C.
D.

2.

If V2 is the voltage drop across R2, and V3 is voltage drop
across R3, then which of the following is true?
A.
B.
C.
D.

3.

|
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1.5 amps
3.0 amps
4.5 amps
6.0 amps

Find the heat energy dissipated in 4 seconds by R3.
A.
B.
C.
D.

92

V2 = 2V3
V3 = 2V2
V2 = V3
V2 + V3 = 9

Find the current through R2.
A.
B.
C.
D.

4.

1.5 amps
3.0 amps
4.5 amps
6.0 amps

12 joules
24 joules
36 joules
144 joules

Physics

Passage 33 (Questions 1-4)

Passage 34 (Questions 1-4)

Consider the following circuit, containing two seats of
electromotive force: a 9 V battery and a 12 V battery (each
with negligible internal resistance). Two resistors, R1 = 1 Ω and
R2 = 2 Ω, are placed within the circuit as shown.

The source of electromotive force in the following circuit
is provided by a direct-current generator (denoted G), The
effectively providing an 18 V potential difference between its
terminals. The resistor R1 is rated at 3 Ω, and R2 is 6 Ω.

9V
R1
G

12 V

1.

2.

1.

2.

How much power is dissipated as heat by R2?
A.
B.
C.
D.

4.

1 watt
2 watts
4 watts
12 watts

How much energy is provided by the 12-volt battery in 3
seconds?
A.
B.
C.
D.

9 joules
12 joules
27 joules
36 joules

2 amps
3 amps
6 amps
9 amps

Let V1 be the voltage drop across R1 and let V2 be the
voltage drop across R2. Which of the following statements
is true?
A.
B.
C.
D.

4.

2 amps
3 amps
6 amps
9 amps

Find the current through R2, the 6 Ω resistor.
A.
B.
C.
D.

I1 = I2
I1 = 2I2
I2 = 2I1
I1 + I2 = 3
3.

3.

Find the current through R1, the 3 Ω resistor.
A.
B.
C.
D.

0 amps
1 amps
3 amps
4 amps

If I1 is the current through R1, and I2 is the current through
R2, then which of the following is true?
A.
B.
C.
D.

R2

R2

Find the current flowing through R1.
A.
B.
C.
D.

R1

V1 = 2V2
V1 = V2
V2 = 2V1
V2 = 4V1

If P1 is the power dissipated by R1, and P2 is the power
dissipated by R2, then which of the following is true?
A.
B.
C.
D.

P1 = 2P2
P1 = P2
P2 = 2P1
P2 = 4P1

© The Princeton Review, Inc.
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Passage 35 (Questions 1-8)

1.

Figure 1 below shows a 20 cm × 20 cm square loop of wire,
carrying a current I = 10 amps (A), in a uniform magnetic field
B pointing to the right with magnitude B = 0.5 tesla (T). The
magnetic forces on the left side (PQ) and right side (RS) of the
loop each have magnitude
F = ILB

Which one of the following correctly describes the SI unit
of magnetic field, the tesla?
A.
B.
C.
D.

2.

Equation 1

What is the magnitude of the torque on the loop PQRS in
Figure 1?
A.
B.
C.
D.

The force F will be in newtons when the current is expressed
in amperes, the length of the side, L, is in meters, and the field
strength, B, is in teslas. The torque on the loop has magnitude

1 tesla = 1 N⋅A/m
1 tesla = 1 N⋅m/A
1 tesla = 1 N/(A⋅m)
1 tesla = 1 N⋅m2/A

0 N⋅m
0.1 N⋅m
0.2 N⋅m
2 × 103 N⋅m

τ = IAB sin θ
3.

Equation 2

A.
B.
C.
D.

where A is the area of the loop and θ is the angle between the
magnetic field and a vector normal to the plane of the loop.
No matter how the loop is oriented in the field, the net force
on the loop is zero because the forces on the left and right sides
of the loop point in opposite directions and are of the same
magnitude. This result, as well as the formula given above for
the torque τ, apply for a loop of wire of any shape.
Q

4.

R

P

S
Figure 1

|
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Into the plane of the loop
Out of the plane of the loop
To the left, perpendicular to PQ
To the right, perpendicular to PQ

B
5.

94

0N
1N
10 N
100 N

What is the direction of the force on wire PQ?
A.
B.
C.
D.

I
B

What is the magnitude of the magnetic force on wire QR?

If the loop were rotated so that the magnetic field were
perpendicular to the plane of the wire, what would then
be the torque on the loop?
A.
B.
C.
D.

0 N⋅m
0.1 N⋅m
0.2 N⋅m
2 × 103 N⋅m

Physics

6.

If a circular loop of wire with a 10 A current were
suspended from a thread and a uniform 1.0 T magnetic
field pointing to the right were turned on, the center of
mass of the loop would:
A.
B.
C.
D.

7.

move to the right.
move to the left.
execute periodic motion.
remain fixed.

Q

B

B

S
		

P

Capacitance is measured in farads, where 1 farad (F) = 1 C/V.
Standard capacitors can be combined in an electrical circuit in
order to provide whatever particular capacitance is desired. One
method of combining capacitors is placing them in series (that
is, one after the other), and another is placing them in parallel
(that is, side by side). Whenever a group of capacitors is placed
either in series or in parallel, we can calculate the equivalent
capacitance, Ceq, of the combination.
Figure 1 below illustrates three capacitors, C1, C2, and C3, in
series:

Compared to the torque in the original orientation in
Figure 1, the torque on the loop would now be:

C1

A.
B.
C.

C3

zero.
unchanged in magnitude and direction.
unchanged in magnitude but pointing in the opposite
direction.
D. changed in both magnitude and direction.

8.

One of the fundamental roles of a capacitor in a circuit is to
store electrical potential energy. If C is the capacitance [equal to
Q/V , where Q is the magnitude of charge on each plate, and V is
the resulting potential difference (voltage)], then the quantity of
energy stored is given by the equation
PE = 12 CV  2

Suppose the loop in the figure were rotated 180° to the
following configuration:
R

Passage 36 (Questions 1-6)

If the magnetic field in Figure 1 were pointing upward
rather than to the right, then:
A.
B.
C.

there would be no magnetic forces on the loop.
the torque would have the same magnitude as before.
the flow of current would be impeded by the
magnetic forces.
D. there would be no torque on the loop.

C2

Figure 1  Capacitors in series
Capacitors in series are characterized by the fact that the
charge magnitudes on them are identical. The capacitance
equivalent to a group in series is calculated by adding the
reciprocals of the individual capacitances, then taking the
reciprocal of that sum. That is, for the series combination in
Figure 1, the equivalent capacitance would be computed from
the following equation:
1
1
1
1
=
+
+
Ceq C1 C2 C3
Equation 1
Figure 2 illustrates three capacitors in parallel:
C1

C3

C2

Figure 2  Capacitors in parallel

© The Princeton Review, Inc.
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Capacitors in parallel are characterized by the fact that the
voltages across them are identical. The capacitance equivalent to
a group in parallel is calculated by simply forming the sum of the
individual capacitances. That is, for the parallel combination in
Figure 2, the equivalent capacitance would be:

5.

Using three 2 µF capacitors, which one of the following
combinations yields an equivalent capacitance of 3 µF?
A.

Ceq = C1 + C2 + C3
Equation 2
B.
1.

Assume that in Figure 1, C1 = 8 nF, C2 = 4 nF, and C3 = 8
nF. Find Ceq for this combination.
A.
B.
C.
D.

2.

C.

Assume that in Figure 2, C1 = 2 µF, C2 = 4 µF, and C3 =
4 µF. If the charge on capacitor C1 is Q1 = 10 µC, what is
the charge on capacitor C2?
A.
B.
C.
D.

3.

0.2 nF
0.5 nF
2 nF
20 nF

5 µC
10 µC
20 µC
Cannot be determined from the information given

During charging, four microcoulombs of negative charge
are transferred from one plate of an 8 µF capacitor to the
other plate. How much work was done by the electric
field during this charging process?

D.

6.

With Switch S open, an external voltage source (not
shown) is connected between points a and b and charges
capacitor C1 so that Vab = 12 V. The voltage source is then
disconnected. The capacitances of the capacitors shown
are C1 = 2 mF and C2 = 4 mF.
a

A. –4 µJ
B. –1 µJ
C. 1 µJ
D. 4 µJ
4.

Given two capacitors C1 and C2 in series, their equivalent
capacitance is:
A.
B.
C.
D.
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always less than either C1 or C2.
always in between C1 and C2.
always greater than either C1 or C2.
None of the above is necessarily true.

© The Princeton Review, Inc.

b

S
C1

C2

After the switch S is closed, what will then be the
common voltage across each of these parallel capacitors
(when electrostatic conditions are re-established)?
A.
B.
C.
D.

2V
3V
4V
6V

Physics

Passage 37 (Questions 1-7)
***ADVANCED PASSAGE***

1.

A.
B.
C.
D.

Two experiments are performed with a 2 µF parallel-plate
capacitor, a 12 V battery, and an insulator with dielectric constant
equal to 4 whose dimensions will allow it to just fit between the
plates of the capacitor.
Initial set-up procedure:

2.

With empty space between the plates, the battery is used to
charge the capacitor so that the potential difference between the
two plates is the same as the rating of the battery (12 V). The
charge on the plates is then calculated, and the uniform electric
field between the plates is measured.

3.

Experiment #2:
When the initial set-up procedure is repeated and completed,
the battery is disconnected from the plates, and the insulator
is then inserted between the plates. Measurements are taken
and recorded, the insulator is removed, and the capacitor is
discharged.

Q/4
Q
4Q
8Q

Let E be the strength of the electric field between the
plates at the end of the set-up procedure, and let E1 be the
strength of the field after the insertion of the dielectric in
Experiment #1. How does E1 compare to E?
A.
B.
C.
D.

4.

1.6 × 10 –7 coulomb
2.4 × 10 –5 coulomb
1.4 × 10 –4 coulomb
6.0 × 106 coulomb

If Q is the magnitude of the charge on each plate at the
end of the set-up procedure, what is the magnitude of the
charge after the insertion of the dielectric in Experiment
#1?
A.
B.
C.
D.

Experiment #1:
When the set-up procedure is completed and with the battery
still connected, the insulator is inserted between the plates of
the capacitor. Various measurements are taken and recorded, the
insulator is removed, and the capacitor is discharged.

Find the magnitude of the charge on each plate at the end
of the set-up procedure.

E1 = E
E1 = 2E
E1 = 4E
E1 = 16E

How much work is required to insert the dielectric in
Experiment #1?
A.
B.
C.
D.

6.0 × 10 –6 joule
1.2 × 10 –5 joule
9.6 × 10 –5 joule
4.3 × 10–4 joule

© The Princeton Review, Inc.
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5.

If Q is the magnitude of the charge on each plate at the
end of the set-up procedure, what is the magnitude of the
charge after the insertion of the dielectric in Experiment
#2?
A.
B.
C.
D.

6.

Let E be the strength of the electric field between the
plates at the end of the set-up procedure, and let E2 be the
strength of the field after the insertion of the dielectric in
Experiment #2. How does E2 compare to E?
A.
B.
C.
D.

7.

|

E2 = E /16
E2 = E /4
E2 = E /2
E2 = E

How has the stored electrical potential energy of the
capacitor changed as a result of inserting the dielectric in
Experiment #2?
A.
B.
C.
D.

98

Q/4
Q
4Q
8Q

It decreases to 1/4 of the previous value.
It decreases to 3/4 of the previous value.
It increases to 4/3 of the previous value.
It increases to 4 of the previous value.

© The Princeton Review, Inc.

Passage 38 (Questions 1-8)
***ADVANCED PASSAGE***
The free electrons in a copper wire at room temperature are
in constant thermal motion. They move in random directions
and frequently “collide” with flaws in the crystalline lattice
structure of copper atoms that makes up the metal. Such flaws
are always present in crystalline solids. The flaws are responsible
for the phenomenon of resistance to electric current because they
impede the progress of electrons moving through a wire. After a
collision, an electron could be moving in any direction regardless
of its initial momentum. Thus, the collisions randomize the
electron motion.
If the ends of a wire are attached to a source of potential
difference, an electric field is created in the wire along its length.
The resulting force causes electrons to accelerate in a direction
opposite to that of the field until they collide with a flaw in the
lattice. After the collision, the electron moves off in a random
direction and is again influenced by the electric field until the
next collision.
The extra speed of the electrons due to the field is, in ordinary
circuits, much smaller than their thermal speed. So an ordinary
potential difference causes only a slight systematic drift in a
direction opposite to the field direction, superimposed on the
random thermal motion. Under these conditions, the magnitude
of the drift velocity is directly proportional to the field strength,
E, and Ohm’s law holds.

Physics

1.

If the drift velocity of the electrons doubles, then the
value of the current, I, in coulombs per second:
A.
B.
C.
D.

2.

is reduced by a factor of 2.
is increased by a factor of 2.
is unchanged.
may increase or decrease depending on the
resistance.

higher temperatures produce more flaws in the
metal’s lattice structure.
B. higher temperature electrons move more slowly.
C. high temperatures cause Ohm’s law to fail.
D. high temperatures reduce the number of free
electrons.

7.
increase.
decrease.
remain the same.
be reduced to zero.

continue to flow steadily because the loop is a
complete circuit.
B. decrease and then remain constant.
C. decrease to zero because of the flaws in the copper
lattice.
D. drop immediately to zero because electrons cannot
move without an applied electric field.

B.
8.

C.

4.

The terminals of a battery are connected to two points on
a circular loop of copper wire and a current flows. The
battery is then removed. The current will:
A.

Which diagram best represents the velocities of electrons
in a copper wire in which the electric field points to the
right?
A.

It is observed that high temperatures cause the resistance
of metals to increase. A possible explanation for this
phenomenon is that:
A.

If the temperature of a piece of copper is lowered, the
average random velocity of the free electrons will:
A.
B.
C.
D.

3.

6.

D.

The two ways of stating Ohm’s law described in the
passage allow one to conclude that:
A.
B.
C.

resistance is directly proportional to current.
drift velocity is directly proportional to resistance.
electric field is inversely proportional to the square
of the distance between two point charges.
D. electric field is directly proportional to potential
difference.

Ohm’s law might NOT be obeyed if:
A.
B.

the temperature of the wire were kept constant.
there were a large number of flaws in the crystalline
lattice of the wire.
C. the temperature of the wire were very high.
D. the electric field in the wire were very large.

5.

An electron and a proton are very far apart, initially held
in place in a uniform electric field. A few seconds after
the particles are released, their velocities will be:
A.
B.
C.
D.

equal in magnitude and direction.
equal in magnitude but opposite in direction.
unequal in magnitude but in the same direction.
unequal in magnitude and opposite in direction.

© The Princeton Review, Inc.
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Passage 39 (Questions 1-6)

3.

A particular spring is oriented horizontally. At one end, it is
fixed to a wall; at the other, it is attached to a roller that slides on
a frictionless surface. The spring is 4 m in length when no force
is exerted on it, and its spring constant is 10 N/m.
Figure 1 below shows the kinetic energy possessed by this
system when a roller with a mass of 20 kg is pulled to an initial
displacement of 28 cm from the zero-force position and released
from rest.

A.
B.
C.
D.
4.

Kinetic
energy (J)
time (sec)

5.

Figure 1

A.
B.
C.
D.
2.

According to the graph, what is the speed of the roller
when its kinetic energy is at a maximum?
A.
B.
C.
D.

100

|

1 m/s
1.4 m/s
2 m/s
2.8 m/s

0.1 m/s
0.2 m/s
0.4 m/s
0.8 m/s

© The Princeton Review, Inc.

6.

It would be identical.
It would be inverted.
Its maximum energy value would be doubled.
Its maximum energy value would be halved.

How much force must be exerted on the spring in order to
stretch it to a distance of 50 cm from its rest position?
A.
B.
C.
D.

If the roller had first been pulled a distance of 2 m from
the equilibrium point and then released, what would have
been the approximate speed of the roller as it passed
through the equilibrium position?

0.2 J
0.4 J
0.8 J
1.6 J

Which of the following best describes how the potential
energy curve would differ from the kinetic energy curve
shown in Figure 1?
A.
B.
C.
D.

0.4

1.

According to the graph, what is the total mechanical
energy possessed by the roller at any instant in time?

5N
10 N
50 N
100 N

How much potential energy is contained in the spring
when it is compressed to a distance of 2 m from its rest
position?
A.
B.
C.
D.

5J
10 J
20 J
40 J

Physics

Passage 40 (Questions 1-6)

3.

The oscillating motion of a pendulum represents repeated
conversion between potential and kinetic energy. A pendulum
may assume the classic form of a mass suspended from a wire or
rope, or it may assume alternative forms that describe analogous
periodic phenomena.
Consider a semicircular track resting on a floor. A 10-kg
block is dropped from the upper left side of the track and then
travels the course of the track repeatedly, moving from upper
left to bottom, to upper right, to bottom, to upper left, and so
on. Such a round trip represents a full cycle. The point at which
the block reaches the lowest point of the track from either side
represents a position of maximum kinetic energy. Over the
course of one cycle, the block attains maximum kinetic energy
on two occasions: once when it descends from the left side of
the track and again when it descends from the right. Assume that
there is no friction between block and track or between block and
air.

A.
B.
C.
D.
4.

If the block takes 5 seconds to complete a full cycle, what
is the frequency of its motion?
A.
B.
C.
D.

4 m/s
10 m/s
14 m/s
44 m/s

Relative to its lowest point, what is the total mechanical
energy of the block when it is 2 m above the lowest point
of the track and is traveling 1 m/s horizontally and 2 m/s
downwards?
A.
B.
C.
D.

5.
1.

If the block is raised to a position 10 m above the lowest
point on the track, what will be the block’s speed when it
reaches the bottom?

155 J
196 J
221 J
241 J

Which of the following graphs best represents the
possible values of the block’s potential and kinetic
energies?
A.

0.1 Hz
0.2 Hz
5.0 Hz
10.0 Hz

B.
PE

PE

KE
2.

Suppose that brakes are applied to the block each
time it reaches the lowest point in the track so that it
subsequently rises to only one-fourth the height from
which it fell on the other side. Which of the following
would correctly characterize the block as it repeatedly
reaches the low point over the course of successive
cycles?
I. Its velocity decreases by a factor of two.
II. Its momentum decreases by a factor of two.
III. Its kinetic energy decreases by a factor of two.
A.
B.
C.
D.

I only
I and II only
II and III only
I, II, and III

C.

D.
PE

PE

KE

6.

KE

KE

Assuming that there IS friction between the block and the
track, which of the following best describes the energy
conversion that occurs as the block moves from the
highest to the lowest point in its cycle?
A.
B.
C.

Kinetic to gravitational potential and heat
Gravitational potential and heat to kinetic
Gravitational potential to kinetic and electromagnetic
D. Gravitational potential to kinetic and heat

© The Princeton Review, Inc.

|

101

MCAT Science Workbook

Passage 41 (Questions 1-5)

amplitude
pendulum 2

Simple harmonic motion involves the oscillation of an
object about an equilibrium point with a restoring force
directed toward that point such that at each moment, the
magnitude of the restoring force is proportional to the object’s
displacement from equilibrium. Therefore, the force responsible
for maintaining simple harmonic motion obeys Hooke’s law:
F = –kx, where F = the restoring force, k = the force constant, and
x = the displacement from equilibrium.

time (s)

amplitude
pendulum 1
time (s)
0

The apparatus shown in Figure 1 consists of two pendulums,
1 and 2, each consisting of a massless rod and identical bobs. The
pendulums are connected by a light spring which can transfer
energy between them. The length of each pendulum is L, and the
spring is attached at a point a distance R below the suspension
point on each of the pendulum rods. The distance between the
fixed suspension points is d.

1.

L

2.

θ1

Bob 2
d
Figure 1

A researcher performs the following experiment. Pendulum 1
is raised to form an angle θ1 with the vertical while Pendulum 2
is held at its vertical, equilibrium position. Then, both pendulums
are released, and the resulting oscillations are depicted in Figure
2. To simplify the analysis, all forces of friction are to be ignored.
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Kinetic, gravitational potential, and elastic potential
Kinetic, gravitational potential, and heat
Kinetic, elastic potential, and heat
Elastic potential, gravitational potential, and heat

How much time elapses between the moment when
Pendulum 1 has maximum kinetic energy and the moment
when Pendulum 2 next has maximum kinetic energy?
A.
B.
C.
D.

spring

Bob 1

Once the apparatus has been set into motion, energy will
be repeatedly converted among which of the following
forms?
A.
B.
C.
D.

θ2

10

Figure 2

Fixed
suspension points

R

5

2.5 sec
5 sec
7.5 sec
10 sec

Physics

3.

Referring to the apparatus depicted in Figure 1, if the
pendulums are pulled apart so that each makes an angle of
θ0 with the vertical, what will be the distance between the
two pendulum bobs?
A.
B.
C.
D.

4.

5.

2L sin θ0
d + 2L cos θ0
d + 2L sin θ0
d + L sin θ0 + L cos θ0

Assume that a spring with spring constant k is fixed at
one end. If the spring is compressed to the point that it
has potential energy of U, which one of the following
expressions gives the distance by which the spring has
been compressed?

A.

U
2k

B.

2U
k

C.

U
2k

D.

2U
k

With the spring removed, one of the pendulum bobs is
pulled to a height of 0.2 m above its equilibrium position
and released. What maximum speed will it attain?
A.
B.
C.
D.

2 m/s
4 m/s
12 m/s
20 m/s

Passage 42 (Questions 1-6)
It is known that the velocity at which a longitudinal wave
will propagate through a given medium depends on the
medium’s density and its resistance to compression. An increase
in density brings about a decrease in velocity, while an increase
in resistance to compression produces an increase in velocity.
Two longitudinal waves, like two transverse waves, may
propagate simultaneously through the same medium. At points
at which the waves meet so that one is superimposed on the other,
the waves are said to interfere with one another. At the point of
interference, the waves “merge” into one, with the displacement
equal to the sum of the individual displacements of the two
original waves.
Two waves of equal frequency are said to be in phase if
crests of one are synchronized with crests of the other. They are
said to be 180° out of phase if crests of one are synchronized
with troughs of the other. If two waves are in phase and of equal
amplitude, interference between them produces an amplitude that
is twice the amplitude of each individual wave, a phenomenon
known as completely constructive interference. If two waves
of equal amplitude and frequency are 180° out of phase,
interference will produce an amplitude of zero; this is known as
total destructive interference.
A thick wire 25 m in length is connected between two
blocks constructed of very dense and rigid material. Thus, the
two ends of the wire can be considered essentially fixed. The
left-hand block can generate a wave in the wire at any desired
frequency by causing movement in the part that connects it to the
wire. Horizontal oscillations of the mechanism in the left-hand
block create longitudinal waves, while tiny vertical oscillations
create transverse waves. The density of the wire is 2000 kg/m3,
longitudinal waves propagate through the wire at a speed of 2000
m/s, and transverse waves travel down the wire at a speed of
20 m/s.

© The Princeton Review, Inc.
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1.

What would be the length of a longitudinal wave if its
frequency were 100 Hz?
A.
B.
C.
D.

2.

0.02 m
0.2 m
2m
20 m

10 kg
20 kg
40 kg
100 kg

The apparatus is set up to create longitudinal waves
of a fixed frequency and amplitude. If the wire in the
apparatus is replaced with one of lower density and
identical resistance to compression, how would the waves
produced by the new arrangement differ from those
produced by the original apparatus?
A.

The new wavelength would be longer than the old
wavelength.
B. The new wavelength would be shorter than the old
wavelength.
C. The new frequency would be greater than the old
frequency.
D. The new velocity would be less than the old velocity.

4.

What is the LOWEST frequency that can set up a standing
wave on the given apparatus?
A.
B.
C.
D.
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Two wave trains that are out of phase by only a small
amount propagate through the same medium as shown
below. Which of the following figures best represents the
combined waveform?

If the wire has a cross sectional area of 4 × 10–4 m2, what
is its mass?
A.
B.
C.
D.

3.

5.

0.2 Hz
0.4 Hz
20 Hz
40 Hz

© The Princeton Review, Inc.

6.

A.

B.

C.

D.

Suppose two longitudinal waves of identical frequencies
propagate through the same medium and interfere. If
Wave 1 has an amplitude of X, and Wave 2 has an
amplitude of Y, where X is greater than Y, then which of
the following gives the minimum and maximum values of
the amplitude of the resulting waveform?
A.
B.
C.
D.

Minimum = X – Y; maximum = X + Y
Minimum = X + Y; maximum = X – Y
Minimum = X/Y; maximum = XY
Minimum = XY; maximum = X/Y

Physics

Passage 43 (Questions 1-7)

4.

A.
B.
C.
D.

A wooden block of mass M = 1 kg is connected to a spring
(whose spring constant is k = 100 N/m) and lies on a frictionless, horizontal table. A bullet of mass m = 10 grams is fired
horizontally into the block at a speed of v = 200 m/s. After
impact, the bullet remains embedded in the block.
After impact, the block begins to oscillate horizontally, with
frequency f = 2π1 k / mass. The potential energy of the spring
when compressed or stretched by a distance x from its natural
length is given by U = kx2/2.

m
M

1.

A.
B.
C.
D.
2.

If K is the kinetic energy of the block just after impact,
find the maximum compression of the spring.

A.

2k
K

B.

K
2k

C.

2K
k

D.

k
2K

Which of the following statements is true concerning the
impact and the resulting kinetic energy (K) of the block?
The collision is elastic, and the K of the block is less
than the initial K of the bullet.
B. The collision is elastic, and the K of the block is
equal to the initial K of the bullet.
C. The collision is inelastic, and the K of the block is
equal to the initial K of the bullet.
D. The collision is inelastic, and the K of the block is
less than the initial K of the bullet.

6.

2J
4J
200 J
400 J

1 m/s
2 m/s
4 m/s
20 m/s

0.02 Hz
0.6 Hz
1.6 Hz
63 Hz

A.

If another bullet’s impact causes the block to compress
the spring a distance 4 times greater than that caused
by the first bullet, then the work done by the spring in
pushing the block back to equilibrium would increase by
what factor?
A.
B.
C.
D.

What is the approximate speed of the block just after
impact?
A.
B.
C.
D.

3.

5.

bullet

What is the kinetic energy of the bullet just before
impact?

Find the frequency of the resulting oscillations.

7.

2
4
8
16

How would the spring constant need to be changed in
order to double the period of the oscillations?
A.
B.
C.
D.

Decreased by a factor of 4
Decreased by a factor of 2
Increased by a factor of 2
Increased by a factor of 4

© The Princeton Review, Inc.
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Passage 44 (Questions 1-5)

2.

One end of a spring is attached to a rigid, horizontal support;
attached to its free end is a small pointer (of negligible mass)
that allows the experimenter to record the position of the end of
the spring by way of a vertical meter stick placed parallel to the
spring. The end of the meter stick labeled “0 cm” is flush against
the horizontal support. With the spring at its natural length, the
pointer points to the 40-cm mark.
A 5-kg block is attached to the end of the spring and is
carefully allowed to come to rest, with the pointer at the 60cm mark. The experimenter then pulls the mass down until the
pointer reads “75 cm” and releases it from rest. (Ignore any
dissipative forces.)

A.
B.
C.
D.
3.

The spring obeys Hooke’s law, the potential energy of
the spring is given by

1
2

Let f denote the frequency of the resulting oscillations of
the 5-kg mass. If the mass had instead been 10 kg, what
would be the frequency of the oscillations?

kx 2 (where x is the distance from

Let F1 be the upward force due to the spring when the
5-kg mass is at the 60-cm mark, and let F2 be the upward
force due to the spring when the mass is at the 75-cm
mark. Then:

A.

F2 =

3
F
7 1

B.

F2 =

4
F
3 1

C.

F2 =

7
F
4 1

D.

F2 =

7
F
3 1

equilibrium), and the period of the oscillations of the block is
given by T = 2π m / k , where k is the spring constant.

4.

0.5f
0.7f
1.4f
2.0f

All of the following statements are true EXCEPT:
A.

1.

one of the positions where the potential energy of
the spring has its greatest value is when the block is
at the 75-cm mark.
B. the block’s kinetic energy is greatest when the mass
is at the 40-cm mark.
C. one of the positions where the acceleration of the
block has its greatest magnitude is when the block is
at the 75-cm mark.
D. if the block had instead been pulled down to the 80cm mark, the frequency of the resulting oscillations
would have remained unchanged.

What is the spring constant, k?
A.
B.
C.
D.

60 N/m
80 N/m
160 N/m
250 N/m

5.

If the spring constant were increased by 44%, then the
period of the resulting oscillations would have:
A.
B.
C.
D.
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decreased by 20%.
decreased by 12%.
increased by 12%.
increased by 20%.

Physics

Passage 45 (Questions 1-6)

2.

An object (called O), initially at Point X, moves at a constant
speed in a circular path; see Figure 1. As it travels on the upper
semicircle from X to Y, the upper light source is illuminated and
casts a shadow (denoted S) of the object on the diameter XY.
When the object reaches Point Y, the upper light source switches
off, and the lower one automatically turns on, casting the shadow
of O upward on the diameter XY as O moves from Y to X along
the lower semicircle. The lower light switches off and the upper
one turns back on as soon as the object reaches Point X again.
The length of XY is 20 cm, and the speed of the object as it
travels on the circular path is a constant 10 cm/s.

Find the shortest time required for S to go from X to Y.
A.
B.
C.
D.

3.

π/2 sec
2 sec
π sec
2π sec

The shadow S undergoes simple harmonic motion.
Calculate the frequency of the oscillations.
A.

1
Hz
4π

B.

1
Hz
2π

C.

1/π Hz

O
D. 2/π Hz

upper
light
source

4.
Y

S

X

A.
B.
C.
D.

lower
light
source

5.

Find the speed of S as it passes through the origin.
A.
B.
C.
D.

5 cm/s
10 cm/s
20 cm/s
40 cm/s

6.

It would decrease by a factor of 4.
It would decrease by a factor of 2.
It would increase by a factor of 2
It would increase by a factor of 4.

What is the magnitude of the acceleration of Object O?
A.
B.
C.
D.

Figure 1
1.

If the speed of Object O were to double, how would the
period of the oscillations of the shadow, S, change?

0 cm/s2
5 cm/s2
10 cm/s2
20 cm/s2

Which one of the following expressions gives the position
of S at any time t ≥ 0? (The position x is measured in cm,
and time t is measured in seconds. The origin is to be
considered x = 0, and positive positions are to the right,
negative positions to the left.)
A.
B.
C.
D.

x = 10 cos(t/2π)
x = 10 cos(t/2)
x = 10 cos(t)
x = 10 cos(2πt)

© The Princeton Review, Inc.
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Passage 46 (Questions 1-9)

1.

A simple pendulum consists of a ball of mass m = 0.5 kg
attached to the end of a rod with length L = 40 cm and negligible
mass. Its natural equilibrium position is vertical. The pendulum
is pulled to the right so that the ball is at Position X, where the
angle the rod makes with the vertical is 10°. Simple harmonic
oscillations are then initiated by releasing the pendulum from rest.
Position Y to the left of vertical is the mirror image of Position
X to the right; that is, the angle the pendulum makes with the
vertical when the ball is at Y also has magnitude 10°. The point
where the pendulum is attached to the ceiling (the pivot point) is
considered to be fixed, and air resistance is to be ignored.
The period of the pendulum is given by T = 2π L / g . The
following table of trigonometric function values is provided for
the questions in this passage, although not all the listed values
will necessarily be needed.

θ

sin θ

cos θ

tan θ

10°

0.174

0.985

0.176

20° 0.342

0.940

0.364

Compute the torque on the rod at Position X.
A.
B.
C.
D.

2.

In terms of the amplitude angle θ, how much work is
done by gravity as the ball moves from Position X to the
equilibrium position?
A.
B.
C.
D.

3.

10°

If W is the amount of work done by gravity as the ball
moves from Position X to equilibrium, find the speed v of
the ball as it passes through the equilibrium position.

A.

1 W
2 m

B.

W
2m

C.

2W
m

D.
4.

equilibrium

5.

W
m

w – [(5/2) kg/m]v2
w – [(5/4) kg/m]v2
w + [(5/4) kg/m]v2
w + [(5/2) kg/m]v2

How long does it take for the ball to travel from Position
X to Position Y?
A.
B.
C.
D.

© The Princeton Review, Inc.

2

Let v be the speed of the ball (in m/s) as it passes through
equilibrium, and let w be the weight of the ball (in N).
When the ball is at the equilibrium position, calculate the
tension in the rod.
A.
B.
C.
D.

|

mgL sin θ
mgL cos θ
mgL(1 – sin θ)
mgL(1 – cos θ)

X

Y

108

0.34 N⋅m
0.68 N⋅m
0.97 N⋅m
1.93 N⋅m

0.63 sec
1.27 sec
7.78 sec
15.5 sec

Physics

6.

When the angle the pendulum makes with the vertical is
θ, find the magnitude of the restoring force (that is, the
force that brings the pendulum back to equilibrium and
maintains the simple harmonic motion).
A.
B.
C.
D.

7.

Let v be the speed of the ball as it passes through
equilibrium. Let v′ be the speed of the ball as it passes
through equilibrium if the original maximum angle that
the pendulum made with the vertical had been 20° instead
of 10°. Which one of the following statements best
compares v′ and v?
A.
B.
C.
D.

8.

v′ = v 2
v′ = 2v
v′ = 2v 2
v′ = 4v

Let f denote the frequency of the pendulum when released
from Position X as described in the passage. If the
original angle that the pendulum made with the vertical
had instead been 20°, let the frequency of the oscillations
be denoted f ′. Which one of the following statements best
compares f ′ and f?
A.
B.
C.
D.

9.

mg
mg sin θ
mg cos θ
mg tan θ

f′ = f
f′ = f 2
f′ = 2 f
f′ = 4 f

If the length of the rod were increased by 21%, by how
much would the period increase?
A.
B.
C.
D.

4.6%
10%
21%
44%

Passage 47 (Questions 1-6)
Muscles consists of long, slender cylindrical cells called
fibers which have a cross-sectional radius of about 20 mm. These
are composed of finer long filaments called myofibrils which
have a cross-sectional radius of about 1 µm. Myofibrils are
composed of thick filaments of myosin and thin filaments of actin
and other proteins that slide past each other. A single myofibril is
capable of producing a tension Tm between its ends. This tension
is translated into the contraction of the muscle.
Long before these facts were known about muscles, Galileo
deduced some essential properties of the forces that muscles
produce. In particular he noted that the strength of a muscle was
proportional to its cross-sectional area. His reasoning depended
on the idea that every filament of a muscle (he did not know of
cells) must produce a given tension.
A human bicep can produce a maximum tension of
approximately 3000 N for short periods of time. The bicep’s
cross-sectional radius is about 2 cm. A flea (mass = 1 mg) can
jump to a height of about h = 0.2 m. The length of its leg is about
0.5 mm.

1.

A muscle can be modeled as a number of springs (the
myofibrils) in parallel and in series. If n springs are in
parallel, each with tension T, what is the total tension
Ttotal?

Ttotal

..
.

Ttotal

A. nT
n ⋅T
B.
C. T
D. T/n

© The Princeton Review, Inc.
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2.

If n springs are in series, each with tension T, what is the
total tension Ttotal?

...

Ttotal

Ttotal

A. nT
n ⋅T
B.
C. T
D. T/n
3.

What is the approximate tension (Tm) that a single
myofibril can sustain?
A.
B.
C.
D.

4.

|

2 × 10–7 N
1 × 10–5 N
4 × 10–3 N
It cannot be determined from the information given.

If a flea were enlarged by a linear factor of 100 (to
about the size of a rat) but proportioned the same,
approximately how high could it jump (lift its center of
mass)?
A.
B.
C.
D.

110

5 × 10–9 J
2 × 10–6 J
2 × 10–3 J
5 × 10–1 J

What is the approximate force Fleg a flea exerts on the
ground during a jump?
A.
B.
C.
D.

6.

Consider an ideal simple pendulum in which a massless
unstretchable string of length L is attached to a frictionless
support. A mass m is attached to the end of the string and
displaced an angle θ0 from the vertical by means of a robotic arm.
The apparatus is placed in a completely evacuated container on
Earth at sea level and is illustrated below. At time t = 0, the mass
is released.
If the initial displacement angle θ0 is sufficiently small, the
oscillation of the pendulum will have period T = 2π L / g where
g is the acceleration due to gravity.
A force diagram of this experiment is shown below. The
gravitational force F has been resolved into components, F1 and
F2. The tension in the string has magnitude τ0 at t = 0. For small
θ0, the motion is simple harmonic because the magnitude of the
restoring force, F1, may be written F1 = (mg/L)x, where x is the
arc length of the displacement from the vertical equilibrium
position, and the quantity mg/L plays the role of the force
constant, k.

What is the approximate energy expended in the jump of
a flea?
A.
B.
C.
D.

5.

3 × 10–12 N
4 × 10–10 N
7.5 × 10–6 N
1.5 × 10–1 N

Passage 48 (Questions 1-12)

100h
10h
h
h/10

© The Princeton Review, Inc.

θ

τ

m

x
F1

F2
F
Figure 1 The pendulum oscillates without friction in a
perfect vacuum. The string does not stretch. The
gravitational force F is shown, resolved into two
perpendicular components. The tension τ in the
string is also indicated. The pendulum is released
from rest at time t = 0.

Physics

1.

The motion of the mass was described as simple harmonic
in the passage. It could also be described as:
A.
B.
C.
D.

2.

6.

A.
B.
C.
D.

projectile motion.
non-uniform circular motion.
rectilinear motion with constant acceleration.
non-periodic wave motion.

Which of the following is/are always true?

7.

I. F1 = F sin θ
II. τ = mg
III. F12 + F22 = F2
A.
B.
C.
D.
3.

A.
B.
C.
D.
4.

8.

A.
B.
C.
D.

is larger than mg.
causes the string to stretch.
occurs at the highest point in the swing.
decreases as the total number of oscillations
increases.

If the pendulum described in the passage were moved to
the top of a mountain, its oscillation frequency would be:
A.
B.
C.
D.

9.

10.

lower due to the smaller gravitational force.
higher due to the smaller gravitational force.
lower due to the decrease in atmospheric pressure.
higher due to the decrease in atmospheric pressure.

Which of the following offers the best explanation for the
absence of the mass m from the expression given in the
passage for the period of the idealized simple pendulum?
A.
B.
C.
D.

have stopped.
decrease in amplitude.
have amplitude θ0.
be converted from rotational to linear.

The maximum tension in the string during one oscillation:

The maximum velocity of the pendulum:
depends on the initial angular displacement, θ0, since
this determines the total energy available to the
system.
B. occurs at the lowest point in the swing because the
potential energy of the mass is greatest there.
C. occurs at the highest point in the swing because the
potential energy of the mass is greatest at that point.
D. increases if the mass increases because kinetic
energy is proportional to mass.

For large times t, the motion of the pendulum in Figure 1
will:
A.
B.
C.
D.

5.

much larger.
slightly larger.
slightly smaller.
the same.

sin θ ≈ x/L.
cos θ ≈ x/L.
sin θ ≈ 1.
cos θ ≈ 0.

A.

I and II only
I and III only
III only
I, II, and III

The period of an object of mass m undergoing simple
harmonic motion is often given by T = 2π m / k where k
is the force constant. Compared to the period given by the
equation in the passage, the period given by this equation
is:

The approximation for the restoring force, F1, discussed
in the passage makes use of the fact that for small θ:

Air resistance is negligible.
A larger mass implies an increase in g.
Frictional forces are independent of mass.
Greater mass implies both increased gravitational
force and increased inertia.

For a real pendulum:
A.
B.
C.

the motion of the mass would not be exactly circular.
the oscillations would continue indefinitely.
potential energy would not be converted to kinetic
energy.
D. the tension in the string would be constant.

© The Princeton Review, Inc.
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11.

In the pendulum described in the passage, the centripetal
force is:
A.
B.
C.

always larger than the tension.
always smaller than the tension.
sometimes larger than and sometimes smaller than
the tension.
D. always equal to the tension.

12.

If the initial angular displacement were increased to
2θ0, and the motion were still simple harmonic, then the
period of the pendulum would:
A.
B.
C.
D.

increase by a factor of 2.
decrease by a factor of 2.
increase by a factor of 2.
remain the same.

Passage 49 (Questions 1-5)
***ADVANCED PASSAGE***
A pendulum clock is designed to keep accurate time at a
normal room temperature of 20°C. The length of the pendulum
(at this temperature) is L = 25 cm. The center of the rod (which
is made of brass) is encircled by a 4-ohm resistor which is
connected by light, flexible wire (of negligible resistance) to a
800-V source of emf. (See the diagram below.) When the switch
S is closed, current flows in the circuit, and heat is dissipated by
the resistor. Two small insulators on the top horizontal support
keep the current confined to the indicated circuit. Assume that
the rod absorbs 75% of this heat energy.
The change in temperature ∆T of the rod due to the absorption
of q joules of heat energy is given by the equation
q = mc∆T
where m is the mass of the rod (equal to 0.2 kg) and c is the
specific heat capacity of the brass, 380 J/(kg-°C). When heated,
the rod expands: the change in length is
∆L = αL∆T
where L is the original length, and α is the coefficient of linear
expansion for brass, which is (2 × 10–5)/°C.
An experiment consists of closing the switch S and observing
the change in the period of the pendulum due to its increased
length. The pendulum is carefully insulated, so we may assume
that its temperature (after heating by the resistor) stays constant
for the duration of the experiment.
The period of a pendulum is given by
T = 2π L / g
where g is the acceleration due to gravity.
S
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Physics

1.

What is the period of the pendulum at 20°C?
A.
B.
C.
D.

2.

0.25 second
0.5 second
1 second
2 seconds

1.2 × 104 joules/sec
1.6 × 104 joules/sec
1.2 × 105 joules/sec
1.6 × 105 joules/sec

If the switch were closed long enough to allow the rod
to absorb q joules of heat, then which of the following
expressions gives the increase in its length?
A.
B.
C.
D.

If the rod of equal dimensions were instead composed of
a different material with twice the density of brass but the
same specific heat, then for the same amount of absorbed
heat energy, the change in length would have been:
A.
B.
C.
D.

At what rate is heat absorbed by the rod during the time
that Switch S is closed?
A.
B.
C.
D.

3.

4.

5.

1/4 as much.
1/2 as much.
the same.
twice as much.

If this clock with the new, heated brass pendulum is
allowed to run and record time for 1 hour (as measured by
an independent, accurate timepiece), it will run:
A.
B.
C.
D.

too fast, because the pendulum is too long.
too slow, because the pendulum is too long.
too fast, because the pendulum is too short.
too slow, because the pendulum is too short.

q/(αLmc)
αLq/(mc)
mc/(αLq)
αLmc/q

© The Princeton Review, Inc.
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Passage 50 (Questions 1-12)
***ADVANCED PASSAGE***

1.

Two masses on a frictionless surface are attached to two
walls by springs, each with force constant ka, and to each other
by a spring with force constant kb. (See Figure 1.) For simplicity,
assume that the springs are massless. The general equation for
the potential energy of a mass on a single stretched spring is
U = 12 kx 2 where x is the amount of stretch from the equilibrium
position. The general equation for the period for a single spring
is T = 2π m / k .
The motion of the system of such coupled oscillators can be,
in general, quite complicated. However, there are two possible
modes of oscillation that are relatively simple. These are called
normal modes. The occurrence of normal mode oscillation
depends upon the initial conditions.
ka

kb

m
x1

The motion of the masses for arbitrary initial conditions
is periodic and may be viewed as a combination of the two
normal modes. In this case, the period depends on the relative
contributions of each normal mode present in the combination.

© The Princeton Review, Inc.

2π

m
ka

B.

2π

2m
ka

C.

2π

m
ka + kb

D.

2π

2m
ka + kb

Compared to that in the symmetric mode, the period in
the anti-symmetric mode will be:
shorter.
longer.
the same.
shorter or longer depending on initial conditions.

x2

The symmetric normal mode may be excited by moving both
masses to the right an equal distance (x1 = x2) and then releasing
them from rest. The anti-symmetric mode is excited by moving
the two masses identical distances but in opposite directions
(x1 = –x2) and then releasing them from rest. In the symmetric
mode, the oscillation is identical to that of two uncoupled
oscillators since the central spring is never stretched and
therefore makes no contribution to the motion. In the antisymmetric mode, the central spring is alternately compressed
and stretched while the two end springs are alternately stretched
and compressed. Given the same initial displacement, the masses
have a higher maximum speed in the anti-symmetric mode
than in the symmetric mode. This is simply because in the antisymmetric mode, the masses experience forces from two springs
and these forces point in the same direction.

|

A.

A.
B.
C.
D.

ka

m

Figure 1
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2.

What is the period of oscillation in the symmetric mode?

3.

If the initial displacements of the masses have magnitude
x, then the maximum potential energy stored in the central
spring in the symmetric mode is equal to:
A. 0
B. 12 kbx2
C. kbx2
D. (2ka + kb)x2

4.

If the initial displacements of the masses have magnitude
x, then the maximum total potential energy stored in all
three springs together in the anti-symmetric mode is equal
to:
A.
B.
C.
D.

0
kax2
kbx2
(ka + 2kb)x2

Physics

5.

The maximum total potential energy stored in all three
springs together in the symmetric mode is (the initial
displacements have magnitude x):

10.

A. 0
B. kax2
C. 12 kbx2
D. kbx2
6.

At any given time, the velocities of the masses are always:
A.

unequal in magnitude and direction in the symmetric
mode.
B. unequal in magnitude and direction in the antisymmetric mode.
C. equal in magnitude and opposite in direction in the
symmetric mode.
D. equal in magnitude and opposite in direction in the
anti-symmetric mode.

7.

11.

If both masses moved a distance x to the right, the force
on the left mass has magnitude:
A. 12 kax
B. kax
C. (ka + 12 kb)x
D. (ka + kb)x

9.

2π

m
ka

B.

2π

m
kb

C.

2π

m
ka kb

D.

2π

m
ka + kb

In the anti-symmetric mode, the system has its maximum
kinetic energy when:
the two masses pass the equilibrium point moving
toward each other.
B. the two masses pass the equilibrium point moving to
the right.
C. the two masses are at their maximum distance apart
from one another.
D. the two masses are at their minimum distance apart
from one another.

A.
B.
C.

8.

A.

A.

One difference between coupled and uncoupled
oscillations is that in coupled oscillations:
the period depends on initial conditions.
the frictional forces are irrelevant.
potential energy is converted to kinetic energy and
vice versa.
D. only one type of oscillation is possible.

If the right mass is glued to the surface and the left mass
is moved a distance x to the right, the oscillation period of
the left mass is:

12.

If a student were to perform an experiment to measure
the oscillation period of the system shown in the figure,
which of the following phenomena could the student
ignore with the least resulting experimental error?
A.

The air resistance experienced by the masses as they
move
B. The heat generated in the springs as they deform
C. The gravitational attraction between the two masses
D. Possible deviations of the springs’ behavior from
Hooke’s law

If one mass is moved a distance x to the left and the other
is moved a distance x to the right, the magnitude of the
force on each mass is equal to:
A. 12 kax
B. kax
C. kbx
D. (ka + 2kb)x

© The Princeton Review, Inc.
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Passage 51 (Questions 1-8)
***ADVANCED PASSAGE***
A simple pendulum is one in which all the mass is concentrated
at the very end; the string or rod connecting the bob to the pivot
point is assumed to be of negligible mass. However, if the mass
of the pendulum is not concentrated only at the end but is instead
distributed along the entire length, then the pendulum is termed
a physical pendulum. An example of a physical pendulum is a
uniform bar. Figure 1 shows a simple pendulum (with bob of
mass M) and a uniform-bar physical pendulum of total mass M,
each with length L.

Students performed an experiment to measure the periods
of the two pendulums shown in Figure 1 with various lengths
and masses. They conducted three trials with each pendulum
type. In all six trials, the amplitude angle (θmax) was 10°. The data
collected are given in Table 1. Dissipative effects such as friction
at the pivot and air resistance were negligible.
Pendulum
Simple

pivot

pivot

Physical

M

Trial

L

Trial 1

0.5 m

0.5
kg

Trial 2

1.0 m

1.0 kg 2.0 sec

Trial 3

2.0 m

2.0 kg 2.8 sec

Trial 1

0.5 m

1.0 kg 1.2 sec

Trial 2

1.0 m

2.0 kg 1.6 sec

Trial 3

2.0 m

2.0 kg 2.3 sec

M

T
1.4 sec

Table 1
M

1.

A simple
pendulum

A physical
pendulum

A.
B.
C.
D.

Figure 1
For the simple pendulum, the period of oscillation, T, is
given by the formula
T = 2π


L  1 2  θ max  9 4  θ max 
× 1 + 4 sin 
+ 64 sin 
+ ... 


g 
 2 
 2 


2.

Equation 1
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3.

0.7 sec
1.2 sec
1.4 sec
2.8 sec

Which of the following best characterizes v, the speed,
and a, the magnitude of the tangential acceleration, of the
simple pendulum when its angular position, θ, is θmax?
A.
B.
C.
D.

where g is the acceleration due to gravity and θmax denotes the
amplitude of the angular motion, measured from the vertical
equilibrium position where θ = 0.
If θmax is small, then the restoring force at any position is
approximately proportional to the angle of displacement, and
the motion is nearly simple harmonic. Furthermore, in such
a case, the terms in Equation 1 that involve sin (θmax/2) are
very small, and the period is essentially independent of the
amplitude. For example, if θmax = 20°, then the period as given by
Equation 1 differs from that calculated from the simpler formula
T = 2π L / g by less than 1%, and the difference becomes
even smaller if θmax is smaller. This independence of period
on amplitude is described by saying that the oscillations of the
pendulum are isochronous (from the Greek meaning “equal
time”). However, if θmax is large, then deviations from simple
harmonicity and isochronism can be significant.

If the mass of the bob of the simple pendulum in Trial 1
had instead been 1.0 kg, what would have been the period
of oscillation?

Minimum v, minimum a
Minimum v, maximum a
Maximum v, minimum a
Maximum v, maximum a

Which one of the following statements best explains the
difference between the period of the simple pendulum in
Trial 3 and the period of the physical pendulum in Trial 3?
A.

The restoring force on the physical pendulum is
smaller.
B. The restoring force on the physical pendulum is
greater.
C. The physical pendulum offers less resistance to
angular acceleration than does the simple pendulum.
D. The physical pendulum offers greater resistance to
angular acceleration than does the simple pendulum.

Physics

4.

What is the change in the gravitational potential energy
of the bob on the simple pendulum between the two
extremes of its position (θ = θmax and θ = –θmax) during
oscillation?
A.
B.
C.
D.

5.

0
MgL(sin θmax)
MgL(1 – cos θmax)
MgL(2 sin θmax)

8.

Which one of the following best depicts the force diagram
for the gravitational force on the physical pendulum
(of length L and mass M) and also gives the correct
expression for the torque it produces about the pivot?
A.

pivot

θ

If θmax during the experimental trials had been 5°, each of
the measured periods given in Table 1 would have:
A.
B.
C.
D.

decreased by a factor of 2.
decreased by a factor of 2.
remained the same.
increased by a factor of 2.

Mg
torque = (L)(Mg sin θ)
B.

pivot

θ
6.

The students’ results best support which of the following
conclusions?
A.

The frequency of oscillation of the physical
pendulum increases as the length increases.
B. The frequency of oscillation of a simple pendulum
increases as the length increases.
C. The frequency of oscillation of the physical
pendulum is lower than the frequency of oscillation
of a simple pendulum of the same length.
D. The frequency of oscillation of the physical
pendulum is higher than the frequency of oscillation
of a simple pendulum of the same length.

7.

Mg
torque = (L)(Mg sin θ)
C.

pivot

θ

If Trial 3 with the simple pendulum had been conducted
with θmax = 85°, the period would have been most nearly:
A.
B.
C.
D.

2.2 sec.
2.4 sec.
2.6 sec.
3.0 sec.

Mg
torque = (L/2)(Mg sin θ)
D.

pivot

θ

Mg
torque = (L)(Mg cos θ)
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Passage 52 (Questions 1-6)

1.

When a light wave passes obliquely from one medium
to another, the angle at which it emerges from the boundary
between the two media will differ from the angle at which it
strikes it. The change in medium causes the light to refract. In
any such situation, the angle of refraction (θ2) is related to the
angle of incidence (θ1) according to Snell’s Law:
n1 sin θ1 = n2 sin θ2

A.
B.
C.
D.
2.

where n1 = the refractive index of Medium 1, and n2 = the
refractive index of Medium 2. For any medium, the refractive
index is equal to c/v, where c is the speed of light in vacuum and
v is the speed of light in the medium. For air, n ≈ 1.
If a light wave traveling in a medium of greater refractive
index encounters a medium of smaller refractive index, it may
exhibit the phenomenon of total internal reflection. This occurs
whenever the angle of incidence is greater than or equal to the
critical angle θc for the two media. For any two media for which
n1 > n2, sin θc is equal to n2 /n1.
It has been discovered that for any material medium, n will
vary slightly depending on the frequency of light propagating
through it. The value of n increases with increasing frequency.
For example, for any given change in medium, blue light
experiences greater refraction than does red light. It is this
variability in n that causes a prism to disperse a beam of white
light into its component color wavelengths. The various
wavelengths emerge from the prism at diverse angles and hence
are visible as a spectrum.
A change in medium will alter a light wave’s speed but not its
frequency. The change in speed is compensated by a change in
wavelength since wave speed is the product of wavelength and
frequency.
Figure 1 depicts a simple experiment in which white light
is passed through a prism of refractive index 1.667 and the
emerging light strikes a screen opposite the light source.
White
light
source

Slit

Prism

Continuous Spectrum
Figure 1
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Blue light has a wavelength of 4.5 × 10–7 m in air. What is
its frequency?

As light passes through the prism shown in Figure 1, what
is its approximate velocity?
A.
B.
C.
D.

3.

6.7 × 1014 Hz
7.5 × 1015 Hz
3.6 × 1016 Hz
1.5 × 1017 Hz

1.5 × 108 m/s
1.8 × 108 m/s
2.4 × 108 m/s
5.0 × 108 m/s

A beam of light moving through the air strikes the surface
of a transparent medium at an angle of 54° to the normal.
If the beam continues into the medium at an angle of 37°
to the normal, what is the approximate refractive index of
this medium? (Note: sin 37° = 0.6, sin 54° = 0.8)
A.
B.
C.
D.

0.75
1.3
1.6
2.1

Physics

4.

If an investigator working with red and blue light sources
wishes to determine the relative magnitude of the
wavelengths emitted from each, he would be justified
in concluding that the shorter of the two wavelengths is
emitted from:

Passage 53 (Questions 1-5)
The speed of a longitudinal wave (such as a sound wave)
through a fluid medium is given by
v=

A.

the red light source, since red light experiences
greater refraction than does blue light.
B. the blue light source, since blue light experiences
greater refraction than does red light.
C. the red light source, since red light experiences less
refraction than does blue light.
D. the blue light source, since blue light experiences
less refraction than does red light.

5.

On passing from a medium of lower refractive index to a
medium of greater refractive index, a light wave would
experience:

Equation 1
where B is the bulk modulus and ρ is the density of the medium.
The formula for the speed of longitudinal waves through a solid is
the same as the one above except the bulk modulus B is replaced
by the Young’s modulus, Y. When a fluid medium experiences
an increase in pressure, its volume decreases (assuming no
temperature change). The bulk modulus is the ratio that describes
this effect:
B=−

I. decreased frequency.
II. decreased wavelength.
III. decreased velocity.
A.
B.
C.
D.
6.

II only
III only
II and III only
I, II, and III

After repeated trials, an investigator determines that when
violet light travels through a diamond and encounters an
interface with air, the smallest angle of incidence that will
allow for total internal reflection is approximately 25°.
The investigator would be justified in calculating which of
the following as the refractive index of diamond? (Note:
sin 25° = 0.4)
A.
B.
C.
D.

B
ρ

F/A
∆V / V0

Equation 2
where F/A is the external pressure, ∆V is the change in volume
of the medium, and V0 is the initial volume. Because an increase
in pressure always causes a decrease in volume, a minus sign is
required for B to be a positive quantity. Fluids with higher bulk
moduli are affected less by changes in external pressure than
those with lower bulk moduli.
The ratio that defines the Young’s modulus, Y, of a solid is
the same as the ratio given above that defines the bulk modulus,
B, of a fluid except that the denominator is replaced by ∆L/L0,
where L represents the length of the solid.
Material

1.25
1.4
2.5
4.0

Modulus (N/m2)

Copper

Y = 1.4 × 10

Aluminum

Y = 7.0 × 10

Water

B = 2.2 × 10

Air*

B = 1.4 × 10

Density (kg/m3)

11

8900

10

2700

9
5

1000
1.2

*at 20 °C and 1 atm

Table 1
1.

Moduli and Densities for Various Media

What is the ratio of the speed of sound through aluminum
to the speed of sound through water?
A.
B.
C.
D.

0.3
3.4
9.3
11.8
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2.

Suppose that a block of aluminum with volume V0 is
taken to a depth d > 1000 m underwater. If ρ denotes
the density of the water and B is the bulk modulus of
aluminum, which one of the following expressions gives
the change in the block’s volume?

Passage 54 (Questions 1-5)

A.

−

V0
Bρ gd

B.

−

B
V0 ρ gd

The phenomenon of beats results when two sound waves
of equal amplitudes and nearly equal frequencies interfere. The
waves move from being in phase to out of phase then back to
in phase, and so forth. The resulting alternating constructive and
destructive interference produces a composite sound wave of
varying intensity. If each sound wave has amplitude A0, then the
resultant wave form has an amplitude which varies sinusoidally
between 0 and 2 A0. The beat is heard each time the amplitude of
the composite waveform reaches its maximum.

C.

−

Bρ gd
V0

The frequency of the beats is the difference between the
frequencies, f1 and f2, of the two parent waveforms:

D. −

V0 ρ gd
B

fbeat =|f1 – f2|
Equation 1

3.

Using Equation 1 and the data in Table 1, it can be shown
that the speed of sound through water is approximately
1500 m/s. What is the wavelength of a 100-kHz sound
wave emitted by a dolphin underwater?
A.
B.
C.
D.

4.

The speed of sound in vulcanized rubber is 54 m/s. How
long would it take a 440-Hz sound wave to travel through
a 0.50-m cube of rubber?
A.
B.
C.
D.

5.

0.015 cm
0.15 cm
1.5 cm
15 cm

1.1 ms
9.3 ms
108 ms
123 ms

The speed of sound in hydrogen gas at 0°C and 1 atm
is 1260 m/s, nearly four times the speed in air under the
same conditions. Which of the following statements best
accounts for this tremendous difference in the speed of
sound?
A.

Hydrogen gas is significantly more compressible
than air.
B. Hydrogen molecules have a lower mass and
therefore move more rapidly when exposed to a
sound wave.
C. Hydrogen molecules experience lower London
dispersion forces than nitrogen and oxygen.
D. Hydrogen gas is denser than air at STP.
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and the frequency of the composite waveform is given by the
average of the two:
fcomposite = 12 ( f1 + f2 )
Equation 2
The amplitude of the resulting waveform varies according to
the equation
A(t) = 2A0 cos[π(f1 – f2)t]
Equation 3
The human ear can detect beats when they occur with a
frequency of less than 15 Hz. Beats are often used to tune
stringed musical instruments, by first sounding a tuning fork then
playing the instrument. The string is tightened or loosened until
beats are no longer heard.

Physics

1.

A tuning fork for an A note (440 Hz) is struck. A string
with too high a frequency is sounded and adjusted until
the beats can no longer be heard. What is the frequency of
the tuned string?
A.
B.
C.
D.

2.

Two tuning forks, with frequencies of 260 and 265 Hz,
are struck, and beats are heard. What is the frequency of
the resultant sound wave and the frequency of the beats,
respectively?
A.
B.
C.
D.

3.

Toothed
Wheel

Mirror M

Partial
Mirror P

2.5 units
5 units
10 units
25 units

Eyepiece

a
Light Source
L

a

a

Figure 1

θ

The speed of sound through air at 20°C is 343 m/s. What
is the wavelength of a sound wave of frequency 686 Hz?
A.
B.
C.
D.

5.

Figure 1 depicts an experimental apparatus designed to
measure the speed of light. The apparatus consists of a light
source, a partially-silvered glass (Mirror P), a toothed wheel,
a second Mirror (Mirror M), and an eyepiece. The portion of
Mirror P that is silvered acts as a mirror. That portion of a light
beam which strikes the silvered area of Mirror P is reflected
toward the toothed wheel and Mirror M. The remainder of the
beam is transmitted through the non-silvered glass. Figure 2
depicts the toothed wheel from a different perspective. Adjacent
teeth are separated by a fixed angle, θ.

262.5 Hz; 2.5 Hz
262.5 Hz; 5 Hz
525 Hz; 2.5 Hz
525 Hz; 5 Hz

A sound wave ( f1 = 400 Hz, A1 = 5 units) interferes with
another sound wave ( f2 = 410 Hz, A2 = 5 units). What is
the maximum amplitude of the resultant sound wave?
A.
B.
C.
D.

4.

420 Hz
430 Hz
440 Hz
460 Hz

Passage 55 (Questions 1-7)

0.5 m
1.0 m
2.0 m
5.0 m

All of the following are transverse waves EXCEPT:
A.
B.
C.
D.

a wave traveling down a stretched string.
waves from a pebble dropped in a pool of water.
sound waves.
light waves.

Figure 2
If the light source were activated in the absence of the toothed
wheel, a beam of photons would be emitted, and a portion would
be reflected by the silvered area of Mirror P to Mirror M. That
portion would then be reflected back by Mirror M to Mirror P,
and a portion of that beam would pass through the non-silvered
portion of Mirror P to the eyepiece where an observer would
perceive it.
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The experiment, however, is conducted with the toothed
wheel in place and rotating. Light passes from Mirror P to Mirror
M and from Mirror M back to Mirror P (and the eyepiece) only
if an open notch is aligned with the beam each time it reaches
the wheel. Adjusting the rate at which the wheel rotates allows
the experimenter to calculate the total time necessary for a light
beam to (1) pass through an open notch, (2) reach Mirror M, and
(3) return to the wheel at the moment the adjacent open notch
is aligned with the beam. From that determination, the speed of
light can be ascertained by mathematical calculation.

5.

A.
B.
C.
D.
6.

1.

A light beam traveling through vacuum has a wavelength
of 5.0 × 10–7 m. What is its frequency?
A.
B.
C.
D.

2.

3.

A.
B.
C.
D.
4.

|

B.

L/c
2L/c
c/(2L)
c/L

C.

2.0 × 10–6 sec
1.8 × 10–5 sec
7.2 × 10–4 sec
5.6 × 10–3 sec

Seen through the eyepiece, the light source will appear to
be located at a distance of:
A.
B.
C.
D.

122

A.

1.7 × 10 Hz
6.0 × 1014 Hz
1.7 × 1015 Hz
6.0 × 1015 Hz

If the wheel is spinning at 500 rev/sec and θ is 0.36°, how
much time will elapse between the moments at which
adjacent notches are aligned with the light beam?

L – 2a in front of Mirror M.
L – a behind Mirror M.
L + a behind Mirror M.
L + 2a behind Mirror M.

© The Princeton Review, Inc.

It will be 1/10 as great.
It will be 10 times greater.
It will be 100 times greater.
It will remain the same.

Which of the following best represents the path taken by
the light beam as it is transmitted through Mirror P after
returning from Mirror M and the toothed wheel?

14

Given that c represents the speed of light, how long will
it take for a photon to travel from the wheel to Mirror M
and back to the wheel?
A.
B.
C.
D.

Assume that the light source is replaced by one which
emits light at a frequency 10 times greater than that
emitted by the original. How will this alteration affect the
speed of light as perceived by the experimenter?

D.

Physics

7.

Suppose Mirror P is to be replaced by a converging lens.
If the lens has a power of 20 diopters, what is its radius of
curvature?
A.
B.
C.
D.

5 cm
10 cm
20 cm
40 cm

Passage 56 (Questions 1-6)
The human eye can be approximated by the lens system
shown below:
Crystalline Lens
Retina

Cornea

Figure 1
The combination of the cornea and the crystalline lens can
be thought of as a converging lens that projects an image on the
retina. The muscles around the eye act to adjust the power of the
eye’s lens, depending on whether the eye is focused on a nearby
or on a distant object.
The lens power P of the eye is equal to 1/f, where f is the
focal length of the eye’s lens. The reciprocal of the focal length
also satisfies the equation 1/f = 1/(o) + 1/(i), where o and i denote,
respectively, the object distance and image distance from the lens.
The image distance is fixed and equal to the distance between the
retina and the lens, which is about 2 cm for a normal-sized eye.
When the eye is relaxed, as when it is focused on a distant object,
the focal point should lie on the retina, as shown in Figure 1.
The common vision problem of hyperopia, or farsightedness,
occurs when the lens is too weak or when the retina is too close to
the lens. Both of these conditions make it impossible for the eye
to bring nearby objects into focus on the retina. Hyperopia can be
corrected by using an additional lens in conjunction with the eye;
see Figure 2. The power of the resulting lens combination can be
found by adding the individual lens powers:
PCombination = PEye + PCorrective lens

Relaxed hyperopic eye
with corrective lens

Relaxed hyperopic eye
Figure 2
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1.

As the muscles of the eye contract, increasing the power
of the eye’s lens, the focal length of the lens will:
A.
B.
C.
D.

2.

When the eye is focused on a distant object, such as a star,
the image will appear:
A.
B.
C.
D.

3.

on the surface of the lens.
between the lens and the focal point.
at the focal point.
beyond the focal point.

A police car, equipped with a sonar device for measuring the
speeds of passing motorists, is at rest by the side of the road. The
frequency of the (inaudible) sound waves emitted by the device
is 1 megahertz (MHz). These waves are reflected off a passenger
vehicle, and the frequency of the waves received back at the
police car can be measured. By comparing this value with the
original 1 MHz, the speed of the vehicle is easily computed.
The Doppler effect causes a change in the detected frequency
when there is relative motion between source and detector. If vS
is the speed of the source, vD is the speed of the detector, and v is
the speed of sound, then the ratio of the detected frequency to the
source frequency is
fdetected v ± vD
=
fsource
v ∓ vs

What is the lens power of the eye when it is focused on an
object at a distance of 20 cm?
A.
B.
C.
D.

4.

increase.
decrease.
remain the same.
depend upon the size of the object in focus.

Passage 57 (Questions 1-3)

7 diopters
50 diopters
55 diopters
70 diopters

1.

A truck is approaching the police car at a speed equal
to 1/10 the speed of sound. With what frequency do the
sound waves emitted by the police car strike the truck?
A.
B.
C.
D.

The lens used to correct hyperopia will be a:

0.9 MHz
1.0 MHz
1.1 MHz
1.2 MHz

A.

converging lens, resulting in a decreased focal
length.
B. converging lens, resulting in an increased focal
length.
C. diverging lens, resulting in a decreased focal length.
D. diverging lens, resulting in an increased focal length.

5.

What is the magnification of an object viewed at a
distance of 1 m from a normal eye?
A.
B.
C.
D.
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–2 diopters
–1 diopters
1 diopter
2 diopters

1/50
1/2
2
50
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As the truck continues to approach the police car, it
reflects the incident sound waves back to the car.
Calculate the frequency of these waves when detected at
the police car.
A.
B.
C.
D.

If a normal sized hyperopic eye has a 48-diopter
crystalline lens, what strength corrective lens must be
used if the relaxed eye is to be focused on a distant
object?
A.
B.
C.
D.

6.

2.

3.

1.1 MHz
1.2 MHz
1.3 MHz
1.4 MHz

If the officer remains at her hiding place, what frequency
will her device detect from a truck moving away at a
speed equal to 1/10 the speed of sound?
A.
B.
C.
D.

0.72 MHz
0.82 MHz
0.98 MHz
1.20 MHz

Physics

Passage 58 (Questions 1-6)

1.

Before loudspeakers came into wide use, people used
megaphones to address crowds. Megaphones perform two
functions: They help transfer energy from the vocal cords to
sound waves, and they reduce the diffraction, or spreading, of
sound waves so that most of the energy is directed toward the
crowd.
In order to see how the megaphone helps transform energy,
consider a light rope connected, or coupled, to a heavy rope. The
resistance to motion, or impedance, of the heavy rope is different
from that of the light rope, and a wave on the heavy rope will
be mostly reflected at the transition, illustrated as follows:

Sound waves are similar to waves on a string in all of the
following ways EXCEPT:
A.
B.
C.

both transfer energy.
both are transverse waves.
both involve a series of masses connected by springlike forces.
D. in both, the frequency is equal to the ratio of wave
speed to wavelength.

2.

If a beam of red light (wavelength = 0.65 µm) passes
through a pinhole with diameter 4 µm, what is the
diameter of the spot on a wall 3 m beyond the pinhole?
A.
B.
C.
D.

3.
However, if the transition is gradual, that is, if the transition
length is much greater than the wavelength, then the reflection is
minimized:

transition
The transition region is said to match the impedances of
the heavy and light ropes. In the case of the megaphone, the
impedance of the vibration of the vocal cords is coupled to the
vibration of air inside the megaphone, which is coupled to the
vibration of the open air.
The megaphone also prevents the sound energy from
spreading in all directions, so that most of the sound energy
reaches the crowd. When any kind of wave emerges from a hole
(e.g., a mouth or a megaphone horn), it tends to spread. The
spreading angle is given by
∆θ =

2 × 10–6 m
1 × 10–2 m
0.5 m
18 m

Which of the following best explains why sound waves
do not pass easily through a solid wood door?
A.
B.

Diffraction disperses out the energy.
The wavelength of sound is approximately equal to
size of the door.
C. There is a poor impedance match between the air
and the door.
D. The door absorbs the sound energy.

4.

Why does a voice projected through a megaphone have a
better-defined direction than an unaided voice?
A.

The megaphone reduces diffraction by decreasing
the wavelength of the sound.
B. The megaphone reduces diffraction by having a
larger projection hole.
C. The megaphone reduces the reflections of sound
from nearby buildings.
D. The megaphone helps convey more energy from the
vocal cords toward the crowd.

λ
d,

where λ is the wavelength of the wave, d is the diameter of the
hole, and ∆θ is measured in radians. (Note: 1 radian ≈ 57°.)
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5.

Which of the following can be inferred from the passage
about the efficiency of the megaphone in converting
vocal-cord energy into sound energy?
A.
B.

The megaphone is more efficient for a louder voice.
The megaphone is more efficient for a voice of lower
frequency.
C. The megaphone is more efficient for a voice of
higher frequency.
D. The megaphone is equally efficient for all volumes
and frequencies.

6.

Historically, the diffraction of sound waves was noticed
long before the diffraction of light waves. Which of the
following best explains this?
A.

The wavelength of visible light is very much smaller
than that of sound.
B. Only laser light diffracts, and lasers were only
recently invented.
C. Apparatus for measuring light was developed later
than that for sound.
D. Light diffracts only if it is not in the form of photons.

Passage 59 (Questions 1-6)
The interaction of light with the human eye illustrates several
properties of waves. The human eye can be modeled by a hole
(the pupil) with a lens (cornea and lens) which focuses light on a
screen (the retina).
When waves pass through a hole (water waves encountering
the entrance to a bay, for example) a certain amount of directional
information is lost, and the waves spread. This is called
diffraction. The minimum spreading is given approximately by
∆θ =

λ
d,

where λ is the wavelength of the wave, d is the size (diameter) of
the hole, and ∆θ is in radians.
λ

∆θ
d
As a wave passes from one medium (such as air) to another
(such as cornea material), it bends according to the refractive
indices of the materials. This phenomenon, called refraction,
is responsible for focusing light passing through a lens. If θi
and θr are the angles (taken from the normal) of the incident
and refracted ray, respectively, and ni and nr are the indices of
refraction for the two media, then ni sin θi = nr sin θr. This is
Snell’s Law. The index of refraction for air is very nearly n = 1.
The index of refraction for the cornea is nr = 1.3358 for red light
(λ = 656 nm) and 1.3416 for blue light (λ = 486 nm). For the
following questions, you may use these values:
pupil diameter = d = lpupil = 2 mm
front-to-back length of the eye = leye = 2.4 cm
radius of curvature of the cornea = rcornea = 8 mm
cornea

2 mm pupil

retina
8 mm
2.4 cm
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Physics

1.

In the bay shown in the first figure, if size of the entrance
were increased by a factor of 2 and the frequency of the
wave were increased by a factor of 2, then how would the
spreading angle change?
A.
B.
C.
D.

2.

The resolution of an eye is its ability to distinguish light
coming from different directions. If the resolution of the
human eye is set by its geometry and optics, what is the
resolution angle for red light?
A.
B.
C.
D.

3.

3 × 10–6 radian
3 × 10–4 radian
3 × 10–2 radian
3 × 10–1 radian

All of the following will change the focal length of the
eye EXCEPT changing the:
A.
B.
C.
D.

6.

wavelength of the light.
polarization of the light.
cornea’s radius of curvature.
cornea’s index of refraction.

An ideal lens would focus waves from a distant object to
a point, so that the resolution would be infinitely good.
The lens of the eye in the passage focuses such waves to a
small splotch. This is due to diffraction, which causes the
waves to spread even as they are focusing. If diffraction
sets the size of the splotch at the retina, how large is the
splotch?
A.
B.
C.
D.

leye ∆θ
lpupil ∆θ
leye lpupil ∆θ / rcornea
lpupil (∆θ)2

A certain animal has visual resolution θres = 10–2 radian.
How far apart are two objects which the animal can just
distinguish at 10 m?
A.
B.
C.
D.

4.

It would decrease by a factor of 4.
It would decrease by a factor of 2.
It would remain stay the same.
It would increase by a factor of 4.

5.

0.01 m
0.05 m
0.1 m
0.5 m

The difference in refractive index of the cornea with
respect to wavelength has which of the following
consequences?
A.

More directional information is preserved for blue
light.
B. The eye is more sensitive to red light.
C. The eye is more sensitive to blue light.
D. The eye cannot focus on red and blue light
simultaneously.
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Passage 60 (Questions 1-7)
***ADVANCED PASSAGE***
Positron-emission tomography (PET) is an imaging
technology used by cognitive scientists to gain real-time images
of the physiology associated with thought processes. Glucose
metabolism, oxygen consumption, and blood flow can be
measured with this technique. The most reliable indicator of
moment-to-moment brain function has proven to be blood flow.
PET is based on two physical processes: beta decay and pair
annihilation. Radioactive water—two hydrogen atoms combined
with 15O, a radioactive isotope of oxygen—is injected into the
subject. As the radioactive water begins to accumulate in the
brain, the 15O decays by positron emission, a form of beta decay.
During this process (Reaction 1), a proton (p) decays into a
neutron (n), a positron (e+), and a neutrino (n). The positron has
the same mass and charge magnitude as the electron (e–), but is
positively charged. It is the electron’s antiparticle. The neutrino
(and its anti-particle, the antineutrino, v) are massless, chargeless
particles that travel at the speed of light and rarely interact with
other forms of matter.

1.

n → p + e– + ν
		

2.

		

3.

© The Princeton Review, Inc.

where each arrow represents the particle’s momentum,
which of the following is a possible “after” state
(expressed in the same reference frame)?

4.

e– →
g→
g→
g→

2.4 × 1020 Hz
4.8 × 1020 Hz
9.6 × 1020 Hz
9.6 × 1021 Hz

Actually, there are three types of beta decay reactions:
electron emission, positron emission, and electron capture.
Each of these conserves charge, energy, and momentum.
Which of the following reactions could not be a beta
decay?
A.
B.
C.
D.

5.

←g
← e+
←g
g→

If the total energy released in an e–/e+ annihilation is 4
MeV, what is the frequency of each emitted gamma ray?
A.
B.
C.
D.

Reaction 2

|

If the “before” state of a pair annihilation is given by

A.
B.
C.
D.

e+ + e– → γ + γ

128

This radioactivity would be toxic.
The lifetime of the isotope would be too short.
The gamma rays produced would be too energetic.
No gamma rays would be produced.

e+ →    ← e–

Reaction 1

The PET image is formed by detecting the gamma rays given
off during the pair annihilation and sending the information
through a computer designed for image processing. The computer
calculates the spatial and temporal origin of the gamma rays by
using the fact that both energy and momentum are conserved in
both processes, and then infers a real-time image of the mental
process.

instead of using H215O, which decays by Reaction 1?
A.
B.
C.
D.

p → n + e+ + n

After the decay, the emitted positron is ejected from the
nucleus into an environment full of electrons where it has a very
high probability of colliding with one. When a particle meets its
antiparticle (such as the positron and electron in Reaction 2), the
pair annihilate one another and give off two equally energetic
gamma rays, a process called pair annihilation. A gamma ray
photon (γ) is electromagnetic radiation that possesses both high
energy and momentum. The energy (in electron volts, eV) of a
photon of electromagnetic radiation is given by E = hf where
f is the wave’s frequency and h = 4.1 × 10–15 eV-s is Planck’s
constant. In free space, wavelength λ and frequency f are related
by the equation λf = c, where c is the speed of light.

For the PET process, what would be wrong with using
water composed of ordinary oxygen and radioactive
hydrogen atoms that decayed according to the reaction

p → n + e+ + n
n → p + e– + ν
n → p + e+ + n
p + e– → n + ν

A gamma ray traveling through the air has a frequency of
2 × 1022 Hz. Approximate its wavelength.
A.
B.
C.
D.

1.5 × 10–15 m
6.7 × 10–15 m
1.5 × 10–14 m
6.0 × 10–14 m

Physics

6.

In a simplified model, the neutron is considered to be a
solid sphere of radius R. The beta decay process known as
electron emission,
n → p + e– + ν

		

has led theorists to believe that the neutron contains
both positive and negative charge, the density of which
changes gradually from its center (r = 0) to its outer
surface (r = R). The charge density ρ(r) is a function of
the radial distance r from the particle’s center, and the
area under the graph of ρ(r) is directly related to the
total charge of the particle. Which of the following best
illustrates the charge density of a neutron?
A.
density

(+)
0

R

r

(–)
B.
density

(+)
0

R

r

(–)
C.
density

(+)
0

R

Passage 61 (Questions 1-7)
***ADVANCED PASSAGE***
Fiber optics has revolutionized the telecommunications
industry. The former network of bulky copper cables has been
replaced by thin glass fibers that transmit information more
efficiently. Glass fibers also have a far greater informationcarrying capacity, called bandwidth, than copper cables.
Theoretically, the bandwidth of a fiber-optic cable is 50 THz
= 50 × 1012 Hz, though current technology can only achieve a
bandwidth of a few GHz (equal to 109 Hz).
Fiber optics works by the principle of total internal reflection.
At the center of the fiber is the glass core, which carries the light
signal. Around the core is a concentric layer of glass, called
cladding. The cladding has a lower index of refraction than the
core, which prevents the light from escaping. Typically, infrared
light of wavelength 1310 nm is used. A transmitter converts an
electrical signal to light, the fiber then transmits the light, and a
receiver captures the light at the other end and converts it back to
an electrical signal.
Because of the absorption within the fiber or scattering at
imprecise fiber connections, a weakening, or attenuation, of the
signal occurs. Currently, attenuation is about 1 dB/km. Because
of attenuation, the light signal must periodically be regenerated
by devices called repeaters. The repeater decodes the incoming
signal and transmits an identical one, but with greater strength
and purity.

r
1.

(–)
D.
density

(+)
0

R

A.
B.
C.
D.

r

(–)

7.

When an oxygen-15 (15O) nucleus decays by positron
emission, into which of the following is it transformed?
A.
B.
C.
D.

N
15
F
15
N
16
O
14

If a telephone conversation requires 3 kHz of bandwidth,
what is the theoretical maximum number of conversations
that could simultaneously be carried on a fiber optic
cable?

2.

1.7 × 1010
1.7 × 1013
1.5 × 1014
1.5 × 1017

It is more difficult to illegally tap into fiber optics systems
than into copper cable systems because:
A.

glass has a lower index of refraction than does
copper.
B. glass does not bend as easily as does copper.
C. splicing optical fibers requires more precision than
does splicing copper cable.
D. light travels faster than do electrons.
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3.

In fiber optics systems, infrared light is used instead of
visible light because:
A.

total internal reflection would not be possible with
visible light.
B. infrared light contains more energy and therefore
experiences less attenuation.
C. infrared light has a higher index of refraction in
glass than does visible light and so travels faster than
visible light.
D. visible light has a shorter wavelength and is more
readily absorbed by the fiber.

Passage 62 (Questions 1-6)
***ADVANCED PASSAGE***
A student performed a series of experiments to study the
photoelectric effect, using the apparatus shown in Figure 1.
light
source
collector
+
V

4.

A.
B.
C.
D.
5.

30°
45°
53°
60°

Narrowing the core would reduce distortion because:
A.

the number of different paths the light can take
would decrease.
B. the speed of light in the fiber would increase.
C. the available bandwidth would decrease.
D. electromagnetic radiation would not be able to
penetrate the fiber as easily.

7.

If a ray of light were to travel through the air and then
enter a glass fiber, its wavelength would:
A.
B.
C.
D.

130

|

R

20
100
200
1000

If the index of refraction of the core is 2.0 and the index
of refraction of the cladding is 1.73, what is the minimum
angle of incidence necessary for total internal reflection?
A.
B.
C.
D.

6.

e–

After a light ray has traveled 20 km along the fiber, its
intensity has decreased by what factor?

increase.
decrease.
remain the same.
It cannot be determined without knowing the initial
wavelength.

© The Princeton Review, Inc.

e–

emitter
G

Figure 1 Experimental apparatus for studying the
photoelectric effect
A light source emits radiant energy—whose frequency and
intensity can be varied—onto a metal plate (labeled the emitter
plate in Figure 1). This radiant energy can cause the ejection
of electrons—called photoelectrons—from the surface of this
plate, and, under certain conditions, these electrons can impact
the collector plate. The emitter plate and the collector plate are
enclosed in an evacuated glass tube and connected across a
source of variable voltage and a resistor. The voltage is measured
with a voltmeter, V, and any current in the circuit—which is due
to photoelectrons moving from the emitter to the collector—can
be measured by a sensitive galvonometer, G.
Experiment 1:
The student performs six trials, using a different metal for the
emitter plate in each trial; the six metals used are listed in Table 1.
The student observes that each metal only ejects photoelectrons
when the frequency of the incident light is above a certain
threshold frequency, f0, which varies from metal to metal. If the
frequency of the incident light is lower than f0, no photoelectrons
are produced, regardless of the intensity of the incident light.
However, if the frequency is higher than f0, then the number of
photoelectrons produced is proportional to the intensity of the
incident light.
The student learns the explanation for the results of
Experiment 1. Each metal has its own work function, φ, which
is the minimum energy an electron on its surface must absorb
in order to be liberated. Furthermore, the incident energy is
absorbed in individual packets of energy, called photons, where

Physics

the energy of a photon is proportional to the frequency of the
light. The constant of proportionality is called Planck’s constant,
denoted by h, and its value is 4.14 × 10–15 eV·s. Therefore, the
energy of a photon with frequency f is given by the equation
E = hf. Photoelectrons will be ejected from the surface of the
emitter plate only if the energy of each incoming photon is at
least as great as the metal’s work function. If Ephoton is greater
than φ, then the maximum kinetic energy a photoelectron can
have as it leaves the surface is

1.

A.
B.
C.
D.
2.

KEmax = hf – φ
Equation 1
Table 1 below gives the work functions for the various metals
used in the experiment.

Metal

Table 1

2.28 eV

Al

4.08 eV

Pb

4.14 eV

Fe

4.50 eV

Cu

4.70 eV

Pt

6.35 eV

3.

1.7 × 10–14 Hz
1.0 × 1015 Hz
1.5 × 1015 Hz
2.0 × 1015 Hz

When incident light of intensity I = 1000 W/m2 with a
photon energy of 2.25 eV is incident on an emitter plate
made of iron, the reading on the galvonometer in Figure 1
is recorded. If the intensity of this light is increased to 4I,
how will the reading on the galvonometer change?
A.
B.
C.
D.

Work function, φ

Na

When the emitter plate is made of lead, what is the
threshold frequency for ejection of photoelectrons?

It will go up.
It will decrease.
It will stay the same.
Any of the above choices is possible, depending on
the value of the resistance, R.

The work function depends on:
A.
B.
C.
D.

the frequency of the incident light only.
the frequency and intensity of the incident light.
the current measured by the galvonometer.
None of the above

Work Functions of Selected Metals
4.

Experiment 2:
The student now varies the voltage to see its effects on the
current in the circuit. She finds that if the collector plate is positive
(as illustrated in Figure 1), nearly all of the photoelectrons make
it to the collector. However, if the voltage’s polarity is reversed,
so that the collector plate is made negative with respect to the
emitter, there’s a certain voltage at which all the photoelectrons
are repelled, and none make it to the collector. At this point, the
current stops, and this voltage is called the stopping potential,
Vstop. The equation that relates the maximum kinetic energy of the
photoelectrons to the magnitude of their electric charge, e, and
the magnitude of the stopping potential is
KEmax = eVstop
Equation 2

Which of the following best describes the relationship
between i, the current in the circuit, and I, the intensity of
the incident light on the emitter plate?
A.
B.
C.
D.

5.

i is proportional to I.
i is proportional to I 2.
i is inversely proportional to I.
i is independent of I.

Ultraviolet light of wavelength 310 nm is incident on
a sodium emitter plate. What is the maximum kinetic
energy of the photoelectrons?
A.
B.
C.
D.

0.8 eV
1.7 eV
4.6 eV
6.3 eV

The student used the following values in the lab write-up:
e = 1.6 × 10–19 C, 1 eV = 1.6 × 10–19 J, and hc = 1240 eV⋅nm,
where h is Planck’s constant and c is the speed of light.
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6.

For a fixed emitter plate, which of the following graphs
best illustrates the relationship between the stopping
potential and the frequency of the incident light?
A.

Vsrop

Vsrop

B.

frequency
D.
Vsrop

Vsrop

C.

frequency

132
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Freestanding Questions
1.

D

We multiply, remembering that “k” (kilo-) means 103: 10 kg = (10 kg)[(103 g)/kg] = 104 g.

2.

A

Using the conversions 1 km = 103 m and 1 µs = 10 –6 s, we find that
c=

3.

C

3 × 108 m 1 km 10−6 s
⋅ 3 ⋅
= 0.3 km / µs
s
10 m 1 µs

Since 1 mg = 10 –3 g, 1 kg = 103 g, and 1 cm = 10 –2 m, we find that
λ=

105 mg 10−3 g 1kg 1cm
⋅
⋅
⋅
= 10 kg/m
cm
1mg 103 g 10−2 m

(Note: The word “homogeneous” in this question means that the density is constant throughout
the bar.)
4.

B

Using the basic conversion equations 1 kg = 103 g and 1 cm = 10 –2 m, we find
3

2700 kg 103 g  10−2 m 
= 2.7 g/cm 3
ρ=
⋅
⋅
1kg  1cm 
m3
5.

D

Here’s the conversion:
x=

6.

C

Divide the total desired mass by the mass of a single speck:
n=

7.

A

1mi 5280 ft 1h
5280
⋅
⋅
=
= 88ft/min
h
mi
60 min
60

1kg
103 g
1
=
= × 1010 = 1.5 × 109
700 ng 7 × 10−7 g 7

We use brackets to denote units: for example, [m] = kg and [v] = m/s. Since W = mv2/2,
[W ] = [mv2] = [m][v]2 = kg ·(m/s)2 = kg·m2/s2

8.

D

Since v = kt 2, we must have [v] = [k][t]2. This means that
[k] = [v] / [t]2 = (m/s) / s2 = m·s–3
Thus, the dimensions of k are LT–3.
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9.

B

Notice that both B and ρ contain the unit “kg” (to the first power), but the answer we want—
the speed, v—does not contain this unit. So the question is, How can we combine B and ρ to
eliminate the “kg”? Answer: Divide them, and the “kg” will cancel out. Thus, the answer must
be choice B.

10.

C

Our units are [h] = m, [ρ] = kg⋅m–3, and [g] = m⋅s–2. We want the answer to have [P] = kg⋅m–1⋅s–2.
Of course, you could try all four choices, but that’ll take awhile. One thing to notice is that
both P and g contain s–2. Since neither h nor ρ contains this unit, the answer cannot be choice
B. Furthermore, the answer cannot be choice D, because if we divide by ρ, we’d have kg –1 in the
answer. Now we have only two possibilities, choices A and C. Checking choice A, we find
[ρg/h] = (kg⋅m–3)(m⋅s–2)(m–1) = kg⋅m–3⋅s–2
which is wrong, so choice C must be the correct expression.

11.

B

Unless mention is made to the contrary, it is usually safe to assume that figures are accurate
and drawn to scale. With this in mind, the vectors P and R cancel each other out because they
have the same magnitude but opposite directions. This leaves only the vector Q, which points
upward to the right.

12.

A

Using the Pythagorean theorem, we find that the magnitude is 3 since
(magnitude )2 = ( 2 )2 + ( 7 )2 = 2 + 7 = 9
Moving the vector T down so that it starts where N ends, then drawing the vector from the
beginning of N to the end of T, the vector sum points downward to the left.

13.

B

Since the speed is changing, the velocity is also changing, so there is an acceleration. Now, since
the speed is decreasing, the acceleration must be backwards, that is, opposite to the direction of
travel. Since the particle is moving to the right, the acceleration vector a points to the left. (If
the speed were increasing, the acceleration would have been in the same direction as the direction of travel.)

14.

B

Since the speed is changing, the velocity is also changing, so there is an acceleration. Now, since
the speed is increasing, the acceleration must be forwards, that is, in the same direction as the direction of travel. Since the particle is moving to the left, the acceleration vector a also points to
the left. (If the speed were decreasing, the acceleration would have been in the direction opposite
to the direction of travel.)

15.

C

Remember that displacement is the net distance traveled (not the total distance). In this case, the
displacement is the hypotenuse of a 6-8-10 right triangle, so the displacement is 10 mi.
hypotenuse = 10
N
W

8

5
6

3

6
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16.

B

Since the total travel time is 1 + 1.5 + 1.5 = 4 hours, the average velocity (net distance divided by
time) is
v=

17.

C

By definition of acceleration,
a=

18.

D

C

∆v (60 − 0)mi/h
=
= 10 mi ⋅ h −1 ⋅ s −1
∆t
6s

Using Big Five #3, with v 0 = 0 and converting hours to seconds, we find
∆x =

19.

∆x 10mi
=
= 2 12 mi/ h
∆t
4h

1 2 1  10mi   1h 
1
(6s)(66 s) =
at = 
mi



2  h ⋅ s   60 ⋅ 60s 
2
20

The object’s velocity is a constant v = –3 m/s, so using Big Five #1 (with v = v ), we find
∆x = v∆t = (–3 m/s)(4 s) = –12 m
Thus, x – x 0 = –12 m, so x = –8 m since x 0 = 4 m.
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20.

D

Average speed is defined as total (as opposed to net) distance divided by time. Since 500 meters
was covered in 25 seconds, the horse’s average speed was (500 m)/(25 s) = 20 m/s.

21.

A

By completing one lap around the track, the horse’s final position coincided with his initial position. Thus, the displacement was zero, which implies the average velocity was also zero.

22.

D

Velocity is speed plus direction. Only choice D contains such data. (Note: Choice A is a distance, choice B is a displacement, and choice C is a speed.)

23.

D

By definition, acceleration implies a change in velocity. (Choice A is wrong because an object
can accelerate without changing its direction [just drive in a straight line and step on the gas].
Choices B and C are wrong because an object moving in a circular path at constant speed is
constantly accelerating.)

24.

B

Assuming that the time delay between the lightning flash and its visual reception is essentially
zero, the distance to the lightning is calculated by determining the distance traveled by the
sound of the accompanying thunder. This distance is d = vt = (340 m/s)(5 s) = 1700 m.

25.

D

If the velocity during the period of time in question were constant, then statements A and C
would be false (since the average velocity would equal the final velocity). And, if the initial and
final velocities were different, then statement B would be false.

© The Princeton Review, Inc.
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26.

B

Since the round-trip time is 4 seconds, the time it takes the rock to reach the top of its path
(where v = 0) is half this: 2 seconds. Then, applying the equation a = ∆v / ∆t to the first half of
the trip, we find a = (0 – 3.2)/2 = –1.6 m/s2, so the magnitude of the moon’s gravitational acceleration is 1.6 m/s2.

27.

C

The horizontal component of the initial velocity is v 0x = v 0 cos θ, and the vertical component is
v 0y = v 0 sin θ. Therefore, as θ increases from 0 to 90°, v 0x decreases (because cos θ decreases) and
v 0y increases (because sin θ increases).

28.

C

The horizontal component of the initial velocity is v 0x = v 0 cos θ which is proportional to cos θ.

29.

A

Since the projectile experiences no horizontal acceleration, there will be no change in the horizontal component of its velocity. This eliminates choices C and D. On its way down, however,
the projectile’s vertical speed increases, since it experiences the downward acceleration due to
earth’s gravity.

30.

D

The horizontal distance traveled by a projectile—a quantity called its range—is equal to its horizontal velocity, v 0x, multiplied by its total flight time (assuming that the take-off and landing
points are at the same horizontal level). The total flight time is equal to twice the time necessary
to reach the top of its path, which is where its vertical velocity drops to zero. The equation ∆vy =
g∆t gives ∆t = v 0y /g as the time to reach the topmost point, so the total flight time is twice this:
2v 0y /g. Thus, the projectile’s range is R = 2v 0xv 0y /g. Since R depends on both v 0x and v 0y, there is
insufficient information given here to decide which projectile will have the greater range.

31.

D

Ignoring the miniscule variation in the gravitational acceleration with altitude—assuming that
the altitude is small compared to the earth’s radius—the acceleration of the projectile is constant during its entire flight.

32.

B

Using Big Five #2, we find
∆v = a∆t = (2 m/s2)(5 s) = 10 m/s
Since v – v 0 = 10 m/s and v 0 = 6 m/s, we must have v = 16 m/s.

33.

C

Notice that the actual value of a is neither given nor asked for; we therefore use Big Five #1:
∆x = v ∆t = 12 (v0 + v )∆t = 12 (4 + 14)(3) = 27 m

34.

D

Since v 0 = 0, Big Five #5 becomes v2 = 2a∆x. Since a is a constant, this equation tells us that
∆x is proportional to v2. So, if the final velocity v is increased by a factor of 4, then ∆x must increase by a factor of 42 = 16.

35.

C

Using Big Five #5 and solving for a, we get
v 2 = v02 + 2a∆x ⇒

( v)
1
2 0

2

= v02 + 2a ( 81 )

⇒ − 34 v02 = 14 a ⇒ a = −3v02
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36.

B

Apply Big Five #3:
∆x = v0 ∆t + 12 a( ∆t )2 = (10)( 4) + 12 ( 2)( 42 ) = 56 m

37.

B

By definition of average velocity,
v = ∆x / ∆t = (56m)/(4s) = 14m/s

38.

D

Car #1 will catch up to Car #2 when the two cars have the same position. Therefore, we must
find the positions of the cars and set them equal to each other. The position of Car #2 is easy to
calculate since the speed is constant: Using distance equals rate times time, we find x2 = 20t. For
Car #1 we use Big Five #3, with v 0 = 0 and a = 5/8: we get x1 = (5/16)t 2. Setting x1 and x 2 equal
to each other and solving for t, we find that t = 64 seconds.
Another solution involves finding how long it takes for Car #1 to reach the speed of Car #2. Using v = at, we get 20 = (5/8)t, so t = 32 seconds. Since it takes that long just for Car #1 to reach
Car #2’s speed, it will take even more time to actually catch up to Car #2’s position, so the only
possibility among the given choices is choice D.

39.

D

Let’s try Big Five #3, with ∆x = x (since x0 = 0):
x = v0 ∆t + 12 a ( ∆t )2 = (v0 )(3) + 12 (−2)(32 ) = 3v0 − 9
Since v 0 is negative (because we’re told that the object is traveling in the –x direction at the
beginning of the time interval), x must be less than –9. The only possibility among the given
choices is choice D.

40.

A

The object started at x = 0 at time t = 0, moved to position x = 2 two seconds later, then just sat
there. Evidently, it only traveled 2 m. (The distance traveled by an object is given by the area
under the velocity vs. time graph, not the area under the position vs. time graph.)

41.

A

The acceleration is the slope of the v vs. t graph. The slope of the segment from O to P is 2/1 = 2,
and the slope of the segment from P to Q = –2/4 = –1/2. Therefore, the ratio of the magnitudes
of these accelerations, aPQ : aOP, is 1/2 : 2 = 1:4.

42.

B

The area under the v vs. t graph will give the distance traveled by the object. In this case, we
have a triangle with base 5 and height 2, and the area of this triangle is
1
2

43.

C

(base)(height) =

1
2

(5 s)(2 m/s) = 5 m

We can see that no velocity graphed is negative, so it’s OK here to say speed = velocity. Since a is
constant between t = 1 and t = 5 (since the v vs. t graph is a straight line here), the average speed
is just the average of the initial and final speeds. Therefore,
v = 12 (v0 + v ) = 12 (vat t =1 + vat t = 5 ) = 12 ( 2 + 0) = 1m/s
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44.

D

Statement I is false: the object returned to its original velocity at t = 5, not to its original position. In fact, because it always had a positive velocity, the object was always moving to the
right. It never had a negative velocity, so it could never have backed up and returned to its
original position. Notice that recognizing that Statement I is false eliminates two of the answers, choices A and B. Statement III is false, also. As mentioned in the discussion of Statement
I, the object’s velocity was always positive. Since the velocity never changed sign, the object’s
direction of travel never changed either. The correct answer must be choice D. Statement II is
also false: the average speed between t = 0 and t = 1 is 1 m/s, as is the average speed between
t = 1 and t = 5. See the calculation we did in the solution to #43 above.

45.

B

Call “down” positive, so a = g is positive. Then using Big Five #3 with v 0 = 0, we find
∆x =

46.

C

1
a ( ∆t )2 ⇒ t =
2

2 ∆x
=
a

2(128ft)
≈ 3 sec
32ft/s 2

Use Big Five #5, we see that choice C is the best answer since
v 2 = v02 + 2a∆x ⇒ v = 2a∆x = 2 ⋅ 32 ⋅ 128 =
2 ⋅ 25 ⋅ 27 = 2 ⋅ 212 = 26 2 ≈ 64(1.5) = 96 ft/s

47.

A

Once released, the motion of the arrow is due to gravity alone, and the acceleration due to gravity—the vector g—always points down.

48.

B

One solution uses Big Five #5. All we have to realize is that at the top of its (purely vertical)
flight, its velocity v = 0. If we call “up” the positive direction, then the acceleration a = –g is
negative, and we find
v 2 = v02 + 2a∆x ⇒ ∆x =

49.

B

We use Big Five #3 throughout this solution (calling “down” positive, so a = g is positive). During the first second, the object falls a distance of 12 a( ∆t )2 = 12 g (1)2 = 12 g . During the first two
seconds, it falls a distance of 1 a( ∆t )2 = 1 g (2)2 = 2g . Therefore, the distance it falls just during
2
2
the 2nd second is 2g − 1 g = 3 g , so the desired ratio is ( 32 g )/ 12 g = 3.
2

50.

B

v 2 − v02 02 − v02 v02
=
=
2a
2(− g ) 2 g

2

( )

Let’s decide to call “down” positive, so a = g is positive, and use Big Five #3 (with v 0 = 0):
∆x = 12 a ( ∆t )2 = 12 g ( ∆t )2 = 12 (10)(3)2 = 45 m

51.

A

Call “down” positive; then a = g is positive, and the initial velocity v 0 is –8 m/s (because the
initial velocity is “up,” and “up” is the negative direction). Big Five #3 then tells us
∆x = v0 ∆t + 12 a ( ∆t )2 = ( −8) (3) + 12 (10)(3)2 = −24 + 45 = 21m
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52.

A

Call “down” positive; then a = g is positive. Now use Big Five #5:
v 2 = v02 + 2a∆x
∆x =

53.

B

v 2 − v02 142 − 02 196
=
=
= 10m
2a
2(9.8)
19.6

First of all, eliminate choice A. T must be greater than t, so the ratio T/t must be greater than 1.
We’re going to call “down” positive, so a = g is positive, and use Big Five #3 with v 0 = 0. Let ∆x
be the entire distance of 980 m. From ∆x = 1 aT 2 = 1 gT 2 we get T = 2∆x / g . The time t to
2
2
fall the first 1 ∆x is found from 12 ∆x = 12 at 2 = 12 gt 2 , so t = ∆x / g . Thus, the desired ratio is
2
T
=
t

2 ∆x /g
∆x /g

= 2

Notice how the actual value of ∆x, 980 m, is irrelevant. (As long as the original height isn’t so
high that we couldn’t assume that the value of g stays essentially constant, the ratio will be 2
regardless of the actual value of ∆x, because it cancels out.)
54.

B

Using Big Five #2, ∆v = a∆t, we find that the object gains ∆v = (10 m/s2)(2 s) = 20 m/s. Its new
speed is therefore v = v 0 + ∆v = 20 + 20 = 40 m/s.

55.

C

This is a proportion question (the MCAT loves proportions). Essentially it’s asking, “What
should happen to the height (distance) if the time is doubled?” We need is to find the connection between height (distance) and time. With “down” positive—so a = g is positive—and with
v 0 = 0, Big Five #3 tells us that
∆x = 12 at 2 ⇒ h = 12 gt 2 ⇒ h ∝ t 2
Therefore, if we double t, h must increase by a factor of 22 = 4.

56.

D

The initial horizontal speed is irrelevant. Using Big Five #3 for the vertical displacement, with
v 0y = 0, we find (calling “down” positive):
∆x = 12 g( ∆t )2 = 12 (10)( 4)2 = 80 m

57.

B

Remember that the horizontal motion is especially simple, since there is no acceleration horizontally. Here we have
∆x = v 0x∆t = (15 m/s)(2 s) = 30 m
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58.

A

We first find how long it takes to drop 45 m, then calculate how far it has traveled horizontally
in this amount of time. Using Big Five #3, with v 0y = 0, we find (calling “down” positive):
∆y = 12 g ( ∆t ) ⇒ ∆t =

2 ∆y
=
g

2( 45)
= 3 sec
10

Therefore, ∆x = v ∆t = (5)(3) = 15 m .
0x
59.

B

The top of the parabolic trajectory is characterized by the fact that at this point the vertical velocity vy is zero. So we set vy equal to 0, and solve for the required time:
v y = 0 at top ⇒ v 0y − g∆t = 0
⇒ ∆t =

60.

A

v0 y
g

=

v0 sin θ0 20 sin 30°
= 1sec
=
10
g

Remember that the horizontal motion is especially simple, since there is no acceleration horizontally. Here we get
Δx = v 0x Δt = (v 0 cos θ0)(Δt) = (30 cos 60°)(3) = 45 m

61.

B

Brick #1 will have no horizontal displacement, so the difference between them will be Brick #2’s
horizontal displacement: ∆x 2 = v0 x ,2 ⋅ ∆t = 10 ⋅ 3 = 30 m

62.

B

The top of the parabolic trajectory is characterized by the fact that at this point the vertical velocity vy is zero. So we set vy equal to 0, and solve for the required time:
v y = 0 at top ⇒ v0 y − g∆t = 0
⇒ ∆t =

v0 y
g

=

v0 sin θ0 60 sin 30°
= 3 sec
=
10
g

63.

C

Newton’s Second Law states that F = ma, so, if F is held constant, then a is inversely proportional to m. Therefore, if m is increased by a factor of 4, then a will decrease by a factor of 4, to
1 m/s2.

64.

A

To make the conversion, we recall that 1 newton = 1 kg·m/s2, and then write
g ⋅ cm
kg ⋅ m
=x 2
2
s
s
⇒ 1(10 –3 kg)(10 –2 m) = x kg ⋅ m ⇒ x = 10−5

1 dyne = x newtons

⇒

1

65.

A

Since the velocity is constant, the acceleration a is zero, so using F = ma, we know that the net
force must be zero as well. (The numerical values given for m and v are irrelevant.)

66.

D

The net force is 20 N – 8 N = 12 N, so the acceleration a = Fnet/m = 12/3 = 4 m/s2. Therefore, ∆v
= a∆t = (4)(4) = 16, which means v = 16 m/s (since v 0 = 0).
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67.

B

By definition, acceleration is change in velocity divided by time. In this case, we want to achieve
the same change in velocity, but in twice the time. This means that the new acceleration will be
half the old. And since F = ma, if a is halved, then F is also halved (since the mass of the object
doesn’t change).

68.

D

Newton’s Second Law says Fnet = ma. Since F1 and F2 are the only forces acting, Fnet = F1 + F2.
Therefore, we have F1 + F2 = ma, and we immediately conclude that if a isn’t zero, then F1 + F2
can’t be zero either.

69.

D

Imagine a crate sliding quickly along a floor—to the right, say. You grab a rope attached to the
crate, and pull to the left, trying to slow it down. Then the net force is to the left, but the crate
is still moving to the right. Fnet is always in the same direction as the acceleration; it is not always
in the same direction as the velocity.

70.

B

Assuming the book is in equilibrium, the weight downward is balanced by the table’s (normal)
force upwards: N = mg = (2)(9.8) = 19.6 N.

71.

C

Remember that pounds (lbs) are a measure of weight, not mass. Hence, to find the mass of the
object, one must divide 64 lbs by the given value of g (= 32 ft/s2). Draw a force diagram and
solve for the necessary upward force:
F

object, mass m

net
force





F − mg = ma
F = m(g + a)
64
F=
(32 + 2) = 2(34) = 68 lb.
32

mg
72.

C

m = weight divided by g

Refer to the diagram and solution above; this question is of exactly the same type. The only
difference is that this one uses standard SI units (kilograms, meters, newtons) instead of nonstandard American units (slugs, feet, pounds).
F − mg = ma ⇒ F = m( g + a )
49
(9.8 + 9.8)
9.8
= 49 ⋅ 2 = 98N
=

73.
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74.

B

A force diagram shows the earth’s gravitational pull balancing the combined effect of the two
vertical components of the tension forces. Each such vertical component is T sin 30° = 12 T, so
the total upward force on the garment is

1
2

T + 1 T = T. Therefore, the magnitude of T equals
2

the garment’s weight, mg. Setting mg equal to T, we find that m = T/g = (10 N)/(10 N/kg) = 1 kg.
T sin 30°
T

T sin 30°

30°

30°

T

w = mg
75.

C

If an object moves with constant velocity, then its acceleration is zero, so the net force on the
paint can is zero. Since gravity pulls down on the can with a force of mg = (10 kg)(10 N/kg) =
100 N, the rope must pull up on the can with this same magnitude of force, 100 N, to give a net
force of zero.

76.

C

The force exerted by one surface on another has a perpendicular component (the normal force)
and a parallel component (the friction force). This eliminates choices A and B. Finally, since
the force of kinetic friction on an object acts opposite to the direction of its velocity, the answer
must be choice C.

77.

A

For the vast majority of surfaces, the coefficient of static friction is greater than the coefficient of
kinetic friction. Thus, the maximum force that static friction can withstand is greater than the
force that kinetic friction will exert as the object slides. This directly implies the statement made
in choice A.

78.

B

Assuming that the can moves in a straight line, its velocity is constant, implying zero acceleration and zero net force on the can. Thus, the magnitude of the force of kinetic friction, Ff , must
equal the magnitude of the 25-N force which pulls the can.

79.

A

Applying Newton’s Law of Gravitation,
F′ =G

80.

C

m1m2
r′

2

=G

m1m2
2

(2r )

=

1  m1m2  1
G 2 = F
4 
r  4

The force acting on the mass m is gravitational attraction, for which we may use Newton’s Law
of Gravitation. Setting this equal to ma, we solve for a:
F = ma ⇒ G

mM
M
= ma ⇒ a = G 2
2
R
R

(Note that the distance between the mass m and the center of the Moon is a little more than R,
but for very small heights above the surface, this difference is completely negligible.)
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81.

D

Using a simple force diagram and “net force equals ma,” we find
T
net
force





T − mg = ma
T = m(g + a)
T = 1000(9.8 + 0.7) = 10,500 N.

mg
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82.

B

First of all, eliminate choices A and C. The mass will not change by bringing the object to a
new location. Now, if the altitude is 2R Earth, then the distance from the center of the Earth is
3R Earth, so the gravitational acceleration will decrease by a factor of 32 = 9 (because g = GM/R 2).
This means the weight will decrease by a factor of 9, which in this case means the new weight is
360/9 = 40 N.

83.

D

Newton’s Third Law says that if the Earth pulls on the apple with a certain force, then the apple
pulls on the Earth with that same magnitude of force. Since the force with which the Earth pulls
on the apple is just the weight of the apple, which is w = mg = (0.2)(10) = 2 N, this is also the
force that the apple exerts on the Earth.

84.

C

Since raindrops fall with constant velocity, their acceleration is 0, so the net force on each drop
must be zero also. Therefore, the upward force of air resistance must eventually balance the
weight of the drop. Since larger drops weigh more, the force of air resistance they feel must be
greater than for smaller drops. But greater air resistance FR must be due to a greater speed (since
FR ∝ v). Therefore, larger drops fall with greater speed than smaller ones do.

85.

A

The fact that the crate is moving at a constant speed, and in a straight line, means that the
crate’s velocity is constant. Therefore, a = 0, so Fnet = 0. All the numbers given in the question
are irrelevant.

86.

A

The net force is Fnet = T – Ffriction = T – µmg = 12 – (0.4)(2)(10) = 12 – 8 = 4 N. Since Fnet = ma,
we find a = Fnet/m = 4/2 = 2 m/s2.

87.

C

The maximum possible static friction force is msN = µsmg = (0.4)(100)(10) = 400 N. However, if
we push with anything less than 400 N, static friction will precisely balance that smaller value
to keep the crate stationary.

88.

C

Since m = 5 kg, and a = 8 m/s2, the net force on the crate must be Fnet = ma = (5)(8) = 40 N.
Since a 50-N force is being applied to the crate, the force of friction must be 10 N in the opposite direction to give a net force of 50 – 10 = 40 N.

89.

A

The fact that the block slides down the wall at constant speed means that its acceleration is zero,
so the net force is also zero. Therefore, Ffriction = mg. But Ffriction = µN = µF (since N = F). Therefore, µF = mg, so µ = mg/F.
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Ffriction

F

N

mg
90.

D

If the wall is frictionless, then there is no vertical force to oppose the downward force of gravity on the block. (This is because Ffriction = µN = µF — just as in #72 above — but µ = 0, so
Ffriction = 0). Therefore, regardless of how great the “pressing” force F is, the block will slide down
the frictionless wall.

91.

C

The maximum force that static friction can provide is given by µN. Since N increases when the
child sits on the crate, the maximum static friction force will increase, too:
f ′ − f = µ N ′ − µ N = µ( M + m ) g − µ Mg
= µmg = (0.4)(20)(10) = 80 N

92.

B

What are the forces on the block? The weight, 40 N, and the normal force N are downward
forces, and the only upward force is our 50 N push. Since the block is not accelerating vertically,
the net vertical force must be zero. Therefore, 40 + N must be 50, which means N = 10 N.

93.

B

A net force of zero is necessary to maintain constant velocity. Thus, if 49 N must be exerted on
the block to maintain constant velocity, the force due to kinetic friction against the block must
also be 49 N. If the surface is horizontal and no other vertical forces act, then the normal force
on the block is equal to its weight: N = mg. Since Ff = µN, we have Ff = µmg. Therefore, µmg =
49 N, which implies µ = (49 N)/[(25 kg)(9.8 N/kg)] = 0.2.

94.

B

An object with a weight of w = 98 N has a mass of m = w/g = (98 N)/(9.8 N/kg) = 10 kg. Therefore, by Newton’s Second Law, a net force of F = ma = (10 kg)(10 m/s2) = 100 N is required to
give the desired acceleration.

95.

B

If the object’s velocity is constant, then the net force it feels must be zero. Since kinetic friction
is exerting a force opposing the object’s motion, there must be an equally strong force propelling
it forward. This explains why the statement in choice B is correct. Choice A is false because the
force exerted by friction is not negligible (note how large the coefficient of friction is). Choice
C is false because the force pulling (or pushing) the object is doing positive work, and kinetic
friction is doing negative work. And choice D is false because, assuming a horizontal surface,
gravity and the normal force are certainly vertical forces that act on the object.

96.

C

This is an exercise in knowing the basic definitions of the trig functions. Since sin θ = opposite
over hypotenuse, we have sin θ = h/L, so h = L sin θ.

97.

D

Since the crate can only move in the horizontal direction, we only consider the horizontal component of the applied force when computing the acceleration:
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a = ax =
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Fx F cosθ 140 cos 30°
=
=
40
m
m
7 3 12
=
≈
= 3 m/s 2
4
4

98.

C

If w denotes the magnitude of the box’s weight, then the component of this force that is perpendicular to the inclined plane is given by the expression w cos θ where θ is the incline angle. Thus,
F = (10 N) cos 30° = 8.7 N.

99.

B

If w denotes the magnitude of the box’s weight, then the component of this force that is parallel
to the inclined plane is given by the expression w sin θ where θ is the incline angle. Thus, the
crate’s acceleration down the ramp is a = (mg sin θ)/m = g sin θ = (10 m/s2) sin 60° = 8.7 m/s2.

100.

B

From the solution to the preceding question, an object’s acceleration down a frictionless ramp
(with incline angle θ) is a = g sin θ , a constant.

101.

A

If w denotes the magnitude of the box’s weight, then the component of this force that is parallel
to the inclined plane is given by the expression w sin θ, where θ is the incline angle. If θ < 90°,
then sin θ is strictly less than 1, so the component of w which is parallel to the inclined plane is
less than w.

102.

C

The component of the block’s weight, w, that is perpendicular to the inclined plane—and which
also equals the strength of the normal force on the block—is given by the expression w cos θ
where θ is the incline angle. This expression does not depend on the block’s velocity (choices A
and B) or on the coefficient of kinetic friction between the plane and the block (choice D).

103.

B

The component of the block’s weight, w, which is perpendicular to the inclined plane—which
also equals the strength of the normal force, N, on the block—is given by the expression w cos θ
where θ is the incline angle. As θ increases from 0 to 90°, cos θ decreases, so N also decreases.

104.

D

The strength of the force due to sliding friction, Ff , acting on the block is proportional to the
strength of the normal force, N. Since N increases as θ decreases (since N = w cos θ), the force
due to friction also increases. This eliminates choices A and B. Since the weight of the block
is constant, the answer must be choice D. (Note: If, in each of the answer choices, the phrase
“weight of the block” had been replaced by “component of the weight of the block which is parallel to the inclined plane,” then the answer would have been choice C.)

105.

B

Since the block is sliding up the ramp, the force due to friction, F, acts down the ramp, as does
wp. Thus, the force up the ramp is T, and the total force down the ramp is wp + F. Since the
block’s velocity is constant, its acceleration is zero, so the net force on the block must also be
zero. Thus, T must equal wp + F.

106.

A

The force due to gravity acting on an object of mass m parallel to the incline is mg sin θ, so the
acceleration imparted to the block (if the ramp is frictionless) is just F/m = mg sin θ / m = g sin
θ. Since sin θ is always less than 1 (if θ < 90°), a will be less than g.

107.

B

The acceleration imparted by the force of gravity to an object on a frictionless inclined plane is
a = g sin θ. Therefore, if θ = 30°, we find

© The Princeton Review, Inc.

Physics Solutions
a = g sin θ = 9.8 sin 30° = 4.9 m/s2
108.

C

As mentioned in the solutions to both preceding questions, the acceleration a equals g sin θ.
Therefore, a increases as θ increases, but not proportionally (because sin θ is not proportional to
θ; if you double θ, say, sin θ does not double; try it with θ = 30°).

109.

B

By Big Five #3, the time required to travel a distance ∆x depends only on the acceleration a
(since ∆x = 1 at 2). Since both blocks have the same acceleration, g sin θ, their descent times t1
2

and t 2 will be identical.
110.

D

The normal force exerted on an object resting (or sliding) on an inclined plane is N = mg cos θ.
Therefore, N decreases as θ increases, but not proportionally (because cos θ is not inversely proportional to θ; if you double θ, say, cos θ does not decrease by a factor of 2; try it with θ = 30°).

111.

B

The fact that the object slides down with constant speed means the velocity is constant, so the
acceleration and the net force are zero. Therefore,
Fnet = Fgrav down ramp − Ffriction = mg sin θ − µmg cos θ = 0
⇒ µ=

mg sin θ
= sin θ cos θ
mg cos θ

112.

A

The force due to gravity acting parallel to an inclined plane is w sinθ, where w is the weight of
the object on the plane and θ is the incline angle (made with the horizontal). Using the definition “sin θ = opposite/hypotenuse,” we find that sin θ = (5 m)/(20 m) = 1/4. Thus, the minimum
force parallel to the plane required to overcome the component of the object’s weight parallel to
the plane is F = w sin θ = (400 N)(1/4) = 100 N.

113.

D

Since the cement bucket is not accelerating, the tension in the rope must be 1000 N. Therefore,
the pulley feels two tension forces (one on each side of the pulley), each of magnitude 1000 N,
pulling downward. So, the pulley must feel an upward pull of 2000 N to maintain its stationary
position.
beam
cable
1000 N

114.

A

2000 N
rope
1000 N

Letting the center of the plank be x = 0 (since we are asked for the position of the CM relative to
the center of the plank), we use the definition of center of mass:
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m

m1

m2

x=0
x1 = –2
x=

x2 = 3

m1 x1 + mx + m2 x 2 (15)( −2) + (10)(0) + (5)(33)
=
m1 + m + m2
15 + 10 + 5
=

115.

C

Calling the left-hand of the rod “0,” (since we are asked for the position of the CG relative to
the left-hand end of the rod) we get (with the w’s in pounds [lb] and the x’s in ft):
x=
=

116.

B

−15
m = −0.5m
30

w1 x1 + w 2 x 2 + w3 x3
w1 + w 2 + w3
(0.4)(0) + (0.4)(8) + (0.8)(16) 16
=
= 10
0.4 + 0.4 + 0.8
1.6

Intuitively, once we include the mass of the supporting bar, we are adding a mass to the very
middle of the system. Since the middle is to the left of x, the CM of the entire system moves to
the left, i.e., toward M1.
A “formal” mathematical solution (if you care to see one) goes like this: Let’s call the left-hand
end “0,” and let the length of the bar be L. Then, disregarding the mass M of the bar, we have
x=

M 1 (0 ) + M 2 ( L )
M2
=
L
M1 + M 2
M1 + M 2

If we include the bar’s mass, M, then we find
X =

M 1 (0 ) + M

( L ) + M (L) =
1
2

M1 + M + M 2

2

M + M2
L
M1 + M + M 2
1
2

A little algebra would now prove that X < x if M1 < M2 .
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117.

B

To balance the torques due to the weight of the man and of his daughter, the fulcrum must be
placed 4 times farther from the daughter than from her father, because he weighs 4 times more
than she does. Since the total length of the seesaw is 5 m, the fulcrum must be placed 4 m from
the daughter and 1 m from the man (that is, from the heavier end).

118.

C

Balance the counterclockwise (CCW) torque with the clockwise (CW) torque. The CCW
torque due to the weight of the 5-kg mass is r1F1 = (x)(5g), and the CW torque due to the weight
of the 20-kg mass is r 2F2 = (5 – x)(20g). Setting these two expressions equal to each other and
canceling the g’s, we find that 5x = 20(5 – x), which gives x = 4 m.
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119.

C

By definition, an object moving in a circle at constant speed is undergoing uniform circular motion. Since the speed remains constant, the acceleration is purely centripetal, that is, its direction is toward the center of the circle.

120.

D

The net force required to maintain an object in uniform circular motion—the centripetal
force—has magnitude mv2/r, where m is the object’s mass, v is its speed, and r is the radius of
the circular path. Since m is constant and r remains unchanged, the magnitude of the centripetal force is proportional to v2. Thus, if v is doubled, then Fcentripetal is quadrupled.

121.

A

The net force required to maintain an object in uniform circular motion—the centripetal
force—has magnitude mv2/r, where m is the object’s mass, v is its speed, and r is the radius of
the circular path. Since m is constant and v remains unchanged here, the magnitude of the centripetal force is inversely proportional to r. Thus, if r is doubled, then Fcentripetal is halved.

122.

B

The tension in the string must provide the centripetal force; thus T = mv2/r. Since m = 50 g =
0.05 kg, T = (0.05 kg)(20 m/s)2/(2 m) = 10 N.

123.

D

Choice A is false because the object’s direction of motion is always changing, and choice B is
false because the velocity is not constant. The acceleration, termed centripetal, points toward
the center of the circular path.

124.

B

While the rock is attached to the string, the tension provides the necessary centripetal force to
keep the rock moving in a circle. However, once the string breaks, this force is removed, so the
rock will move off tangent to the path (its instantaneous direction of motion at any point along
its journey) in a straight line; this is Newton’s First Law.

125.

D

The centripetal force necessary to keep the Earth in its circular orbit is provided by the Sun’s
gravitational attraction. Therefore, setting the centripetal force on the Earth equal to the gravitational attraction by the Sun, we notice that we can solve for M, the mass of the Sun (m =
Earth, M = Sun):
mv 2
mM
M
v 2r
= G 2 ⇒ v2 = G
⇒ M=
r
r
G
r

126.

D

Using the formula for centripetal force, we find
F=

mv ′ 2 m(2v )2
mv 2
= 1
=8
= 8F
r′
r
r
2

127.

B

The tension in the string provides the centripetal force. Thus, T = mv2/r. Solving this equation
for r yields r = mv2/T.

128.

B

By definition of torque, we find τ = rF sin θ = rmg sin θ = (1)(0.5)(10) sin 60° = 4.3 N⋅m.
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60°

r

mg
129.

C

Choice A is false: Fnet = 0 does not automatically imply that τnet = 0. Since the net torque need
not be zero, there could be rotational acceleration, so choice B can be eliminated. And choice
D is false because we are told in the question that the net force on the rod is zero; this does
automatically imply that the translational acceleration must be zero (regardless of where the
forces are applied). The correct answer must be choice C. (You might find it instructive to draw
a quick sketch and try placing two forces F1 and F2, with the same magnitude and exactly opposite directions [because F1 + F2 = 0] at the same point on an object, and get a nonzero net torque.
It can’t be done.)

130.

C

Assuming that the water stream is tangent to the wheel, it will be perpendicular to the radius
vector at the point of contact. Therefore, the torque of the force of the water stream is τ = rF =
(10 m)(200 N) = 2000 N⋅m.

131.

D

The torques of the two forces must balance to keep the rod from rotating. The counterclockwise
torque of the 60-N force at the left end must balance the clockwise torque of the unknown
force F at the right end. Using the definition τ = rF, we must have (25 cm)(60 N) = (75 cm)
F, which gives F = 20 N. In order for F to provide a clockwise torque at Point B, it must be directed downward.

132.

C

Balance the counterclockwise (CCW) torque with the sum of the two clockwise (CW) torques.
The CCW torque due to the weight of the man is r1F1 = (5)(100g), and the total CW torque
due to the weight of the two children is r 2F2 + r 3F3 = (x)(20g) + (10)(20g). Setting these two
expressions equal to each other and canceling the g’s, we find that 500 = 20x + 200, which gives
x = 15 m.

133.

D

Since the total downward force on the bar is (20 N) + (50 N) + (30 N) = 100 N, the total upward force on the bar—which is provided by the tension in the supporting rope—must also be
100 N to keep the bar in static equilibrium. This eliminates choices A and B. Now, let x be the
distance (in cm) from the left end of the bar to the suspension point. Using this point as the
pivot, we balance the torques. The counterclockwise (CCW) torque due to the 50-N weight at
the left end is 50x, and the total clockwise (CW) torque due to the weight of the bar and the
30-N weight at the right end is 20(50 – x) + 30(100 – x). Setting 50x = 20(50 – x) + 30(100 – x),
we solve for x and find that x = 40 cm.

134.

C

If the string is attached at the rod’s center of gravity, the individual torques will cancel, allowing
the rod to balance horizontally. Calling the left end of the rod “0,” we find
x=

150
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w1 x1 + w 2 x 2 (0.4)(0) + (1.2)( L ) (11.2)L 3L
=
=
=
w1 + w 2
0.4 + 1.2
1.6
4

Physics Solutions

135.

B

With the rod in equilibrium, the net force upward (the tension T in the supporting string) must
balance the net force downward (the total weight of the hanging objects), so T = 0.4 + 1.2 =
1.6 lb.

136.

A

Since the system is in static equilibrium, the net torque must be zero. Let the length of the
rod be L; then the torque upward (due to the tension T in the string) is LT sin θ. The torque
downward is due to the weight of the rod, and the weight vector acts at the rod’s center of mass,
which is halfway (L/2) down the rod. Therefore, the downward torque is (L/2)Mg sin θ. Since
the net torque is 0, the upward (CCW) torque must balance the downward (CW) torque: This
gives T = Mg/2.

pivot
point

L/2

T

θ

θ

distance from
pivot point
to here is L

θ

Mg
137.

B

Since the plank pushes down on the scales, the scales push up on the plank with equal forces
(Newton’s Third Law), these forces being the weights that the scales read. Since the plank is in
equilibrium, the net torque on the plank must be 0.
L
F1
pivot
point

object
plank

F2

mg
L/3

Mg

L/2
We use the left-hand end of the plank as our pivot point, the definition τ = rF for all four
torques, and we choose to call CW torque “positive” (this will apply to the torque provided by
the weights of the object and the plank) and CCW torque “negative” (which will apply to the
torque due to the upward force by the right-hand scale). This gives

τ left scale + τ object + τ plank + τ right scale = 0
0 + (L / 3)(mg ) + ( L / 2)( Mg ) − ( L )( F2 ) = 0
F2 = g (m / 3 + M / 2)
Therefore, F2 = 10(1 + 6) = 70 N.
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138.

C

The net upward force (due to the two scales) must equal the net downward force (due to the
weight of the plank and the object), so, referring to the figure for the preceding question, we
find
net
force
down




net
force
up

F1 + F2 = mg + Mg

F1 = g(m + M) − F2
= 10(3 + 12) − 70
= 80 N
139.

C

The torque downward (CW) due to the weight of the bar (concentrated at its center of mass)
must balance the torque upward (CCW) due to the tension in the cable:
torque upward (CCW)



r1F1 sin θ = r2F2 sin θ 2

torque downward (CW)

(1)(Mg) sin 90° = (2)(T ) sin 30°
Mg = T
100 N = T

cab

le
F2 = T

Py
pivot
point

θ2 = 30°

Px

θ1 = 90°
r1 = 1 m

F1 = Mg

r2 = 2 m
140.

B

Refer to the figure above. We will set the net vertical force equal to zero, noting that the vertical
component of the tension, Ty, is equal to T sin θ:
Fnet,y = 0
Py + T y − Mg = 0
Py = Mg − T sin θ
= (10)(10) − 100 sin30°
= 50 N

152

|

© The Princeton Review, Inc.

Physics Solutions

141.

B

The work done by a force F that acts over a displacement d is given by W = Fd cosθ, where θ is
the angle between the vectors F and d. In this case, we compute that W = (50 N)(8 m)(0.7) =
280 J.

142.

B

Since 800 cm = 8 m, the work done by gravity is W = Fd = mgh = (1 kg)(10 N/kg)(8 m) = 80 J.

143.

B

(Note: This question and the preceding one are two ways of asking the same thing. The answer must therefore also be choice B.) If an object of mass m near the surface of the earth
moves through a small vertical displacement ∆y (with “up” being the positive direction), then
the change in its gravitational potential energy is ∆PE = mg∆y. In this case, ∆y = –8 m, so
∆PE = (1 kg)(10 N/kg)(–8 m) = –80 J

144.

A

The loss of gravitational potential energy equals the gain in kinetic energy. Thus, mgh = 1 mv2,
2
which implies
v = 2 gh = 2(10m/s 2 )(5m) = 10 m/s

145.

A

The work-energy theorem guarantees that the total work done on the car is equal to its change
in kinetic energy. If the strength of the friction force is denoted by Ff , then Ff =µ N =µ mg, so
the work done by friction as the car covers a displacement of magnitude d is –Ffd = – µ mgd. Setting this equal to – 1 mv2, which is the car’s change in kinetic energy, we find that
2

µ=

(20m/s)2
v2
=
= 0.1
2 gd 2(10m/s 2 )(200m)

146.

C

The hammer has done positive work on the nail, giving it enough energy to move into the wood.
Thus, some of the hammer’s original kinetic energy is lost, leaving it with less mechanical energy.

147.

A

Since KE = 1 mv2, an increase in m or in v or in mv will increase the KE. This eliminates choices
2
B, C, and D. Alternatively, note that if a projectile (experiencing only the force of gravity) is
gaining height, it is gaining gravitational potential energy and, therefore, losing kinetic energy.

148.

C

Relative to the ground, an object’s gravitational potential energy is given by PE = mgh, where h
is the altitude (and if h is small compared to the radius of the earth). If we assume that doubling
h still leaves the value small compared to the earth’s radius, then the fact that PE is proportional
to h implies that doubling h will double PE.

149.

B

Since the work done by gravity as an object’s gravitational potential energy changes is given by
W = –∆PE, the magnitude of W1 is 500 J. By the work-energy theorem, W = ∆KE, so W2 = 500
J also.
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150.

B

A loss of a projectile’s kinetic energy can be attributed to either a gain in its gravitational potential energy, the transfer of heat, or both. In this case, we are explicitly told that the projectile
loses some of its kinetic energy due to air resistance (friction). Thus, we conclude that some of
the projectile’s kinetic energy has been converted to heat. This causes, for one thing, the temperature of the air surrounding the projectile to increase; this means that the average kinetic
energy of the air molecules increases.

151.

D

Work is force times distance, so we need to find the distance through which the force acts,
which is the distance the crate moves. If the crate’s speed is a constant 1 m/s for 4 seconds, it
must travel 4 m. This gives
W = Fd = (100 N)(4 m) = 400 J

152.

A

The work done by the normal force N is automatically zero, since N is perpendicular to the displacement of the object. All the numbers given in the question are irrelevant.

153.

B

Immediately eliminate choices C and D: since the object’s displacement is upward, but the force
of gravity is downward, the work done by gravity on this object must be negative. The value is
W = –F∆x = –mg∆x = –(10)(10)(3 – 1) = –200 J

154
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154.

D

Since mass is the measure of inertia, the fact that the objects have different masses means they
have different inertias; eliminate choices A and B. Now, potential energy is mass times g times
height, so the fact that they’re at the same height means they have different potential energies
because their masses are different.

155.

A

By definition, power is equal to energy divided by time. Thus, less energy output over a greater
length of time will certainly have the effect of decreasing the power of the machine.

156.

C

By definition, power is equal to work divided by time. Therefore, we want the greatest ratio of
work to time. The ratio in choice A is 2 J/min; in choice B, it is 0.5 J/min; in choice C, it is 20 J/
min; and in choice D, it is 0.2 J/min.

157.

D

A watt is a joule per second. Since a joule is a newton-meter, which is a kg·m2/sec2, a watt is a
(kg·m2/sec2)/sec = kg·m2/sec3.

158.

D

Since the object’s velocity is upward (and constant) and the force necessary to propel the object
is also upward and constant, we may use the equation P = Fv. This gives P = (100 N)(5 m/s) =
500 W.

159.

A

By Newton’s First Law, no force is required to keep the object moving with constant velocity.
(The weight of the object is canceled by the normal force from the surface.) Since no force is
required, there is no work done, and, therefore, no power output.

160.

D

Since the object’s velocity is upward and constant and the force necessary to pull it upward is
also upward and constant, we may use the equation P = Fv. Since the object moves 300 meters
in 60 sec, its velocity is v = (300 m)/(60 s) = 5 m/s. Thus, the rate at which energy is used is
P = (4000 N)(5 m/s) = 20,000 W = 20 kW.
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161.

B

Since the object’s velocity drops to zero after the impact, its momentum certainly changes (eliminating choices A and C) and its kinetic energy drops to zero (eliminating D). The total energy
of a system (which includes heat) remains constant.

162.

C

By conservation of momentum, the total momentum before the collision, p, equals the total
momentum after the collision,p ′. This implies that both the horizontal and vertical components
of the momentum are also conserved, so, in particular, p y = p ′y . Since py = mvA cos 30° + mvB
cos 45° and p y′ = (m + m) v ′ = 2mv ′y (because the objects stick together after the collision), we
y
find that v ′y = (vA cos 30° + v B cos 45°)/2.

163.

B

Conservation of momentum states that the two objects had equal, but opposite, momenta before
the collision, because the combined object had zero momentum afterward. Thus, mAvA = mBvB,
which implies that mB/mA = vA /vB. Since vA /vB = 10, we have mB/mA = 10, so mA : mB = 1 : 10.

164.

C

Machines reduce the amount of force required to perform a task—at the expense of increasing
the distance through which the force acts. They do not reduce the amount of work required;
that is fixed. If 800 J of energy must be expended to lift the block to a certain height, then, even
if a perfectly efficient pulley is used, the laborer must still do a total of 800 J of work to lift the
block to the same height.

165.

D

Since work is equal to power times time, W = Pt, the amount of work done by the machine is
W = (500 W)(10 s) = 5000 J. If the machine is perfectly efficient, then the object’s gravitational
potential energy was increased by 5000 J as a result of being lifted up to the platform. This potential energy will be converted to kinetic energy as the object strikes the ground. Thus, setting
1
mv2 equal to 5000 J, we find that
2
v = 2(5000 J)/(1kg) = 10,000m 2 /s 2 = 100m/s

166.

B

Conservation of momentum states that m1v1 + m2v2 = (m1 + m2) v ′. Let “north” be the positive
direction. Since m1v1 + m2v2 = (2000 kg)(+7 m/s) + (1600 kg)(–12 m/s) = –5200 kg·m/s, and
m1 + m2 = 3600 kg, the velocity immediately after the perfectly inelastic collision is
v ′ = (–5200 kg·m/s)/(3600 kg) = –1.4 m/s. The minus sign here indicates that v ′ points south, so
choose answer B, not answer A.

167.

A

Since momentum is conserved in the collision, the total momentum before the collision is the
same as the total momentum afterwards:
p′ = m1v1′ + m2v2′ = (0.1)(–0.2) + (0.1)(0.5) = 0.03 kg·m/s

168.

B

Using conservation of momentum, we get (where “c” = cue ball, “8” = 8-ball, and the prime
denotes “after the collision”):
pbefore = pafter ⇒ mc v c = mc v c′ + m8v8′
⇒ v8′ =

mc (v c − v c′ ) 225(0.5 − 0.1)
=
= 0.45 m/s
200
m8
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169.

B

By conservation of momentum, we have for this totally inelastic collision,
pbefore = pafter ⇒ mv = (m + 2m )v ′ ⇒ v ′ = 13 v

170.

C

Using conservation of momentum, we get
pbefore = pafter ⇒ 0 = mball v ball
′ + mperson + sled v s′led
⇒ v sled
′ =

171.

B

− mball v ball
′
−(2)( −10)
= 0.2 m/s
=
100
mperson + sled

First, we find how fast the moving object (call it #1) crashes into the stationary one: v1 = at = (2)
(4.5) = 9 m/s. Now, we use conservation of momentum:
pbefore = pafter
m1v1 + m2v 2 = (m1 + m2 )v ′
(2)(9) + (1)((0) = (2 + 1)v ′
6 m/s = v ′

172.

B

Choice A is false since the impulse delivered to the ball by the floor is what accelerates it upward.
Choice C is false because the momentum certainly is changed: Before the ball hit the floor,
its momentum vector pointed downward, but after the bounce, the momentum vector points
upward. The gravitational force is not reduced in a vacuum, so choice D can be discarded. By
the process of elimination, the answer must be choice B. (When the ball hits the floor, the molecules that compose the ball and the floor will jiggle a little faster, so the temperature increases.
Heat has been transferred to the floor and ball, at the expense of some of the ball’s kinetic energy. Since some kinetic energy is lost, the ball will not be able to achieve its original gravitational
potential energy, which means it won’t be able to achieve its original height.)

173.

C

We need to first compute the stone’s speed at impact. Using Big Five #5 with v 0 = 0 and a = g,
we find
v 2 = v02 + 2a∆x ⇒ v = 2 g∆x = 2(10)(4) = 9 m/s
Therefore, p = mv = (2.5 kg)(9 m/s) = 22.5 kg·m/s.

174.

C

This is a proportion question (the MCAT loves proportions). Essentially it’s asking “What
should we do to the height if we want to double the impact speed?” All we need is to find the
connection between height and impact speed. This is a “potential energy turns into kinetic energy” situation, so
PE → KE ⇒ mgh = 12 mv 2 ⇒ h =

v2
⇒ h ∝ v2
2g

Therefore, if we want v to double, h must be increased by a factor of 22 = 4.
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175.

A

Before the object was released, all its mechanical energy was in potential form, E = mgh = 16mg.
When it’s at height h = 12 m, its potential energy is reduced to 12mg, so its kinetic energy must
be the difference, 4mg. Since its total mechanical energy is constant, 16mg, the fraction that is
in kinetic form is (4mg)/(16mg) = 1/4.

176.

C

Use the conservation of energy equation:
KE i
1
mv i2
2
1
( 2)( 20)2
2

+ PE i = KE f + PE f
+ mgh = KE f + 0

+ 2(10)(10) = KE f
600 J = KE f

177.

A

With the child on top of the crate, the normal force exerted by the floor on the crate must increase (to support the additional weight). Since N increases, the force of kinetic friction increases, so the magnitude of the work done by friction during the second displacement is greater:
W2 > W1.

178.

A

Recall that the force due to gravity pulling on the block is mg sin θ. Since the direction of this
force and the direction of the displacement are the same, the work done is the product of force
times distance:
W = (mg sin θ)(∆x) = (2·10·sin 30°)(3) = 30 J

179.

C

Work equals the change in kinetic energy (the work–energy theorem). Since gravity is the only
force doing work on the block, and since the initial kinetic energy is zero,
W = ∆KE = KE f = 12 mv f2 ⇒
v f = 2W / m = 2(30 J)/(2kg ) = 5.5 m/ss

180.

B

Find the kinetic energy, and do an amount of work equal to the negative of that value (the work–
energy theorem). Since KE = 12 mv2 = 1 (1000)(20)2 = 2 × 105 J, we must do –2 × 105 J of work to
2

stop it. Since the question asks for the magnitude, the answer is choice B.
181.

B

Since all the choices are positive, it’s clear that we’re just dealing with magnitudes. By definition
of power,
P=

182.

B

work 2 × 105 J
=
= 50, 000 W = 50kW
time
4 sec

Momentum will be conserved in the collision, so eliminate choices A and C. As far as kinetic
energy is concerned, you’re not allowed to assume that it’s conserved in a collision (unless they
tell you that the collision is elastic). Consider this: What if these pucks had identical masses
and traveled toward each other with identical speeds; what’s going to happen when they collide
head-on? Answer: They’d both stop dead, by conservation of momentum, so the kinetic energy
of the pucks isn’t conserved.
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183.

D

First we find the speed of the combined object after the collision, using conservation of
momentum:
pbefore = pafter ⇒ Mv = ( M + m )v ′ ⇒
v′ =

(4)(2) 4
Mv
=
= m/s
M +m 4+2 3

The desired ratio is therefore
KE a 12 ( M + m )v ′ 2 (4 + 2)(4 / 3)2 2
=
=
=
1
3
KE b
(4)( 22 )
Mv 2
2
184.

C

Since the speed down the incline is constant, the acceleration is 0, so Fnet is 0. Therefore, the
component of the force F up the plane must balance the component of the weight down the
plane:
force up

down


 force




F cos θ = mg sin θ

F = mg sin θ /cos θ
∴ F = mg tan θ

θ
os
c
F θ
F

h

θ
θ
185.

D
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in

s
mg

θ

The component of the force directed up the ramp is F cos θ, and the distance along the ramp is
h/(sin θ). Now, from the figure above, the direction of F cos θ (up the ramp) is opposite to the
direction of the displacement (down the ramp). Therefore, the work done will be negative. Using the value of F from the preceding question, we find
W = − F cosθ ⋅

158

mg

mg sin θ
h
h
=−
cosθ ⋅
= − mgh
sin θ
cosθ
sin θ

Physics Solutions

186.

A

Use the conservation of energy equation (including the term for the work done by friction):
KE i + PE i + Wair resis = KE f + PE f
0 + mgh + (− Fair ⋅ ∆x ) = 12 mv f2 + 0
2 gh + m2 (− Fair ⋅ h ) = v f2
80 = v f2
9 m/s = v f

187.

D

The joule uses kg for mass and m/s for speed, while the erg uses g (= gram) for mass and cm/s for
speed. Converting kg to g and m2 to cm2, we find:
2

2
kg ⋅ m 2 103 g  1cm 
7 g ⋅ cm
=
1J = 1 2 ⋅
10
= 107 ergs


−2
2
kg
s
s
 10 m 

188.

A

The strength of the friction force is equal to the coefficient of friction times the magnitude of
the normal force (which is mg cos θ), and since the friction force is opposite in direction from
the displacement ∆s, the work done by friction will be negative:
W = − Ffriction ∆x = − µmg cosθ ⋅ ∆x
= −(0.4)(10)(10)(cos 30°) ⋅ 2 = −68 J

189.

C

From the work-energy theorem,
W = ∆KE ⇒ 60 + ( −20) = 12 mv 2 ⇒ v =

190.

A

2( 40)
= 4 m/s
5

Use the work-energy theorem. The amount of work W1 equals the change in kinetic energy from
speed 0 m/s to speed 2 m/s; therefore,
W1 = ∆KE1 = 12 m( 22 − 02 ) = 2m (in joules)
Similarly, the amount of work W2 equals the change in kinetic energy from speed 2 m/s to speed
4 m/s:
W2 = ∆KE 2 = 12 m( 42 − 22 ) = 6m (in joules)
Therefore, W1 < W2.

191.

C

From “potential energy turns into kinetic energy,” we get mgh = KEf , so KEf ∝ h.

© The Princeton Review, Inc.

|

159

MCAT Science Workbook

192.

D

By definition, power is work (or energy) divided by time. We therefore have:
P′ =

W ′ 2W
W
= 1 = 4 = 4P
∆t ′ 2 ∆t
∆t

193.

B

Since air resistance is to be ignored, the original 980 J of kinetic energy is converted into 980 J
of potential energy at the top of its path, which is in turn converted back into 980 J of kinetic
energy as it strikes the ground. (The value given for the mass of the object is irrelevant.)

194.

B

Ignoring air resistance, energy is conserved, so the loss in potential energy is equal to the gain in
kinetic energy. When the object’s speed is 30 m/s, its kinetic energy is KE = 12 mv2 = 12 (10)(30)2 =
4500 J, so this is how much potential energy has been lost (and converted into kinetic).

195.

B

At the beginning, all its energy is in potential form; as it slams into the ground, all its energy
has been converted into kinetic form. Therefore,
PE → KE ⇒ mgh = 12 mv 2 ⇒
v = 2 gh = 2 ⋅ 10 ⋅ 125 = 2500 = 50 m/s

(Note: The equation v = 2gh is very handy to know [it’s also a consequence of Big Five #5].)
196.

A

Review the solution to the preceding question. How did the mass of the object enter into the
equation for its impact speed, v? Answer: it didn’t (v = 2gh ; no m)! Therefore, if the original height is unchanged, the impact speed will remain the same, regardless of how the mass
changes.

197.

B

This question is like the preceding one, except now it’s kinetic energy that’s being converted
(entirely) into potential (at its highest point), rather than the other way around.
KE → PE ⇒ KE = mgh ⇒
h=

198.

160

|

D
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KE
1000 J
=
= 10 m
mg (10kg)(10N/kg)

Remember: If the force field does positive work, then the potential energy decreases, and if the
field does negative work, then the potential energy increases. In this question, the force field is
the gravitational field of the Earth. Since we are told that the potential energy decreased, gravity
did positive work (the object fell); this eliminates choices A and B. Finally, the work done and
the change in energy have the same magnitude.

Physics Solutions

199.

D

Let m be the mass of the block, and let µ be the coefficient of kinetic friction between the block
and each ramp surface. Since both inclines have the same vertical rise, the work done by gravity,
W, is mgh in both cases, ruling out choices A and B. Now, if L is the length of the ramp, then
the work done by friction is
− Ffriction ⋅ ∆x = − µ N ⋅ ∆x = − µ(mg cosθ ) ⋅ L = − µmgb
where b = L cos θ is the length of the horizontal base of the ramp. Therefore, the magnitude of
the work done by friction, w, equals µ mgb. Since Incline 2 has the longer base, w will be greater
for Incline 2 than for Incline 1.

200.

C

Use the work-energy theorem. The work performed on the plane by the turbulent air is equal
to the change in the plane’s kinetic energy, which is ∆KE = 1 m(v2 – v 02) = (1000)(402 – 502) =
2
–900 kJ.

201.

B

The pressure due to a fluid of density ρ surrounding an object submerged at depth d below the
surface is given by the expression ρ gd, which is clearly independent of the size of the object.

202.

C

The pressure, P, due to a fluid of density ρ surrounding an object submerged at depth d below
the surface is given by the expression ρ gd. Since P is proportional to d, the object which is at
twice the depth feels twice the fluid pressure.

203.

D

The pressure, P, due to a fluid of density ρ surrounding an object submerged at depth d below
the surface is given by the expression ρ gd. Since we are not told how far the objects are below
the surface, all we can say is that the object which is 10 m from the bottom experiences less fluid
pressure than the object that is just 5 m from the bottom.

204.

C

The pressure, P, due to a fluid of density ρ surrounding an object submerged at depth d below
the surface is given by the expression ρ gd. Since P is proportional to ρ, choice C is best.

205.

A

The pressure due to the atmosphere is equal to its weight per unit area. Clearly, if we were at
an altitude of 2 km, there would be less atmosphere pushing down on us than if we were at sea
level: atmospheric pressure decreases with increasing altitude.

206.

B

This is precisely the statement of Archimedes’ principle.

207.

A

If the buoyant force is less than the weight of the object, the object will sink. Since the buoyant
force is equal to the weight of the displaced fluid, an object sinks precisely when the weight of
the fluid it displaces is less than the weight of the object itself.

208.

A

According to Archimedes’ principle, the buoyant force acting on an object of volume V that is
totally submerged in a liquid of density ρliquid has magnitude B = ρliquid Vg. Thus, a change in
ρliquid will affect the buoyant force, so Statement I is true. However, since the equation B = ρliquid
Vg does not involve the density of the object, Statement II is false. Finally, since we ignore any
variation in the density of a liquid due to depth (that is, we think of liquids as being incompressible), Statement III is considered untrue.
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209.

D

By definition, V = m/ρ Thus, in this case, we find
V = (500 g) / (0.926 g/cm3) = 540 cm3

210.

D

By definition, force equals pressure times area: F = PA. Since atmospheric pressure acts on the
other side of the plate, the pressure P is just the gauge pressure, ρ gd. Thus, the force holding the
plate down is F = ρgdA = (1000 kg/m3)(10 N/kg)(1 m)(1 m2) = 10,000 N. Since the drain-hole
cover weighs 2000 N, a total force of 10,000 + 2000 = 12,000 N will be required to lift it.

211.

A

The flow rate, f, is equal to Av, where A is the cross-sectional area of the tube and v is the average
velocity of the fluid. Since a cylindrical pipe has circular cross sections, the area A is equal to
π r 2, where r is the radius. In this case, r =
v = 2 m/s, we find that

1
2

m, so A = π ( 12 m)2 = 1 π m2. Multiplying this by
4

f = Av = ( 14 πm2)(2 m/s) = 12 π m3/s = 1.6 m3/s
212.

C

If the fluid flow is ideal, then the statement in choice D is true, by definition. Also, since the
pipe’s radius is smaller at Position 2 than at Position 1, the continuity equation implies that the
flow speed at Position 2 must be greater than at Position 1 (so choice A is true). Based on this
last observation, Bernoulli’s equation then implies that the fluid pressure at Position 2 is lower
than at Position 1 (so choice B is true). The statement in choice C is false: The flow rate is constant throughout the pipe.

213.

B

Since the object floats, the buoyant force it feels must balance its weight. Therefore, B = 200 N.
By Archimedes’ principle, B = ρfluidVsub g, so setting ρfluidVsub g equal to 200 N, we find that
V sub =

B

ρfluid g

=

200N
= 0.02 m 3
(1000kg/m 3 )(10N/kg)

214.

D

The buoyant force on a totally submerged object is independent of its depth below the surface
(since we ignore any increase in the water’s density). Thus, the buoyant force on the ball at a
depth of 4 m is 10 N, the same as the buoyant force at 1 m. When it sits at the bottom of the
pool, the two upward forces, the buoyant force B and the normal force N, must balance the
downward force of gravity. Therefore, (10 N) + N = 60 N, which gives N = 50 N.

215.

C

Since the object is motionless, its acceleration is zero, so the net force on it must also be zero.
Therefore, the magnitude of the buoyant force upward must equal the magnitude of the weight
downward:
B = w = mg = (2 kg)(10 N/kg) = 20 N

216.

A

As in the preceding question, the buoyant force upward must be balancing the weight downward. Therefore,
B = w ⇒ ρfluidV submerged g = w ⇒
V submerged =
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w

ρfluid g

=

40N
= 0.004 m 3
3
(1000kg/m )(10N/kg)

Physics Solutions

217.

B

For floating objects, the weight downward is balanced by the buoyant force upward. The density
of the fluid is 1.5 times the density of water, that is, ρfluid = 1500 kg/m3, so
w = B ⇒ ρ blockVg = ρfluidV sub g ⇒

ρ blockV = ρfluid ( 12 V ) ⇒
ρ block = 12 ρfluid = 12 (1500) = 750 kg/m 3
218.

D

Since 100% – 20% = 80% of the object’s volume is submerged, once we equate the weight
(downward) with the buoyant force (upward) we get
w = B ⇒ ρobjectVg = ρfluidV sub g ⇒

ρobjectV = ρfluid (800%V ) ⇒ ρobject = 80% ρfluid
219.

B

The reason the object seems to weigh 100 N less while immersed is because the buoyant force is
supporting 100 N of the total weight of the object. Therefore,
B = 100 N ⇒ ρwaterVg = 100 N ⇒
V =

220.

D

100 N
100 N
1
=
= 0.01m 3
=
3
ρwater g (1000kg/m )(10 N/kg) 100

As in the preceding question, the reason the object seems to weigh 200 N less while submerged
is because the buoyant force is supporting 200 N of the object’s weight. This gives
since sp. gr. = 2

ρ Vg
w
=
ρ waterVg =
B


2ρwater
ρwater

=2

Therefore, w = 2B = 2(200 N) = 400 N.
Another (less elegant but perhaps more straightforward) solution involves first finding the volume of the object exactly as we did in the preceding question (here, V = 0.02 m3) then w = mg =
ρVg = (2·1000)(0.02)(10) = 400 N.
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221.

C

Since the object weighs 1000 N, we have w = mg = ρobjectVg = 1000 N. Furthermore, since the
object seems to weigh 250 N less when submerged, the buoyant force must be 250 N, which
means B = ρfluidVsub g = ρfluidVg = 250 N. Taking the ratio of these two quantities, we find
w ρobjectVg 1000
=
=
250
B ρfluidVg

⇒

ρobject
ρfluid

=

1000
=4
250

Since the object has 4 times the density of the fluid, it has 4 times the specific gravity as well.
Thus, the specific gravity of the object is (4)(0.75) = 3:

ρobject
ρfluid
4=
222.

D

=

ρwater × (sp. gr. of object) sp. gr.object
=
⇒
ρwater × (sp. gr. of fluid) sp. gr.fluid

sp. gr.object
0.75

⇒ sp. gr.object = 3

(This question is just like the preceding one.) Since the weight of the object is 500 N, we have
w = mg = ρobjectVg = 500 N. Since it seems to weigh 500 – 300 = 200 N less while submerged
in water, the buoyant force must be 200 N: B = ρobjectVg = 200 N. Taking the ratio of these two
quantities (the weight w and the buoyant force B), we find

ρobjectVg 5
w 500N 5
=
=
⇒
=
⇒
ρwaterVg 2
B 200 N 2
ρobject
ρwater
223.

B

Since the block is totally submerged at both depths, the buoyant force, B = ρwaterVg (called F in
this question), is the same at both depths.

224.

C

For a total pressure of 2 atm, we want the gauge pressure due to the water, ρgd, to be 1 atm.
Therefore, if ρgd = 1 atm, then
d=

225.
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= 2.5 ⇒ sp. gr.object = 2.5

A
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105 Pa
1 atm
≈
= 10 m
ρg
(103 kg/m 3 )(10 N/kg )

Since gauge pressure is fluid density × g × depth, we have p = Patm + ρgd and P = Patm + ρg(2d).
Note that 2p = 2Patm + ρg(2d) is greater than Patm + ρg(2d) = P, so P < 2p.

Physics Solutions

226.

B

With the iceberg floating (in static equilibrium), the weight downward is balanced by the buoyant force upward. Therefore, letting V denote the entire volume of the iceberg, we find
w = B ⇒ ρiceVg = ρseawaterV sub g ⇒
V sub
ρ
0.92 × ρwater 0.9
≈
= 90%
= ice =
V
ρseawater 1.025 × ρwater
1
Since 90% of the iceberg is submerged, 10% is above the water.

227.

B

Note that the systolic pressure (120 mm Hg) is 1 1 times the diastolic pressure (80 mm Hg).
2

Only the values in choice B have a ratio (close to)
228.

B

11.
2

(This is one for your intuition; the math is quite messy—study the figures below.) Since Styrofoam is much less dense than gold, the volume of Styrofoam pushed down into the water is
much greater than the volume of the gold, so some of the water will spill out of the tank. The
formal solution to this question goes like this: The figure below on the left shows the original
set-up, with the gold sitting at the bottom of the tank and the bare Styrofoam floating at the top.
The amount of water is just enough so that its volume, plus the volume of the gold brick and the
original volume of submerged Styrofoam, exactly fills the tank. When the gold is placed on top
of the Styrofoam, V′sub will be greater than the old Vsub + Vgold, so there’ll no longer be enough
room for all the water: some of it must spill out.
Vstyro
Vsub

V ′sub > Vsub + Vgold

V′sub

Vgold

V sub
′ = V sub +

ρgold
ρH2O

V gold > Vsub + Vgold

ρ H2OV sub g = ρstyroV styro g
V sub =

ρstyro
ρ H2O

Vstyro

ρ H2OVsub
′ g = ρstyroV styro g + ρgoldVgold g
Vsub
′ =

ρstyro
ρ H2 O

V styro +

ρgold
ρ H2 O

V gold
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229.

D

We use the fact that gauge pressure equals fluid density × g × depth. Letting ρ (with no subscript) denote the density of water, we have ρQ = (1/2)ρ, and we then write
gauge pressure
due to water

gauge pressure
due to Fluid Q


ρg(d − q)

+

gauge pressure if
all fluid were water



ρQgq

ρ(d − q) +

1
2

d−q+


ρgd

= 0.75 ×

ρq = 34 ρd
1
2

q=

3
4

d

q=

1
2

d

Fluid Q
ρQ

q

d
water
ρ

230.

D

d–q

We use the fact that gauge pressure equals fluid density × g × depth. Letting ρ (with no subscript) denote the density of water, we have ρZ = 2ρ, and we then write
gauge pressure
due to water



ρ g(d − z)

gauge pressure
due to Fluid Z

+


ρ Zgz

gauge pressure if
all fluid were water

= 1.5 ×

ρ(d − z) + 2ρz = 1.5ρ d
d − z + 2z = 1.5d
z = 0.5d

water
ρ

d–z

d
Fluid Z
ρZ
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z


ρ gd
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231.

C

We use the fact that gauge pressure equals fluid density × g × depth. Letting ρ (with no subscript) denote the density of water, we have ρX =(3/4)ρ and ρY = (3/2)ρ, and we then write
gauge pressure
due to Fluid X

gauge pressure
due to Fluid Y

3
4

gauge pressure if

were water
 all fluid
+ ρ Yg (d − x) =
ρgd



ρ Xgx

ρx + 32 ρ(d − x) = ρd
3x + 6(d − x) = 4d
x = 32 d

Fluid X
ρX

x

Fluid Y
ρY

d–x

d

232.

D

At the interface marked ✖ in the figure below, the gauge pressure can be computed in two ways.
One point of view says that this point is at depth y below the surface of the water. Another point
of view says that this same point is at depth x + y below the surface of the oil.

x
oil

y

interface

✖

water
Clearly, these two points of view must give the same value for the gauge pressure at this location.
Thus,
gauge pressure
due to water




ρwater gy
∴

ρ oil
ρ water

gauge pressure

to oil
due




= ρoil g(x + y)

=

y
x +y

=

20
5 + 20

=

20
25

= 0.80
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233.

B

Gauge pressure (= fluid density × g × depth) depends only upon the density of the fluid and the
depth. Since both containers are filled with water and have the same height, the gauge pressure
at their bases will be the same, regardless of the shapes of the containers. Therefore, the ratio
is 1.

234.

A

Using f = Av, we calculate
F = Av = πr 2v = π(0.03)2(4) ≈ 3(0.0010)(4) = 0.012 m3/s

235.

D

The equation of continuity says that f = Av remains constant. Therefore, the speed v is inversely
proportional to the area A, or, equivalently, is inversely proportional to the square of the radius
(or diameter). So if the radius decreases by a factor of 4, the speed must increase by a factor of
42 = 16.

236.

A

The equation of continuity says that f = Av remains constant. Therefore, the speed v is inversely
proportional to the area A, or, equivalently, is inversely proportional to the square of the radius
(or diameter). So if the diameter increases by a factor of 3, then the speed must decrease by a
factor of 32 = 9.

237.

B

We apply Bernoulli’s Equation noting that since the pipe is horizontal, the heights h1 and h2 are
the same, so the terms ρgh1 and ρgh2 cancel out of the equation:
P1 + 12 ρv12 = P2 + 12 ρv 22
P2 = P1 + 12 ρ(v12 − v 22 )
= P1 + 12 ρ(v 2 − 9v 2 )
∴ P2 = P1 − 4 ρv 2

238.

C

We apply Bernoulli’s Equation noting that since the pipe is horizontal, the heights h1 and h2 are
the same, so the terms ρgh1 and ρgh2 cancel out of the equation:
P1 + 12 ρv12 = P2 + 12 ρv 22
P2 = P1 + 12 ρ(v12 − v 22 )
= P1 + 12 ρ(v 2 − 14 v 2 )
∴ P2 = P1 + 83 ρv 2

239.

B

The relationship between force and viscosity is given by the equation
F =η

Av
d ,

where v is the speed of the object and d is the depth of the fluid. So, if the viscosity doubles,
then F doubles (if all other quantities remain constant).
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240.

C

This is a straightforward unit conversion question:

η = (8 × 10−4 Pa ⋅ s) ×
241.

B

1P
1 cP
× −2 = 0.8 cP
10 Pa ⋅ s 10 P
−1

The total upward force we exert must overcome both the force due to the surface tension and
the weight of the loop. The force due to surface tension (trying to hold on to the loop as we try
to pull it away) is
Fsurface tension = 2γ(2πr) = 2(0.5)(2π)(0.02) = 0.13 N
Since the weight of the loop is 0.1 N, the total force we must exert is 0.13 N + 0.l N = 0.23 N.

242.

B

Let B be the buoyant force and N the normal force exerted by the bottom of the pool, both of
which are upward on the rock. With the rock sitting there, the net upward force, B + N, must
be balanced by the downward force, w. Since B + N = w, we must have
N = w − B = mg − ρVg = (10)(10) − (103 )(10−3 )(10)
= 100 − 10 = 90 N

243.

C

If we ignore frictional forces, then the only forces the object feels are the upward buoyant force
B and the downward force of its weight, w. Thus, the net force (upward) is
Fnet = B – w = B – mg = 9 – (0.2)(10) = 7 N
This gives an acceleration of
a=

Fnet
7N
=
= 35 m/s 2
m 0.2kg

Now, using Big Five #5 (with v 0 = 0), we calculate the final velocity v when it reaches the surface
(that is, after it has traveled a distance h = 2 m):
v = 2ah = 2(35)(2) = 2 35 = 12 m/s
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244.

C

The formula given for the constant speed of descent (called the terminal speed) is not needed.
The key point is this: If the sphere is falling at a constant velocity, its acceleration is zero, so the
net force on it must be zero as well. Since the forces acting on it are its weight w downward, and
the buoyant force B and drag force Fv both upward, the fact that Fnet = 0 implies w = B + Fv.
B
Since the sphere is descending,
the frictional force Fv points
upward (in the direction opposite
to the object’s motion).

Fv

w
245.

B

The forces acting on the ball are its weight w and the string’s tension T downward, and the
buoyant force B upward. Since the ball is just sitting there, these forces must cancel. Thus,
T + w = B, which implies
T = B – w = ρVg – mg = (103)(4 × 10 –3)(10) – (0.5)(10) = 35 N
B

T
246.

A

w

The length, width, and total depth of the reservoir are irrelevant. The total pressure exerted by
the water at the location of the hole is
P = Patm + ρgh = (1 × 105) + (103)(10)(2) = 1.2 × 105 Pa
Since force is pressure times area (F = PA), the force that the water exerts outward is PA, and the
force that the air exerts inward at the hole is Patm A. Therefore, someone’s thumb would have to
exert a force to make up the difference:
Fthumb = PA – Patm A = (P – Patm)A = (0.2 × 105 Pa)(3 cm2)(1 m/100 cm)2 = 6 N.

247.

C

The shape of the container is irrelevant. All we need is the depth to calculate the pressure:
Pgauge = ρgh = (2000)(10)(0.25) = 5000 Pa = 5 kPa

248.

170

|

B

© The Princeton Review, Inc.

The Coulomb force between opposite charges is attractive, eliminating choices C and D. Since
the strength of the force is inversely proportional to the square of the separation distance, the
force decreases as the charges are pulled apart.

Physics Solutions

249.

B

Since F = kq1q2/r 2, if both charges are doubled and the separation distance is also doubled, the
force F ′ between the new charges will be unchanged: F′ = k(2q1)(2q2)/(2r)2 = kq1q2/r 2 = F.

250.

B

The repulsive force must be the Coulomb force due to the like charges (because the gravitational
force is attractive only). Since changing the mass does not change the Coulomb force, the repulsive force between the charges will be unchanged.

251.

D

The strength of the electric field due to a single point charge is given by the equation E = kQ/r 2.
Thus, E clearly depends on both the magnitude of the source charge Q and the distance r from
Q; this eliminates choices B and C. The sign of the source charge affects only the direction of
the electric field vectors; they will point away from the source charge if it is positive and toward
the source charge if it is negative. The sign of the source charge does not affect the strength of
the field. Thus, choice D must be the answer. (Note on choice A: The field created by the source
charge is indeed affected by the nature of the medium surrounding it. For example, consider the
case of a dielectric placed between two charged plates of a parallel plate capacitor, with the battery no longer attached. The presence of the insulating material will decrease the strength of the
electric field created by the plates. The same would be true if a point charge were placed inside
an insulating material. The equation E = kQ/r 2 assumes that the source charge is in vacuum.)

252.

A

By convention, electric field vectors always point toward negative source charges, so choices C
and D are eliminated. Since electric field strength is inversely proportional to the square of the
distance from the source charge, the magnitude of the electric field will increase as we move
closer to the source charge—choice A.

253.

C

This can be solved like a free-fall problem in Mechanics with either the Big 5 or conservation
of mechanical energy. To use the Big 5, we first need to calculate the acceleration. The force
on a charge q being acted on by an electric field is F = qE. Therefore, |q|E = ma so a = (1 C)
(5 N/C)/(1.25 kg) = 4 m/s2. Since vo = 0 and the distance traveled (d) to the plate is 2 m, we use
the formula vf2 = vo2 +2ad. Solving for vf  , we get vf = (2(4 m/s 2 )(2 m) = 4 m/s. To use conservation of mechanical energy, potential energy is converted into kinetic energy, or qV = (1/2)mv2.
For a plate of charge, V = Ed, therefore qEd = (1/2)mv2, which implies
v=

254.

C

2qEd
=
m

2(1C)(5N/C)(2 m)
= 4 m/sec
1.25kg

In this case, the attractive Coulomb force provides the centripetal force; that is, kq2/r 2 = mv2/r.
Solving this equation for v yields
v=

255.

B

kq 2
mr

By convention, electric field vectors always point away from positive source charges and toward
negative ones. Thus, in the region between the given point charges, the electric field points to
the right: away from the positive and toward the negative.
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256.

B

The strength of the electrostatic force between two point charges is given by Coulomb’s law:
F =k

257.

B

q1q 2
r2

= (9 × 109 )

(3 × 10−6 )(10 × 10−6 )
= 0.27 N
12

By definition, the force F on a charge p due to an electric field E is given by the equation F = pE.
Since the field E points to the right and the charge p is negative, the force F on p will point to
the left and have magnitude
F = | p |E = (5 × 10 –6 C)(7 × 105 N/C) = 3.5 N
Note that since we were given the value of E, we do not need the values of q1 and q2.

258.

B

The fact that the objects are initially identical is irrelevant. The important fact is that they are in
equilibrium—their gravitational attraction balances out their electrostatic repulsion. If one of
the masses is halved, then the gravitational attraction between the two is also halved. Thus, to
maintain equilibrium, the electrostatic repulsion must also be halved. This can be accomplished
if the charge of one of the objects is halved:
G

m1m2
r2

=k

q1q 2
r2

⇒ G

m1( 12 m2 )
r2

=k

q1( 12 q 2 )
r2

The trap answer is choice D, but remember that it is not about doing the same thing to each
object, but about doing the same thing to each side of the above equation.
259.

A

Since charge is quantized, the charge q must be a whole number (n) times the charge on a single
electron:
q = n( − e ) ⇒ n =
=

260.

B

1
× 1019 = 6.25 × 1018
1.6

First, note that the charge on the nucleus is e, and the magnitude of the charge of the electron
is also e. Thus, since the necessary centripetal force on the electron is provided by the electrical
attraction,
qQ
mv 2
=k 2
r
r

261.

C
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⇒

mv 2
e2
=k 2
r
r

⇒ v=e

k
mr

Since the necessary centripetal force on the electron is provided by the electrical attraction,
mv 2
e2
=k 2
r
r

262.

q
−1C
=
− e –1.6 × 10 –19 C

⇒ mv 2 =

ke 2
r

⇒

1
2

mv 2 =

ke 2
2r

By Newton’s Third Law, F12 and F21 form an action-reaction pair. Therefore, the ratio of their
magnitudes equals 1; all the numbers given in the question are irrelevant.

Physics Solutions

263.

A

For q to be exactly d/2 away from the two charges, it must be located exactly halfway between
them. Since q is equally attracted to both the Q’s (because q is the same distance away from
each of them), the net force on q must be zero; no mathematical calculation is needed.
d/2

+
Q
264.

D

d/2

q

+
Q

Since the magnitude of each charge is q = 1010(1.6 × 10 –19 C), the repulsive force between them
is
f =k

10
−19 2
q2
)]
9 [10 (1.6 × 10
=
(
9
×
10
)
= 2.33 × 10−4 N
2
−2 2
r
(10 )

265.

B

Since Coulomb’s law tells us that the electrostatic force is inversely proportional to the square
of the distance between the charges, if this distance increases by a factor of 2, the force will decrease by a factor of 22 = 4.

266.

A

Since the charge +Q has smaller magnitude, we must be closer to it than to the stronger charge
if we want to find a position where the potentials cancel to give zero. This eliminates choices
C and D. Also, because +Q is twice as weak, we must be twice as close to it. That is, the ratio
of the distances from the charges to the zero-potential position is 2:1, which means one of the
distances is 2/3 of the total, and the other is 1/3 of the total distance 2d. Therefore, we must be
(1/3)(2d) = 2d/3 to the right of +Q, which is the same as d/3 to the left of the origin. This is the
intuitive solution they would expect.
If you don’t trust your intuition yet, there’s a precise, irrefutable mathematical solution. Let our
special position be at distance x to the right of the +Q charge; then its distance from the –2Q
charge is 2d – x. If the potential infinitely far from the charges is designated as 0, then the formula for the potential φ at a distance r from a point charge q is φ = kq/r. Thus, setting the sum
of the potentials equal to zero gives
k (+Q ) k (−2Q )
kQ
2kQ
+
=0 ⇒
=
x
2d − x
x
2d − x
1
2
⇒
=
⇒ 2 x = 2d − x ⇒ x = 2d / 3
x 2d − x
Since x = 2d/3, the position we seek is d/3 to the left of the origin, just as above.
A third method is to simply try the answer choices and see which one is right. Trying A leads to
kQ
k (−2Q ) 3kQ 3k (−2Q )
+
=
+
=0
2d 3 4d 3
2d
4d
as desired.
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267.

D

Here’s the quick, intuitive solution (which you may verify or derive by exactly the same kind
of mathematical solution that was described in the solution to preceding question). The point
where the potential equals zero must be closer to the small magnitude charge, which eliminates
choices A and B. The ratio of the charge magnitudes is 3:1, so the point where the potential
equals zero must be 1/4 of the total distance between them from the smaller charge and 3/4 the
distance from the larger charge. Since the total distance between the charges is 2d, the distance
from the weaker charge is (1/4)(2d) = d/2, so the answer we want is d/2 to the right of the origin.

268.

D

Using Coulomb’s law, we see that the force is unchanged:
F′=k

269.

C

Q ′q ′
Qq
(2Q )(2q )
4Qq
=k
=k 2 =k 2 =F
2
2
r
r′
(2r )
4r

Using Newton’s law of gravitation and Coulomb’s law we compute the ratio:
kq p qe / r 2
Felec
ke 2
=
=
Fgrav Gm p me / r 2 Gm p me
=

(9 × 109 )(1.6 × 10−19 )2
(6.67 × 10−11 )(1.67 × 10−27 )(9.11 × 10−31 )

Simplifying the powers of ten gives us 10 –29 over 10 –69, or 1040, so C is the only possible choice.
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270.

C

Ohm’s law gives V = IR = (10 A)(25 Ω) = 250 V.

271.

B

Since the resistors in this circuit are in series, the total or equivalent resistance of the circuit (Req)
is 4 + 6 + 10 = 20 Ω. Thus, the total current in the circuit—that is, through all the resistors—is
I = V/Req = (20 V)/(20 Ω) = 1 A. Therefore, the voltage drop across the 4-ohm resistor is V1 = IR1
= (1 A)(4 Ω) = 4 V. An alternate way to calculate V1 without first calculating the current comes
from that fact that since all resistors in series carry the same current, V is proportional to R. As a
ratio, we can write this as V1/Vtotal = R1/Req or V1/(20 V) = (4 Ω)/(20 Ω). This method is particularly useful if finding the current is not an easy calculation.

272.

C

Since the resistors in this circuit are in parallel, the equivalent resistance of the circuit is Req,
where 1/ Req = 1/3 + 1/2 + 1/6 = 1. Thus, Req = 1 Ω. Since the circuit carries 10 A of current, the
battery must have a voltage of V = IReq = (10 A)(1 Ω) = 10 V.

273.

A

By convention, the direction of electric current is the direction that positive charges would move.
Therefore, current flows from points of higher potential to points of lower potential.

274.

D

Choices A and B are identical and must therefore both be wrong. While current would flow in a
perfect conductor, free of resistance, it is not a necessary condition. Choice C is a contradiction:
infinite resistance would imply no current. The correct answer is choice D.

275.

D

The problem states that the voltage is to remain constant, so choices A and B must be eliminated. From Ohm’s law, V = IR, if V is constant, then I and R are inversely proportional. Thus,
an increase in R will result in a decrease in I.
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276.

C

From Ohm’s law, V = IR, increasing V and decreasing R will result in an increase in I. Choices A
and B may bring about an increase in current depending on their values, but the problem askes
which will necessarily bring about an increase in current.

277.

C

In a parallel circuit, each resistor has the same voltage drop (which is equal to the voltage supplied by the power source). Adding more resistors in parallel will therefore not change the voltage across any resistor. This eliminates choices A and B. The equivalent resistance of a network
of parallel resistors decreases as more resistors are added to the network. A decrease in the equivalent resistance will result in an increase in the total current through the network. Another way
of thinking about this situation is that a parallel circuit is equivalent to running several circuits
off of the same battery—each resistor is a separate circuit which receives its own separate current. The more resistors, the more individual currents and therefore, the greater the total current.

278.

D

Adding resistors cannot change the resistance of the original resistor (which depends on the
size, shape and material from which it is made). This eliminates choices A and B. The total
or equivalent resistance of a network of series resistors increases as more resistors are added to
the network. An increase in the equivalent resistance will result in a decrease in the total current through the network. Another way of thinking about it is that resistors in series share the
voltage provided by the battery. The more resistors there are, the less voltage each one gets and
therefore, the less current will flow through each.

279.

B

Since V = IR for any individual resistor, and R is a constant that depends on the size, shape and
material from which the resistor is made, then V and I must either both increase or both decrease. This eliminates choices C and D. The equivalent resistance of a network of series resistors
increases as more resistors are added to the network. An increase in the equivalent resistance
will result in a decrease in the total current through the network. A decrease in current will
result in a decrease in the voltage drop across the original resistor.

280.

A

The voltage provided by the power source (e.g. the battery) is fixed—only the variable resistor
changes. This eliminates choices C and D. The power provided by the power source is given
by the equation P = IV, where I is the total current and V is the voltage provided by the power
source. Thus, if V is fixed, an increase in I will cause an increase in P. Note: it does not matter if
the circuit is a series, parallel or a combination circuit. All we need to know is that the current
increases.

281.

D

From P = IV, we get P = (1.5 A)(120Ω) = 180 W.

282.

C

By definition, Vrms = Vmax/ 2 Therefore, Vmax =

283.

A

By definition, Vrms = Vmax/ 2 = (170 V)/(1.41) = 120 V.

2 Vrms = (1.41)(100 V) = 141 V.
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284.

A

The force F on a charge q moving with velocity v through a magnetic field B is given by the
equation F = qv × B. Since v is in the plane of the page and B is directed into the page, there
will be a non-zero force directed perpendicular to the direction of motion, creating a centripetal
force on the charge. This eliminates choices C and D since the particle will travel in a circular path. Since the direction of v was not specified (other than being in the plane of the page),
choose any direction for v. One way of expressing the Right Hand Rule is that if a positive
charge is moving perpendicular to B, then point the thumb of your right hand in the direction
of v, your fingers in the direction of B and therefore F points out of the palm (see the diagrams
below for several cases). Regardless of the initial direction of v, the force always directs the
charge in a counter-clockwise path.
v

F
+90°

+90°
B ×

v

× B

v

× B

F

B ×

F
+90°

+90°
F

v

285.

A

A magnetic field is created only by electric charges in motion. Since the charged particle described in this question is motionless, it generates no magnetic field.

286.

B

Changing the test charge does not affect the field it is trying to measure, so choices A and C are
eliminated. The field becomes weaker as we move away from the wire, so choice D is eliminated.
This leaves choice B, which is also supported by the formula B = μ0i/(2πr); increasing i will increase B.

287.

D

The magnetic force acting on a charge q moving at velocity v in a magnetic field B is given by
the equation F = qv × B. If |q|, v, and the angle between v and B are all the same for both charges, then the magnitude of the force F will be the same on both charges. This eliminates choices
A and C. However, if the charges carry opposite signs, they will feel oppositely-directed forces.

288.

D

The resistance of a wire is given by R = ρ × L/A. Since area is proportional to the radius squared,
the fact that Wire #1 has four times the radius means that it has 42 = 16 times the crosssectional area of Wire #2. Therefore,
L1

R1 ρ A1 L1 A2
2 L2 A2 1
= L = ⋅
=
⋅
=
⇒ R2 = 8R1
R2 ρ 2
A1 L2 16 A2 L2 8
A
2
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289.

C

Since area is proportional to the diameter squared [ A = πr 2 = π( 12 d )2 = 14 πr 2 ] , the fact that the
tungsten wire has twice the diameter means that it has 22 = 4 times the cross-sectional area of
the platinum wire. Also, notice that the value given for the resistivity of the platinum (Pt) wire
is twice the resistivity of the tungsten (W) wire. Therefore,
RPt ρ Pt
=
RW ρW

L
APt
L
AW

=

ρPt AW
⋅
= 2 ⋅ 4 = 8 ⇒ RPt = 8R
RW
ρW APt

290.

B

When trying to find the total current passing through a parallel circuit, there are two basic
methods—finding the currents through the individual paths and adding them up, or using I =
V/Req. Since we are not given V directly, the first method is quicker. In parallel, each path drops
the same voltage. Therfore I is inversely proportional to R. Since R 2 = 2R1 then I2 = (1/2)I1 =
3 A. Similarly, since R 3 = 3R1 then I3 = (1/3)R1 = 2 A. I = I1 + I2 + I3 = 6 A + 3 A + 2 A = 11 A. A
slightly longer version of the same basic method would be to calculate the voltage across R1 using V1 = I1R1 = (6 A)(1 Ω) = 6 V. Since this is a parallel circuit, V2 and V3 also equal 6 V. You can
use this to calculate I2 and I3 and then sum the individual currents as above. The longest way
would be to calculate the equivalent resistance by 1/Req = 1/R1 + 1/R 2 + 1/R 3 = 1/(1 Ω) + 1/(2 Ω) +
1/(3 Ω) = 11/6 (1/Ω). Req is therefore (6/11) Ω, so I = V/Req = (6 V)/(6/11 Ω) = 11 A.

291.

C

Since the voltage drop across the 3 Ω resistor is 2 V, the current through this resistor must be
I = V/R = 2/3 A. Since the 1.5 Ω resistor is in parallel with the 3 Ω resistor, its voltage drop must
also equal 2 V (parallel resistors always share the same voltage drop), so the current through
this resistor is 2/(1.5) = 4/3 A. The total current is therefore 2/3 A + 4/3 A = 2 A. An alternate
method would be to find the equivalent resistance using 1/Req = 1/R1 + 1/R 2 and then using that
value to find the total current by I = V/Req. This is a longer method.

292.

A

The total power dissipated by a circuit can be written as Ptotal = Itotal2Req or Ptotal = V 2/Req. At
first glance, these equations may seem to contradict each other—the first seems to imply that a
circuit with a larger equivalent resistance dissipates more power and second seems to imply the
opposite. While either equation can be used, Ptotal = V 2/Req is easier. Why? Because one thing
all four circuits have in common is that they are all hooked up to the same battery. This means
that V is a constant and P is therefore inversely proportional to Req; in other words, circuits with
larger equivalent resistance dissipate less power. The challenge of using Ptotal = Itotal2Req is that the
Itotal is different in each circuit. A bigger equivalent resistance means smaller total current. To
compare Req for each circuit, we can make quick calculations assuming that the value of each
resistor is 1 and that the equivalent resistance of n identical resistors in parallel is 1/n. For circuit
A: Req = 1 + 1 + 1 + 1 = 4, for circuit B: Req = 1 + (1/2) + 1 = 5/2, for circuit C: Req = 1 + (1/3) =
4/3, and for circuit D: Req = (1/2) + (1/2) = 1. Circuit A has the largest resistance and therefore
dissipates the least amount of power.
Here’s another way of looking at it. Since the total power consumed by the resistors equals the
power supplied by the battery, we can reword the question more simply as follows: “In which
circuit does the battery supply the least amount of power?” Since the power supplied by a battery is P = IV, and all the V ’s are identical, we will answer the question once we find the circuit
with the smallest current I. But the circuit with the smallest current will be the one with the
greatest resistance (since V = IR tells us that R is inversely proportional to I). The circuit with
the greatest resistance is the one where all the resistors are in series, which is A.
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293.

D

The magnetic force always points perpendicular to v. This eliminates choices A and B. With the
velocity vector v pointing to the right and the magnetic field vector B pointing into the plane of
the page, the Right Hand Rule tells us that the direction of the cross product v × B is upward.
Since the charge feeling the magnetic force is positive (it’s a proton), the direction of the magnetic force is the same as the direction of v × B. Right Hand Rule: thumb in the direction of v
(to the right), fingers in the direction of B (into the page), F pointing out of the palm (upward).

294.

B

Above the wire, the magnetic field lines created by the current-carrying wire are circles coming
out of the page. (Imagine wrapping your right hand around the wire with your thumb pointing to the right [in the direction of the current]. Then your fingers curl toward you—out of the
plane of the page—above the wire [and curl inward—into the page—underneath the wire].)
With the velocity vector v pointing to the right and the magnetic field vector B pointing out of
the plane of the page, the right-hand rule tells us that the direction of the cross product v × B is
downward. But, the charged object is an electron, which is negative, so we must take the opposite of this direction (that is, upward) to get the direction of the force. Another way of thinking
about it is that a negative charge moving to the right is like a “current” moving to the left (I is
the direction that positives would move). Now we have two opposite currents. Parallel currents
attract each other and opposite currents repel. Therefore, the electron would feel a repulsive
force upward.

295.

B

Once the mass comes to rest at the end of the spring, the upward force by the spring must balance the downward force of gravity. That is, kx = mg. Solving for x yields x = mg/k = (1)(10)/20 =
0.5 m.

296.

B

Once the mass comes to rest at the end of the spring, the upward force of the spring must balance the downward force of gravity. That is, kx = mg. Solving for x yields x = mg/k = (20)(10)/
(1000) = 0.2 m.

297.

B

Let K ′ be the force constant of the second spring. Hooke’s law states that the force exerted by a
spring is equal to the product of its spring constant and the amount of stretch. Therefore, the
force exerted by the first spring is KL and that by the second spring is K ′L2, so we have KL =
K ′L2, which gives K ′ = K/L.

298.

B

The elastic potential energy of the compressed spring is transformed into kinetic energy of the
doll. Thus, 12 kx2 = 12 mv2, which gives
v=x

299.
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k
200 N/m
= (0.2 m)
= 9 m/s
m
0.1 kg

At the top of its arc, the pendulum comes to rest momentarily; thus, its kinetic energy drops to
zero (eliminating choice A). Since its height above the bottom of its arc is at a maximum at this
point, and since its (angular) displacement from the vertical equilibrium position is at its maximum also, choices C and D are eliminated. The pendulum constantly feels the forces of gravity
and tension and is thus continuously accelerating. (Note on choice B: If the pendulum’s acceleration were zero at the moment that its velocity were zero, then its velocity would stay zero.)

Physics Solutions

300.

A

Gravitational potential energy is converted into kinetic energy as the pendulum swings through
its equilibrium position. Thus, mgh becomes 12 mv2, which implies that the pendulum’s speed as
it passes through its lowest point is given by the equation v = 2gh Since v is proportional to
.
h increasing h by a factor of 2 will increase v by only 2 , which is less than 2.

301.

D

Ignoring any dissipative forces due to friction, the total mechanical energy of the pendulum is
conserved. While gravitational potential energy and kinetic energy are constantly being converted into one another, the total mechanical energy, KE + PE, remains constant.

302.

A

The period is the reciprocal of the frequency; thus, T = 1/f = 1/(200 Hz) = 0.005 sec.

303.

A

The period is the reciprocal of the frequency; thus, if f is increased, then T will decrease.

304.

D

The speed of a wave is determined by the characteristics of the medium (and the type of wave).
It is independent of amplitude.

305.

B

A displacement from the position of maximum elongation to the position of maximum compression represents half a cycle. Thus, if this takes 1 sec, then the time required for a complete
cycle is 2 sec, which means the frequency must be f = 1/T = 1/2 = 0.5 Hz.

306.

D

Since wavelength times frequency equals wave speed— λf = v —decreasing f and increasing v
(choice D) will certainly result in an increase in λ.

307.

A

The fundamental wavelength on a string of length L fixed at both ends is λ1 = 2L. Thus, λ1 = 2 m.
The equation λf = v then gives
f 1 = v/λ1 = (300 m/s) / (2 m) = 150 Hz

308.

C

The lowest harmonic—or fundamental—frequency, f 1, corresponds to the longest harmonic—or
fundamental—wavelength, λ1. In this case, then, we find that f 1 = v/λ1 = (8 m/s)/(4 m) = 2 Hz.

309.

B

The fundamental wavelength on a stretched string of length L (fixed at both ends) is λ1= 2L.
Therefore, if the fundamental frequency, f 1 , is 880 Hz, then v = λ1f 1 = [2(0.25 m)](880 Hz) =
440 m/s.

310.

B

The period is T = 2 π 1 / 9 = 2 π / 3 ≈ 2 sec, so the frequency f = 1/T ≈ 1/2 = 0.5 Hz.

311.

A

The speed is the greatest when all the energy of the object is in kinetic form, which happens
when the potential energy is 0. The position where this occurs is the equilibrium position, x = 0.

312.

D

Simple harmonic motion implies that the restoring force is proportional to the displacement,
so the force is greatest when the displacement is greatest, and, since F = ma, this is also where
the acceleration is the greatest. The given equation tells us that the block oscillates between
x = –3 and +3 cm, so (one of the positions of) the greatest displacement (= the amplitude) is at
x = 3 cm.
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313.

C

Form the following ratio to compute the desired answer:
TMoon 2 π L / g Moon
=
=
TEarth 2 π L / g Earth

g Earth
= 6 ≈ 2.5 ⇒
g Moon

TMoon ≈ 2.5 × TEarth = 2.5 × 3 = 7.5 sec
314.

B

Solve the given equation for g, substitute, and simplify:
L
T = 2π
g

315.

A

2

2

 2π 
 6.3 
⇒ g = L   ≈ 0.5 
≈ 3.5 m/ss 2

T 
 2.3 

Since the mass m = w/g = (20 N)/(10 N/kg) = 2 kg, we have
T = 2π

m
2
π
= 2π
= sec ⇒
k
32 2

f =

1 2
= Hz
T π

316.

B

Since the motion is simple harmonic, the restoring force is proportional to the displacement.
Therefore, if the displacement is 4 times greater, then so is the restoring force.

317.

A

Since it takes 2 seconds for the object to travel from one end of its displacement to the other
(half a cycle), the time for a full cycle is 2(2 sec) = 4 sec. Thus f = 1/T = 1/4 = 0.25 Hz.

318.

C

If we think of the “two-screen view” of the rope, then the time it takes our selected point to
move from +A to –A is half a period. Using the fundamental relationship “distance = rate ×
time” for waves, λ = vT, we find that the period T is λ/v = 8/2 = 4 seconds, so half the period is
2 seconds.

319.

B

The two waves are “off” by one-fourth of a wavelength. When discussing phase difference, a
complete wavelength (one cycle) corresponds to 360°, so one-fourth of a wavelength corresponds to a phase difference of

320.
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1
4

(360°) = 90°.

The greatest possible amplitude of the combined wave is the sum of the individual amplitudes:
4 + 6 = 10 cm (completely constructive interference). On the other hand, if the waves experience
total destructive interference, then the amplitude of the resultant wave is the difference between
the individual amplitudes: 6 – 4 = 2 cm. So the amplitude of the resultant wave is between 2 cm
and 10 cm.

Physics Solutions

321.

D

The time to travel the (10-meter) distance down the string is computed from “distance equals
rate × time.” To find the speed, we use the given formula with the tension in the string equal to
the weight of the attached mass. Converting 50 g/m to 0.05 kg/m,
v=

mg
(50)(10)
5 × 102
=
=
= 104 = 100 m/s
−2
µ
0.05
5 × 10

⇒ t=

10 m
100
d
=
=
sec = 100 milliseconds
v 100 m/s 1000

322.

B

Since distance = rate × time, the time is inversely proportional to the speed (for a given distance).
The formula given for the wave speed says that if the tension increases by a factor of 4, then the
speed increases by a factor of 2 (because of the square root). Therefore, the time must decrease by
a factor of 2.

323.

D

Since the two ends count as nodes, if we sketch a standing wave with four nodes, then there will
be three antinodes. Therefore, there are three half-wavelengths supported on the length L of the
string:
3×

324.

D

λ
2 L 2(12 m)
=L ⇒ λ=
=
= 8m
2
3
3

Since we have a standing wave, we know that the harmonic wavelength must satisfy the following equation, where n is the number of antinodes:
L=n

2L
λ
or λ =
2
n

The distance between an antinode and the nearest node is always one-fourth of a wavelength
(convince yourself of this with a quick sketch). So, since d is equal to one-fourth λ, and the
number of nodes is 1 more than the number of antinodes, we find
1
1 2L L
L
λ= ×
=
⇒ n=
4
4 n
2n
2d
L
⇒ # nodes =
+1
2d
d=
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325.

C

The given formula for the harmonic wavelengths can be rewritten in the form
L=

nλ
2L
⇒ λ=
2
n

Note that n = 1 gives the longest wavelength, n = 2 gives the second-longest wavelength, etc.
Since λf = v, the second-longest wavelength (call it λ2) corresponds to the second-lowest frequency (call it f 2), because for a fixed wave speed v, the frequency is inversely proportional to the
wavelength. Then we have
fn =

v
=
λn

⇒

f2 =

tension 1
T
n
×
=
×
µ
λn
m / L 2L
1
360
2
= 60 ×
= 3 Hz
×
20
2 / 20 2(220)

326.

C

The distance between any two adjacent nodes is always equal to half a wavelength (convince
yourself of this with a quick sketch). So if half a wavelength is 50 cm, the entire wavelength
must be 100 cm.

327.

D

“Consecutive” means that one has harmonic number n, and the other has the next higher harmonic number, which in this case is n + 1. Since greater harmonic numbers correspond to
shorter wavelengths (since λ = 2L/n), the 3.2-meter (the shorter) resonant wavelength must be
harmonic number n + 1, and the 4-meter wavelength must be harmonic number n. But what’s
n? And what’s L (the length of the string)? Since we have two unknowns, we’ll need two equations. But we have
λ n +1 =

2L
= 3.2
n +1

and

λn =

2L
=4
n

The first of these says 2L = 3.2(n + 1), and the second says 2L = 4n. Since 3.2(n + 1) and 4n both
equal 2L, they equal each other; thus,
3.2(n + 1) = 4n ⇒ 3.2 = 0.8n
⇒ n = 4 ⇒ L = n ⋅ λ2 = 4 ⋅ 42 = 8 m
Here’s another solution: Remember that when a standing wave is formed, the length of the rope
must be a whole number of half-wavelengths, L = n(λ/2). Since we are told that λ can equal 4
meters, the length L = 2n for some whole number n. The only choice that is a multiple of 2 meters is choice D, 8 m.
328.

D

Using the equation λf = v, we find that
f = v/λ = (340 m/s) / (0.1 m) = 3400 Hz
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329.

A

Since distance equals rate multiplied by time, d = vt, we have
t = d/v = (6000 m) / (340 m/sec) = 18 sec

330.

D

Since v = B/ρ , where B is the bulk modulus (resistance to compression) and ρ is the density,
we expect a low v when B is low and ρ is high.

331.

B

We use the equation v = B / ρ , where B is the bulk modulus (resistance to compression) and ρ
is the density. Since ρ for water is greater than for air, the fact that v is greater for water implies
that water’s bulk modulus must be much greater than air’s.

332.

C

The sound level (in dB) of a sound wave of intensity I is given by the equation β = 10 log(I/I0),
where I0 = 10 –12 W/m2, the threshold of hearing. β is independent of v, λ, or f. The answer must
be choice C. An increase in amplitude is a result of an increase in energy, and, thus, in the intensity of the wave.

333.

B

The Doppler effect for light is similar to that for sound; that is, motion of the source away from
the observer results in a decrease in the perceived frequency.

334.

C

Since the bat is moving toward the observer, the perceived frequency, f  ′, must be higher than
the actual source frequency, f. Thus, choices A and B are eliminated. In this case, the Dopplereffect equation for f  ′ gives
f ′ = [v/(v – 10)]f
= (340/330)(60 kHz)
= (1.03)(60 kHz) = 61.8 kHz

335.

C

Every factor-of-10 decrease in a sound wave’s intensity results in a decrease by 10 dB in its sound
level. [This is a rule worth remembering; it follows directly from the fact that the decibel rating
is based on a logarithmic scale: β = 10 log(I/I0).]

336.

B

We compute the speed v′ through the new material in terms of the speed v through Material #1:
v′ =

B′
=
ρ′

2B
=
8ρ

1 B 1
⋅
= v
4 ρ 2

v
340
17
1.7
=
=
=
= 1.7 cm .
f
20, 000 1000 100

337.

C

Using the fundamental equation v = λf, we get λ =

338.

B

Since the wave speed is independent of the frequency, the speed is still v. (Of course, the wave
with frequency 4f will have 1/4 the wavelength, but the wave speed will stay the same.)

339.

A

Since the wave speed v is constant, the equation v = λf tells us that wavelength is inversely proportional to the frequency. If the frequency increases, then the wavelength decreases.
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340.

C

The given equation tells us that the intensity is proportional to the square of the pressure amplitude. Therefore, since Wave #1 has twice the pressure amplitude, it will have 22 = 4 times the
intensity of Wave #2.

341.

B

The round-trip distance for the chirp is 2d = 2 × 5 meters = 10 meters, so using the fact that
time equals distance divided by speed, we find t = 2d/v = 10/340 = 1/34 ≈ 3/100 = 0.03 sec.

342.

A

Since the intensity is inversely proportional to the square of the distance r, if the distance increases by a factor of 2 (which happens when moving from 3 meters to 6), the intensity will
decrease by a factor of 22 = 4. Therefore, I ′ is 14 of I, or, equivalently, I = 4I ′.

343.

C

Since
f =

v 340 m/s 340 3400
=
≈
=
= 425 Hz
λ 0.77 m 0.8
8

the best answer is choice C. (The decibel level is irrelevant.)
344.

C

If beats are heard every 250 ms (which = 1/4 sec), then there must be 4 beats per second. Since
f beat = 4 Hz, the frequencies of the two tuning forks must differ by 4 Hz. If one fork has a frequency of 498 Hz, then the other must have a frequency of either 498 – 4 = 494 Hz or 498 + 4
= 502 Hz.

345.

C

Since fn = n(v/2L), then fn = nf 1. Thus, the fifth harmonic frequency is five times higher than
the fundamental. (This is a general fact that you will find worthwhile to simply know. Whether
the pipe is open or closed, the nth harmonic frequency is n times higher than the fundamental
frequency.)

346.

A

If you did the preceding question, you know that fn = nf 1. Therefore, since λn fn = v (and v is
fixed), if the nth harmonic frequency is n times higher than the fundamental, then the nth harmonic wavelength is n times shorter than the fundamental:
λn =

1
λ
n 1

Therefore, λ3 = (1/3)λ1, regardless of the exact length of the pipe.
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347.

B

The Doppler effect tells us that if the source moves toward the detector, then the perceived frequency will be higher than that of the source. But if the source’s speed is constant, this higher
pitch will remain constant as well. Finally, if the source of the sound gets closer, the intensity
increases.

348.

B

First of all, it is important to note that when a wave passes from one medium to another (or is
reflected at a boundary between two media), the frequency of the transmitted or reflected wave
is no different from that of the original wave. This eliminates choices A and C. Now, since
sound travels more slowly through air than it does through metal, the equation λ = v/f tells us
that the wavelength in air will be shorter than in metal.

© The Princeton Review, Inc.
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349.

B

Because λf = v and v is fixed, λ and f are inversely proportional. Thus, if one is increased, the
other must decrease. This observation eliminates choices A and D. Now in a closed-end pipe,
we know that fn = n(v/4L), for odd n only, so the fundamental frequency is f 1 = v/4L. Thus, longer pipes resonate at lower frequencies (and longer wavelengths) than shorter pipes do.

350.

C

A shout is 80 – 20 = 60 dB louder than a whisper. We know from the given equation that if
I changes by a factor of 10, then β changes by adding (or subtracting) 10. Therefore, a 60-dB
drop (i.e., 6 drops of 10) corresponds to 6 factors of 10, and 106 = one million.

351.

B

If β is the sound level at intensity I, then the sound level at intensity 5I is
 5I 

I 
β = 10 log   = 10  log 5 + log 
I0 
 I0 

≈ 10(0.7 ) + 10 log

I
= 7+β
I0

(Note that log 5 > 0.5 because100.5 = 10 ≈ 3. You won't need to calculate logs with precision
on the MCAT, but you may be asked to estimate.)
352.

A

If β is the sound level at intensity I, then the sound level at intensity 2I is
 2I 

I 
β ′ = 10 log   = 10  log 2 + log 
I0 
 I0 

≈ 10(0.3) + 10 log

I
I0

= 3+ β
= 3 + 50 = 53 dB
(Note: log 2 must be between 0 and 1, which eliminates all choices but choice A.)
353.

D

The first harmonic (or fundamental) frequency is found by first sketching the first harmonic
wavelength in the pipe (of length L). A sketch would reveal that L = λ/2 for the first harmonic
(or recall the equation for harmonic wavelengths). Then using the equation v = λf, we get
L=

354.

C

1
1 v
340 340
λ1 =
=
=
= 3.4 m
2
2 f 1 2 ⋅ 50 100

The first harmonic (or fundamental) frequency is found by first sketching the first harmonic
wavelength in the pipe (of length L). A sketch would reveal that L = λ/4 for the first harmonic.
Then using the fundamental equation v = λf, we get
L=

λ1
340 340
v
=
=
=
= 1.7 m
4 f 1 4 ⋅ 50 200
r
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355.

B

Solving the given equation for λ, we find λn = 2L/n. Since higher harmonic numbers give shorter
wavelengths, harmonic number n gives the 2.5-meter wave, and harmonic number n + 1 (i.e.,
the next consecutive one) gives the 2-meter wave:

2L
= 2.5 
 2 L = 2.5n
n
⇒ 
2L
2 L = 2(n + 1)
= 2 
λ n +1 =

n +1
⇒ 2.5n = 2(n + 1) ⇒ n = 4 ⇒ L = 5 m
λn =

where the last step (finding L = 5 m) was done by substituting n = 4 back into either one of the
original equations.
356.

B

Solving the given equation for λ, we find λn = 4L/n. Since higher harmonic numbers give shorter wavelengths, harmonic number n gives the 7-meter wave, and harmonic number n + 2 (the
next consecutive one is now found by adding 2, not 1, because only odd harmonic numbers are
allowed) gives the 5-meter wave:

4L
=7 
  4 L = 7n
n
⇒ 
4L
4 L = 5(n + 2)
= 5 
λ n +1 =

n+2
λn =

⇒ 7n = 5(n + 2) ⇒ n = 5 ⇒ L =

35
m
4

where the last step (finding L = 35/4 m) was done by substituting n = 5 back into either one of
the original equations.
357.

C

Use the equation v = λf :
f =

v 340
340
340 ⋅ 100
=
=
=
= 8500 Hz
λ 0.04 4 / 100
4

358.

B

Make a sketch to find that λ3 = 2L/3 (or recall the equation for the harmonic wavelengths).
Then with L = 1.5 meters, we get λ3 = 2L/3 = 2(1.5)/3 = 1 meter.

359.

C

Using the given equation for the harmonic wavelengths L = nλ/2, therefore λn = 2L/n together with the equation v = λf, we find the following expression for the harmonic frequencies:
fn = nv/2L. Therefore, the desired ratio is
f 3 3v / 2 L
=
=3
f 1 v / 2L
Note that the precise length of the pipe (in this case it was given to be 2 m) is irrelevant. In general, the nth resonant frequency is n times the fundamental: f n = nf 1.
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360.

B

The third-lowest frequency corresponds to the third-longest wavelength (since frequency and
wavelength are inversely proportional). Writing the given equation in the form λn = 4L/n, we
see that the longest wavelength is found by letting n = 1 (the fundamental), and the thirdlongest wavelength corresponds to n = 5 (since n = 1, 3, 5,...). The ratio of these two harmonic
wavelengths is
λ ′ λn = 5 4L / 5 1
=
=
=
⇒ λ = 5λ ′
λ λ n =1 4 L / 1 5

361.

A

2L
, and since v = λf, we can quickly derive
n
the following equation for the harmonic frequencies: fn = nv/2L. Therefore, the difference be-

Since the given equation can be rewritten as λ n =
tween consecutive harmonic frequencies is
f n +1 − f n =
=

(n + 1)v nv  nv
v  nv
−
=
+ −
2L
2L  2L 2L  2L

340
340
100
v
=
=
=
= 25 Hz
2 L 2 ⋅ (6.8) 2 ⋅ (2)(3.4) 2 ⋅ 2

362.

A

Since beats of frequency 3 Hz are heard, the violin string must be vibrating at either 330 – 3 =
327 Hz or 330 + 3 = 333 Hz. But since we are told that the string is known to be too taut, we
expect that its frequency is too high; therefore, the string vibrates at 333 Hz. Since the period is
the reciprocal of the frequency, T = 1/f = 1/333 second.

363.

C

Call the four tuning forks W, X, Y, and Z. Then we could have beats with W and X, W and Y,
W and Z, X and Y, X and Z, or Y and Z. Since we have six possible pairs, we have the possibility
of six different beat frequencies.

364.

B

Since X and Y give beats of 4 Hz, we know that X is either 4 less or 4 more than Y. Similarly, Z
is either 4 more or 4 less than Y. Therefore, X differs from Z by either 4 – 4 = 0 Hz or 4 + 4 = 8
Hz.

365.

A

Solve the given equation for the vehicle speed v, then substitute (using V = λf ) and simplify:
∆f =
=

2vf
V

⇒ v=

V∆f (λf )∆f
λ∆f
=
=
2f
2f
2

(0.1 m)(200 Hzz)
= 10 m/s
2
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366.

C

As the train (with speed v T and whistle frequency f ) approaches the observer, the Doppler effect
predicts that the frequency f  ′ heard will be higher than f, in fact,
f ′=

v
f
v − vT

As the train recedes, the frequency f  ″ heard by the observer will be lower than f :
f ′′ =

v
f
v + vT

Since we are told that f  ″ is 1/2 of f  ′, we write
v
1
v
f = ⋅
f
v + vT
2 v − vT

⇒ v + v T = 2(v − v T )

⇒ − v = −3v T ⇒ v T = v / 3
367.

A

In the first case (stationary source, moving detector), the Doppler effect predicts that
f ′=

3
v + 12 v
v
v +w
3
f =
f = 2 f = f
v
v
v
2

In the second case (stationary detector, moving source), we get
f ′′ =

v
v
v
f = 1 f = 2f
f =
1
v −w
v− 2v
v
2

Thus we see that f  ′ < f  ″.
368.

C

The time interval between successive pressure compressions (adjacent maxima) is equal to the
period of the wave. Using v = λf, we can solve for the period, T:
1
⇒
T
λ 0.68
68
2
T = =
=
=
sec = 2 ms
v 340 34, 000 1000
v = λf

369.

B

Period is the reciprocal of the frequency, regardless of the wave speed:
T =
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⇒ v = λ⋅

1
1
5
=
=
sec = 0.005 sec
200 Hz 1000
f
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370.

A

We first find the detected frequency. Since the speed of the listener is zero, and the source is
moving toward the listener, we expect a detected frequency higher than the source frequency:
f ′=

v
v
f = 7 f =
1
v− 8v
v
8

8
7

f

Now since the frequency has increased by 8/7, the wavelength must decrease by 8/7, i.e., λ ′ = 87 λ .
371.

D

The distance between the source (the plane) and the listener, 500 m, never changes (see the diagram below). Since there is no relative motion between the source and the detector, the detected
frequency will be no different than that of the source.
400 m

plane

300 m
500 m

372.

C

The distance from S1 to Q is 5 meters (it’s the hypotenuse of a 3–4–5 right triangle), and the
distance from S2 to Q is 4 meters. Thus, the difference between the path lengths to point Q is 1
meter, which is half a wavelength. Therefore, the sound waves are out of phase when they meet
at Point Q, causing destructive interference there. (It’ll be pretty quiet at Point Q.) However,
since Point P is the same distance from S1 and S2, the waves will arrive in phase at Point P, and
interfere constructively. This tells us that AP > AQ.

373.

A

The speed of the wave is v = λf = (0.5)(700) = 350 m/s. Using distance = rate × time, we find that
the distance that could be covered in half a second is d = vt = (350)(0.5) = 175 m.

374.

A

Using v = λf, Trial #1 tells us that the speed of sound through the material under study is v =
(20)(100) = 2000 m/s. Since the sound wave is Trial #2 also travels at 2000 m/s (since it’s traveling through the same medium as the one in Trial #1), the frequency times the wavelength in
Trial #2 must also equal 2000 m/s. Since the frequency is 400 Hz, the wavelength must be v/f =
2000/400 = 5 m.

375.

D

Since I2 > I1, it is clear that β2 will be greater than β1, so the difference β2 – β1 is positive; eliminate choices A and B. Since the ratio of I2 to I1 is 103 (= 3 factors of 10), the difference between
β2 and β1 is 10 + 10 + 10 = 30 (dB).
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376.

C

All that is required is to combine the given equation with c = λf:

( )f ⇒
1
1
= (1 ± )
λ′
λ

f ′ = 1±
⇒

vs
c

vs
c

( )

c
c
v
= 1 ± cs
λ′
λ
λ
⇒ λ′ =
v
1± cs

377.

D

The Doppler effect is qualitatively similar for light waves and for sound waves: if the source and
observer are moving toward each other, the detected frequency will be higher than the source
frequency, and if the source and observer are moving away from each other, the detected frequency will be lower than the source frequency. Since the galaxy is moving away from the Earth,
the detected frequency will be lower; this eliminates choices A and B. Since the speed of light
through space is constant (= c), and c = λf, a lower detected frequency means a longer detected
wavelength. Since the detected wavelength is longer than the emitted wavelength, we’d say that
the wavelength has been shifted toward the red end of the visible spectrum (since the visible
light with the longest wavelength is red).

378.

B

Choices A and D can be eliminated immediately: when a wave is transmitted into a new medium (in this case a warmer region of air), the frequency does not change. The equation given
for v makes it clear that at higher temperatures, the wave speed is higher. Since v = λf, and the
frequency f doesn’t change, the wavelength λ will increase when the wave speed increases.

379.

D

The speed of light through a medium of refractive index n is v = (1/n)c. Using the equation distance equals rate times time, we find
t = d/v
= nd/c
= (1.33)(103 m) / (3 × 108 m/s)
= 4.4 × 10 –6 s

380.

B

A light wave traveling through vacuum, whatever its frequency, has speed c. (This eliminates
choices C and D.) Since λf = v, and c is constant, an increase in f results in a decrease in λ.

381.

D

The frequency of a wave does not change when it enters a new medium (eliminating choices A
and B). Since v = (1/n)c, where c is the speed of light in vacuum and n is the material’s refractive
index, the speed will decrease when light enters a medium with a higher refractive index.

382.

B

Since the angle of incidence always equals the angle of reflection, choices C and D can be eliminated. Snell’s law implies that a light beam entering a medium with a greater refractive index
than the incident medium will refract toward the normal. Thus, the angle of refraction will be
less than the angles of incidence and reflection.

383.

C

We use Snell’s law, n1sin θ1 = n2sin θ2. Upon substitution of the given values, this equation gives
(1) sin 60° = (1.5)sin θ2
0.67 sin 60° = sin θ2
sin–1(0.67 sin 60°) = θ2
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384.

C

Since |m| = |i|/o, the fact that |i| = 5o implies that |m| = 5o/o= 5.

385.

B

An upright image corresponds to a positive magnification factor. Thus, m = –i/o = +2, so i = –2o.
The mirror equation, 1/o + 1/i = 1/f, then becomes 1/o + 1/(–2o) = 1/100. Solving this equation
yields 1/(2o) = 1/100, so o = 50 cm.

386.

A

First, eliminate choices B and C: real images are inverted, and virtual images are upright. The
mirror equation, 1/o + 1/i = 1/f, implies that i = (of )/(o – f ). If the object is placed outside the
focal point, that is, if o > f, then o – f is positive. Since o is positive (the object is real) and f is
positive (because it’s a concave mirror), the quantity (of)/(o – f ), which equals i, is positive. The
image is therefore real and inverted.

387.

D

First, eliminate choices B and C: real images are inverted, and virtual images are upright. The
mirror equation, 1/o + 1/i = 1/f, implies that if o is positive (as it always is for a real object), then
a negative f must give a negative i. Therefore, since convex mirrors have negative focal lengths,
they can only form virtual, upright images.

388.

C

If |i| = o, then |m| = |i|/o = o/o = 1. Thus, the image has the same height as the object.

389.

B

The magnification is m = –i/o = –(40 cm)/(20 cm) = –2. The minus sign signifies that the image
is inverted, as shown in the diagram. Since the magnification has magnitude 2, the image is
twice as tall as the object. Thus, if the image is 8 cm tall, the object must be 4 cm tall.

390.

D

If i ≈ f, then the lens equation, 1/o + 1/i = 1/f, implies that 1/o ≈ 0. Thus, o must be very large.

391.

A

Virtual images are always upright. (Also, there is no correlation between the size and nature—
virtual or real—of an image. Images may be larger, smaller, or the same size as the object.)

392.

D

First, let o1 = 10f. The lens equation, 1/o + 1/i = 1/f, implies that i1 = (10/9)f with a magnification
of magnitude m1 = i1 / o = ( 109 f ) / (10 f ) = 1 / 9.

			

Now, let o2 = 2f. Then 1/o + 1/i = 1/f implies that i2 = 2f with a magnification of magnitude |m2|
= |i2|/o2 = (2f )/(2f ) = 1.

			

Therefore, as the object moves toward the focal point—for example, as o decreases from 10f to
2f— the image moves away from the lens [since i2 = 2f is greater than i1 = (10/9)f ] and increases
in size [since |m2| = 1 is greater than |m1| = 1/9].

393.

A

Lens power is the reciprocal of the focal length: P = 1/f. If the effective focal length of the lens
combination is less than the focal length of either individual lens, then the power of the combination must be greater than the power of either individual lens.

394.

A

If the power of the lens is 12 diopters, then 1/f = 12, where f is the focal length in meters. Thus,
the lens equation, 1/o + 1/i = 1/f, becomes 1/(0.5) + 1/i = 12, which implies 1/i = 10, so i = 1/10 =
0.1 m.
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395.

B

Snell’s law immediately gives us
n1 sin θ1 = n2 sin θ 2 ⇒

396.

B

sin θ1 n2 4 / 3 8
=
=
=
sin θ 2 n1 3 / 2 9

The angle of reflection equals the angle of incidence (= 60°), so the angle that the reflected ray
makes with the boundary is 30°. Since the refracted ray is perpendicular to the reflected ray, the
angle that the refracted ray makes with the boundary is 90° – 30° = 60°, so the angle of refraction is 30°. Snell’s law then gives
n1 sin θ1 = n2 sin θ 2 ⇒ 1 ⋅ sin 60° = n2 ⋅ sin 30°
⇒

incident ray

3 / 2 = n2 ⋅ 1 / 2 ⇒ n2 = 3
reflected ray

θ1 = 60°
60°
30°

boundary

60°

question says these
are perpendicular

θ2 = 30°
397.

B

We can eliminate choices A and C because total internal reflection (TIR) occurs only for values
greater than the critical angle, and we can eliminate choice D because n > 1 and sin–1 n is undefined. To solve, note that because the index for polystyrene (= 1.55) is greater than the index for
air (= 1), the incident medium is optically denser than the refracting medium, so TIR can occur.
But the angle of incidence must be large enough:
TIR ⇔ θ1 > sin −1(
so

398.

D

refracted ray

TIR ⇔

n2
),
n1

1
θ1 > sin −1( )
n

The angle of incidence is 60° (not 30°! Remember: Even if we are given information about the
angles made with the surface, we must turn that into information about the angles made with
the normal.) Snell’s law then says
n1 sin θ1 = n2 sin θ 2 ⇒ 1 ⋅ sin 60° = 3 ⋅ sin θ 2
⇒ sin θ 2 = 1 / 2 ⇒ θ 2 = 30°,
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399.

D

The angle of refraction is greater than the angle of incidence since the angle the refracted ray
makes with the boundary is less than the angle that the incident ray makes with the boundary.
(Remember: Even if we are given information about the angles made with the boundary, we
must turn that into information about the angles made with the normal.) Recall that the refracted ray bends away from the normal when the refracting medium is optically less dense than
the incident medium. Since this is the case here, we must have n1 > n2. (See the figure at the top
of the next page.) Notice that choices A and B can be ruled out immediately, since the index of
refraction for a medium can never be less than 1.
incident beam

θ 1 < θ 2 ⇒ n1 > n2

θ1

n1
n2

θ2

This angle is smaller
so
this angle is bigger

normal
400.

D

Since TIR occurs, we know that the angle of incidence (= 45°) must be greater than the critical
angle for TIR. If n is the index of the plastic (and, of course, the index for air is 1), then
TIR

⇒

θ1 > θ crit ⇒ 45° > sin −1(1 / n )

⇒ sin 45° > 1 / n ⇒ n >

1
⇒ n> 2
sin 45°

TIR occurs
here
45°

			

Note that all other answers can be eliminated because the TIR condition limits the low value of
n; there is no upper limit.
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401.

B

Since the prism has a higher index of refraction than the air, the beam of light bends toward
the normal upon entering the prism, then back away upon leaving. From the figure below, we
clearly see that the ray is directed toward the base upon leaving the prism.

θ2 < θ1 and θ4 > θ3

normal

glass
prism

θ1
air

normal

θ2

θ4

θ3

base

air

402.

B

Since the index of the glass is greater than the index of air, we know that the beam of light must
bend toward the normal upon entering the glass, then back away from the normal upon leaving.
Only choice B depicts this.

403.

B

Since the angle of incidence at the surface of the liquid is 0° (not 90°!), Snell’s law tells us (see
the calculation below) that the angle of refraction will be 0° as well: the refracted ray continues
straight downward. Then the angle of reflection at the first mirrored surface equals the angle
of incidence (= 45°) there, so the beam travels directly to the right and hits the other mirrored
surface at 45°. It bounces off at 45°, which means it heads straight up toward the surface of the
liquid. As before, since the angle of incidence is 0° again, the refracted ray will be at 0°, so the
beam just emerges straight upward. If θ1 = 0°, then
n1 sin θ1 = n2 sin θ 2 ⇒ n1 sin 0° = n2 sin θ 2
⇒ sin θ 2 = 0 ⇒ θ 2 = 0°

45°

45°
45°
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404.

C

The object’s distance from the mirror is f /2, so the mirror equation tells us that
1 1 1
+ =
o i f
⇒

			

⇒

1
1 1
+ =
f /2 i f

1 1 2
1
= − =−
i f
f
f

⇒ i =−f

Therefore, the magnification is
−f
i
m=− =−
=2
o
f /2

405.

D

The object’s distance from the mirror is 3 f /2 (since halfway between f and 2f is 3 f /2). Therefore,
the mirror equation gives
1 1 1
+ =
o i f
⇒

406.

A

⇒

1
1 1
+ =
3f /2 i f

1 1
2
3
2
1
= −
=
−
=
i f 3f 3f 3f 3f

⇒ i = 3f

From the mirror equation we get
1 1 1
+ =
o i f

1 1 1 o− f
= − =
i f o
fo

⇒

⇒ i=

fo
o− f

			

To make i negative (to produce a virtual image), we must have o – f < 0; that is, o < f.

407.

Since the image is upright and 4 times the size of the object, m = +4. Therefore –i/o = +4, which
implies that i = –4o. Then

C

1 1 1
+ =
o i f
⇒
408.

D

3
1
=
4o f

⇒

1
1
1
+
=
o −4o f

⇒

⇒ o = 3f /4

The object’s distance from the mirror is 2f, so the mirror equation gives
1 1 1
+ =
o i f

⇒

1 1 1
+ =
2f i f

1 1
1
2
1
1
⇒ = −
=
−
=
i f 2f
2f 2f
2f
			

4
1
1
−
=
4o 4o f

⇒ i = 2f

Since i is positive, the image is real and therefore inverted. (Choices B and C are not correct.)
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409.

B

Since the image is virtual, i is negative, so m = +3. This gives −i / o = 3 ⇒ i = −3o . Since
o = 10 cm, we have i = –30 cm, and therefore
1 1 1
+ =
o i f
⇒

410.

A

⇒

1
1
1
+
=
10 −30 f

1
2
1
=
=
⇒
f 30 15

⇒

3
1
1
−
=
30 30 f

f = 15cm

The focal length of a convex mirror must be specified as negative when using the mirror equation. Since f is the magnitude of the focal length, we must write –f as the actual focal length.
The mirror equation then tells us
1 1
1
+ =
⇒
o i focal length
1
1 1
2
=− − =−
i
f
f
f

1 1
1
+ =
f i −f

⇒ i=−

⇒

f
,
2

			

so the image is at distance f /2 from the mirror (on the virtual side).

411.

Since the object distance o is positive, and the focal length f of a convex mirror is negative, the
mirror equation tells us that i could not possibly be positive, because a positive plus a positive
could not equal a negative. Since i cannot be positive, the image cannot be real.

D

positive

negative
1 1 1
+ =
o i
f
∴ cannot
be positive

412.

B

The mirror equation and the magnification equation give us
1 1 1
+ =
o i f

⇒

1 1
1
1
1
1
+ =
⇒
=− −
10 i −20
i
20 10

3
20
1
2
⇒ i=−
cm
−
=−
20
3
20 20
i
−20 / 3 cm 2
∴m = − = −
= .
o
10 cm
3
=−
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413.

D

We want the image distance to be i = r = 2f = 2(–3 cm) = –6 cm, so the mirror equation says
1 1 1
+ =
o i f
⇒

1 1
1
+
=
o −6 −3

⇒

1
1 1
2 1
1
=− + =− + =−
⇒ o = −6 cm
o
3 6
6 6
6

			

which is impossible (o can’t be negative).

414.

Since convex mirrors can only form virtual images (see #411), the magnification must be positive (virtual images are always upright). Therefore, m = 1/2, so –i/o = 1/2, and therefore i = –o/2.
Since the focal length is half the radius of curvature, f = –24/2 = –12 cm. Thus,

C

1 1 1
+ =
o i f
⇒ −
415.

B

1
1
=−
⇒ o = 12 cm.
o
12

Eliminate choices A and D. The lens equation tells us that i is positive, so the image is real and
therefore inverted:
1 1 1
+ =
o i f
⇒

416.

D

1
2
1
1
1 1
=
−
=
−
=
⇒ i = 40 cm
i 20 40 40 40 40

Since the image is real, it is inverted, so the magnification is –2 (not +2). This tells us that
–i/o = –2, which implies o = i/2. Since the power is 4 diopters, the focal length must be
1/4 meter = 25 cm. The lens equation then gives us i:

⇒
D

1 1 1
+ =
40 i 20

⇒

1 1 1
+ =
o i f

417.

1
1
1
1 2
1
+
=
⇒
− =−
o − o / 2 −12
o o
12

⇒

3 1
=
i 25

⇒

1 1 1
2 1 1
+ =
⇒
+ =
i / 2 i 25
i i 25

⇒ i = 75 cm.

Remember that for a lens, the side where the object sits defines the virtual side for the image.
Therefore, if the image is to appear at the same position as the object, the magnitudes of i and o
will be the same, but i must be negative. Therefore i = –o. Then
1 1 1
1 1
1
+ =
⇒
+
=
o i f
o −o f
⇒ 0=

1
, which is impossible for a converging lens.
f
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418.

A

1 1 1
1 1 1
Because o < f, + = ⇒ = − < 0 . Thus i < 0, eliminating choices B and C. Solving for
o i f
i f o
i, we get i =

419.

D

of
i
. Now because f – o is less than f (because 0 < o < f ), i > |o|, so m = − > 1.
o
f −o

This problem is similar to #418, so let’s try another method to expand our options for problems
of this sort: let’s just pick some numbers! Choose f = 1 cm. For the object positions, first take
o1 = 10 cm then take o2 = 5 cm (which is closer to the lens). We now compute the two image
distances:
1 1 1
+ =
o1 i1 f
⇒

1
1
9
10
= 1−
=
⇒ i1 =
= 1 91 cm;
i1
10 10
9

1 1 1
+ =
o2 i2 f
⇒

1 1 1
+ =
10 i1 1

⇒

⇒

1 1 1
+ =
5 i2 1

5
1
1 4
= 1− =
⇒ i2 = = 1 14 cm
i2
4
5 5

			

Since i2 > i1 > f, the image moves away from the focus, away from the lens.

420.

D

Since o is positive, and f is negative (it’s a diverging lens), there is no way i could be positive, so a
real image cannot be formed (see the solution to #411 above).

421.

C

Since the image is real, i > 0, so m = –2 (just like in #416). So, –i/o = –2, which gives i = 2o =
2(10 cm) = 20 cm, and therefore,
1 1 1
+ =
o i f
⇒

3
1
=
20 f

⇒

1
1
1
+
=
10 20 f

⇒

f =

⇒

20
cm.
3

20
1m
1
cm ×
=
meter
3
100 cm 15
1
1
⇒ P= =
= 15D.
f 1 / 15 m

∴f =
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422.

B

The lens equation tells us
1 1 1
+ =
o i f
⇒

			

⇒

1 1 1
+ =
2 i −4

1
1 1
3
4
=− − =−
⇒ i = − m.
i
4 2
4
3

Since i is negative, we know that the image is virtual. Now, to get the height of the image, we
need the magnification. Since m = −i / o = −( − 43 m)/(2 m ) = 2 / 3 , the image is

2
3

the height of

2
3

the object, and of 3 meters is 2 meters.
423.

A

Since the image is upright, m = +1/2, so o = –2i = –2(–10 cm) = 20 cm. Then
1 1 1
+ =
o i f

⇒

1
1
1
+
=
20 −10 f

⇒

1
1
2
1
=
−
=−
f
20 20
20

⇒

f = −20 cm ⇒

⇒ P=

f =−

1
meter
5

1
1
=
= −5 D.
f
−1 / 5 m

424.

D

Since the focal length is negative, and o is positive, i can never be positive (see question 411).

425.

B

The power of the combination is P = P1 + P2. Since power is the reciprocal of the focal length (in
meters), we have
f 1 = 10 cm = 1/10 meter ⇒
f 2 = 20 cm = 1/5 meter

			

⇒

P1 = 1 / f 1 = 10 D,
P2 = 1 / f 2 = 5 D,

so the power of the combination is P = P1 + P2 = 10 + 5 = 15 D.

Passage 1
1.

D

If θ is the angle that P makes with the horizontal, then the horizontal component of P is Px =
P cos θ, and the vertical component of P is Py = P sin θ. Thus, if P = 20 and θ = 30°, then the
horizontal and vertical components of P are 20 cos 30° and 20 sin 30°, respectively.

2.

C

By definition, displacement, velocity, and acceleration are all vector quantities. Speed, however,
is a scalar (it is the magnitude of the velocity).

3.

C

The horizontal component of P is Px = P cos 30°, which equals (20 m)cos 30° = (20 m)(0.87) =
17 m.
© The Princeton Review, Inc.
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4.

B

The vertical component of P is Py = P sin 30°, which equals (20 m)sin 30° = (20 m)(0.5) = 10 m.

5.

C

Since R points down to the right, –R points up to the left.

6.

A

The vertical component of P is Py = P sin 30°, and the vertical component of R is Ry = R sin
(–30°) = –R sin 30°. Therefore, the vertical component of P + R is Py + Ry = 20 sin 30° + (–20 sin
30°) = 0. Thus, the vector P + R is purely horizontal, eliminating choices B and C. Furthermore,
since both P and R have positive horizontal components, so will their sum, P + R. The answer
must be choice A.

7.

C

Moving –P to the tip of Q and adding them shows that (1) their sum, Q + (–P) = Q – P, points
into the second quadrant from the origin, and (2) the angle that Q – P makes with the negative
x axis is less than 45°. Thus, the answer must be choice C.

Passage 2
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1.

D

Displacement is equal to the area under the velocity vs. time graph. Therefore, the distance traveled between times t = 0 and t = 10 is equal to the area of the rectangle bounded above by the
horizontal line v = 5 and on the left and right by the vertical lines t = 0 and t = 10, respectively.
This gives d = vt = (5 m/s)(10 s) = 50 m.

2.

B

Acceleration is the slope of the velocity vs. time graph. Therefore, the acceleration between times
t = 10 and t = 15 is equal to the slope of the line segment joining the points (t 1, v1) = (10, 5) and
(t 2, v2) = (15, 10). Applying the slope formula, we find a = (10 – 5)/(15 – 10) = 1 m/s2.

3.

C

Displacement is equal to the area under the velocity vs. time graph. Therefore, the distance
traveled between times t = 10 and t = 15 is equal to the area of the region bounded above by the
slanted line segment joining the points (t1, v1) = (10, 5) and (t 2, v2) = (15, 10) and bounded on
the left and right by the vertical lines t = 10 and t = 15, respectively. By drawing the horizontal
line segment joining the points (t1, v1) = (10, 5) and (t3, v3) = (15, 5), we see that this trapezoidal
region is composed of a right triangle sitting atop a rectangle. The total area is equal to the area
of the triangle plus the area of the rectangle: d = 12 (15 – 10)(10 – 5) + (15 – 10)(5) = 37.5 m.

4.

B

Average speed is defined as total distance traveled divided by time. In this case, the total distance is equal to the displacement (because the motion is in one direction only); thus, average
speed equals the magnitude of the average velocity in this situation. The average of 5 m/s and 10
m/s—the velocities at times t = 10 and t = 15, respectively—is 7.5 m/s.

5.

B

Since the car’s velocity never changes from positive to negative, its direction never changes; this
eliminates choices A and C. Now, since the car’s speed was 10 m/sec just before t = 25 but less
than 10 m/sec just after, the car slowed down.

© The Princeton Review, Inc.
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6.

C

Acceleration is the slope of the velocity vs. time graph. During the time interval from t = 0 to t =
10 and during the time interval from t = 15 to t = 25, the v vs. t graph is flat, so the slope is zero.
This observation eliminates choice B. Since the v vs. t graph is descending during the last time
interval (t = 25 to t = 30), the acceleration here is negative. This eliminates choice A. Finally, the
slope of the v vs. t graph jumps (not gradually increases) from 0 to 1 m/s2 at time t = 10. Thus,
the answer must be choice C, not choice D.

7.

A

During the car’s first ten seconds of travel, its velocity is a constant 5 m/s. Thus, at any time
t during this time interval, the distance traveled is d = vt = 5t. The graph of this equation is a
straight line of slope 5 through the origin. This observation eliminates choices B and C. Now,
during the time interval from t = 10 to t = 15, the v vs. t graph is a line with slope 1 (which is
the acceleration, a), so the distance traveled during this time interval is given by the equation
d = v 0t + 12 at 2 = 5t + 12 at 2. This is a (portion of a) parabola. Since the graph in choice D is composed only of straight line segments, it is eliminated, leaving choice A as the answer.

Passage 3
1.

B

The car goes from 0 to 60 mph in 6 seconds. That means it gains—on average—10 mph every
second. Or, by definition, the acceleration is
a = ∆v/∆t = (60 mph – 0)/6 sec = 10 mph/sec

2.

C

The acceleration is the slope of the velocity vs. time graph. If the velocity vs. time graph is a
straight line during a particular time interval, then the acceleration is constant during that
interval. (The only way to have a nonconstant acceleration would be to have a curvy [that is,
nonlinear] velocity vs. time graph.) Since the graph given in the passage is composed of three
straight lines, the acceleration is constant over each of the three time intervals I, II, and III. (In
fact, we have a = 10 mph/sec over period I, a = 0 during period II, and a = –30 mph/sec over
period III; all constants.)

3.

B

The easiest way is to look at the average speed. During period I, the average speed is 30 mph.
During period II, the speed is a constant 60 mph. During period III, the average speed is 30
mph. Multiplying the average rate times the time interval will give us the distance traveled during each such interval:

			

Period I:

∆x1 = (30 mph)(6 sec)

			

Period II:

∆x 2 = (60 mph)(4 sec) = (30 mph)(8 sec)

			

Period III: ∆x3 = (30 mph)(2 sec)

			

Note that we have made the following observation: traveling 60 mph for 4 seconds covers the
same distance as traveling 30 mph for 8 seconds (go half as fast for twice as long). Clearly, we
get the greatest value (that is, the most distance) in period II. There’s no need to do a unit conversion (seconds to hrs or hrs to seconds) and compute the actual values since all we are asked to
do is make a comparison.
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4.

C

Since F = ma, we will find the greatest F when we find the greatest a. From our solution to question 2 above, the acceleration has the greatest magnitude during period III: the car goes from
60 mph to 0 in 2 seconds, giving a magnitude of 30 mph/sec. Therefore the magnitude of the
net force must have been the greatest during period III. (Note: a = –30 mph/sec is a very large
acceleration [the driver must have slammed on the brakes really hard], so Fnet is very large. For
a 1000 kg car [typical], this would equal about 180,000 pounds of force. That’s why you can
break bones if you stop too suddenly [e.g., if you crash into a brick wall].)

5.

A

Each block of area under the speed vs. time graph is calculated by multiplying the base (a time
interval) times height (“a speed interval”). But distance equals speed × time. So the area of the
entire region gives us the total distance traveled by the car.

6.

A

The MCAT loves this question. If the velocity is constant, then there is no acceleration, so there
is no net force (since Fnet = ma).

7.

D

In period III, the car started off going 60 mph and then steadily decreased in speed until it was
going 0 mph. The average speed is right smack in the middle of the initial and final speeds as
long as the speed changes at a steady rate (that is, as long as the acceleration is constant). That
is, the correct answer is simply the average of 60 mph and 0 mph: 30 mph. Remember: If the
acceleration is constant, then v = 1 (v + v ).
2 0

8.

9.

A To maintain the constant acceleration during time period I (or any time period for that
matter), you need a constant net force (since Fnet = ma). So if the drag increases as speed increases, the engine has to work harder and harder to compensate. Choice B is false because the engine force must be larger than the drag force if there is going to be a net force forward. Choice
C is false because a constant engine force and a changing drag force would mean a changing net
force. Choice D is wrong because acceleration always depends on the net force.
B

10.
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At t = 8 sec, the net force on the car is zero. (See the graph. Since v is constant during the time
period t = 6 to t = 10 sec, we know a = 0 and therefore Fnet = 0 during period II.) When the
windows shatter, the air resistance suddenly increases causing a net force on the car opposing its
motion. The car slows down.
A

There are at least three ways to look at Question 10. During period I,

			

(1) Since the speed is increasing, the distance traveled increases at an increasing rate as in A.

			

(2) Look at the equation given in the passage. The correct answer is a parabola with a positive
number in front of the quadratic term since the acceleration, a, is positive. Again, choice A.

			

(3) Remember that the velocity graph is the slope of the position graph. Choice A has a steadily
increasing slope corresponding to the steadily increasing velocity during period I.

© The Princeton Review, Inc.
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11.

B

During period II,

			

(1) The speed is constant, so the distance traveled increases at a steady rate: a straight line.

			

(2) The equation in the passage gives a straight line since the coefficient of the quadratic term is
zero, and the coefficient of the linear term is a constant.

			

(3) The velocity is constant and positive so the slope of the position graph is constant and
positive.

12.

C

During period III, the acceleration is constant (but negative), so the curve is very similar to
the period I curve. Since v is still positive, the car’s position is still increasing, but the fact that
the acceleration is negative means that the car is slowing down. The only graph that shows x
increasing—but increasing more and more slowly as time goes on—is C.

Passage 4
1.

C

The tension and the friction together provide the necessary centripetal force Fc. We find that
Fc =

			

mv 2 (100kg)(5m/s)2
=
= 250N
r
10m

This means that the woman needs a total force of 250 N (directed toward the center) to continue in her circular path. Friction provides

µN = µmg = (0.1)(100)(10) = 100 N
			
2.

B

so tension must provide the remaining 250 – 100 = 150 N.
We simply need distance equals rate × time. The distance traveled by the woman in one rotation
is the circumference of the platform (since she’s standing at the edge), so
T =

d
2πr (2π )(10m)
⇒ T =
=
= 4π sec ≈ 12sec
v
v
5m/sec

3.

D

If the (centripetal) force holding the object in its circular path is suddenly taken away, the object
will fly off in whatever direction it was headed at the instant the centripetal force was removed.
Velocity is always tangent to an object’s path.

4.

B

This is the famous “twirling ice skater effect.” When the ice skater pulls in her arms, she suddenly begins to spin faster (because her rotational inertia decreases). In the same way, if the woman
walks closer to the center, the platform will start to rotate faster. This is because when she walks
toward the center, LW decreases since r decreases. The sum, LW + LP, has to stay constant (total
angular momentum, Ltotal, is conserved when no net external torque acts, just as total linear
momentum, ptotal, is conserved when no net external force acts), so ω has to increase. Since the
platform now rotates faster, its period of rotation decreases.
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5.

A

In circular motion, the net force is directed toward the center in order to ensure that the velocity
bends around in a circle, and the acceleration and net force always point in the same direction.
(The word “centripetal” means “toward the center.” The centripetal acceleration and centripetal
force vectors always point toward the center of the circular path.)

6.

B

As discussed in the passage, the pseudo-force always points in the direction opposite to that of
the real force. Since the real force is directed radially inward (centripetal), the pseudo-force is
directed radially outward.

7.

B

The second equation given for Fc, namely Fc = 4π2mr/T2, shows the dependence of the force on
r. When the woman moves closer to the center of the platform (that is, when r gets smaller),
less centripetal force is needed, and therefore (since the frictional force doesn’t change) less tension is required. (Be careful that you don’t say “Since Fc = mv2/r, Fc must become larger if r gets
smaller.” The problem here is that v is changing too. Use the other equation for Fc here; it has
only one variable.)

Passage 5
1.

C

The total kinetic energy of the two carriages is the sum of their individual kinetic energies:
KEtotal = 12 m1v12 + 12 m2v22 =

204
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1
2

(1)(42) +

1
2

(2)(22) = 8 + 4 = 12 J.

2.

C

Momentum is always conserved in an isolated collision (elastic or not), and kinetic energy is
conserved, by definition, in an elastic collision. Thus, both Statements I and II are true. However, if the two objects actually collide, then Statement III cannot be true.

3.

D

In a perfectly inelastic collision, these carriages would come to rest after they collide, because
they approach the collision with equal but opposite momenta: m1v1 = (1 kg)(+4 m/s) = +4 kg·m/s,
while m2v2 = (2 kg)(–2 m/s) = –4 kg·m/s. Thus, they must have a total momentum of zero after
the collision also, meaning that their final (common) velocity is zero. Thus, their final total
kinetic energy is also zero. Since we calculated for the first question in this passage that their
total kinetic energy before the collision was 12 J, the energy dissipated by this perfectly inelastic
collision would be the entire 12 J.

4.

A

Assuming negligible friction, there will be effectively no heat transfer, so choices C and D can
be eliminated. First, the carriages possess kinetic energy as they approach each other. Then,
when they collide and momentarily come to rest, the springs between the carriages experience
maximum compression and are thus given maximum elastic potential energy. The springs then
expand back to their original lengths, converting their stored elastic potential energy back into
the kinetic energy of the (now separating) carriages.

5.

B

Since the heavier carriage has twice the weight of the lighter carriage, the normal force on the
heavier carriage is twice as great as the normal force on the lighter one. Since the force of sliding
friction is proportional to the strength of the normal force, we conclude that the friction force
exerted on the heavier carriage must also be twice as great as that exerted on the lighter one.
That is, the desired ratio is 2:1.

© The Princeton Review, Inc.
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6.

A

If w = mg denotes the magnitude of the carriage’s weight, then the component of this force which
is normal to the inclined plane is mg cos θ where θ is the incline angle. Since cos 55° = sin 35°
(because the angles 55° and 35° are complementary), the correct answer is choice A.

Passage 6
1.

A

The pressure exerted by the water—the gauge pressure, Pgauge—at depth y is given by Equation 2.
We find that
Pgauge = ρgy
= (1000 kg/m3)(10 N/kg)(5 m)
= 5 × 104 N/m2

2.

D

Equation 1 indicates that τ is proportional to Ld 3. Therefore, if both L and d are doubled, then
τ will increase by a factor of (2)(23) = 16.

3.

B

The potential energy of the water at the top of the dam will be transformed into kinetic energy
at the bottom. Setting mgh equal to 12 mv2, we find that v = 2gh . With g = 10 m/s2 and h = 5 m,
this gives v = 10 m/s.

4.

B

Equation 1 for the torque τ implies that τ is proportional to d 3. The graph of τ vs. d must therefore be a curve that rises (without leveling off) as d increases. Only the graph in choice B fits this
description.

5.

A

The torque τ of the single force F at a distance d from the pivot line is given by τ = dF. Since
Equation 1 states that τ = ρgLd  3/6, we have dF = ρgLd  3/6, which gives, after canceling one factor of d from both sides, F = ρgLd 2/6.

Passage 7
1.

A

Examine how much kinetic energy was lost on the way up: 400 J. So the potential energy, mgh,
is 400 J at the top of the trajectory. Since m = 2 kg and g = 10 m/s2, h is 20 meters.

2.

C

The horizontal velocity is constant and is responsible for all of the kinetic energy at the top of
the trajectory (that is, the vertical velocity is zero at the top). Therefore, set KE = 600 J to get the
horizontal velocity for the entire flight:
KE = 12 mv 2 ⇒ v =

2 KE
=
m

2(600)
= 24.5 m/s
2
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3.

A

The key to this one is to consider the top of the trajectory: the vertical velocity, vy, is zero, and
the travel time to this point is t = T/2 (half the total flight time). Calling “up” positive, we find
v y = v0 y − gt = 0 ⇒ v0 y = gt = gT / 2

4.

D

Get the initial total velocity from the initial kinetic energy of 1000 J. Plugging in 12 mv 2 leaves
you with v = 1000 , which is a bit more than 30 m/s.

5.

C

Since we are assuming the projectile travels in a vacuum, no energy is lost. Therefore, the final
kinetic energy is the same as the initial kinetic energy: 1000 J.

6.

B

Since the horizontal velocity is constant, the ratio equals 1.

7.

D

Since the horizontal velocity is constant (vx = v 0x), the horizontal distance (the range, R) is calculated using rate × time: R = v 0xT.

8.

C

The increased downward acceleration (drag) from the air resistance while the projectile is on
its way up, means that the object won’t go as high as it would have in a vacuum. Or, you could
think about the energy lost by the object—mgh has to be smaller with air resistance since the
air saps some energy (2nd sentence, 3rd paragraph gives a hint about this). Anyway, Hvac is greater
than Hatm and the ratio asked for in the problems is greater than 1.

9.

A

The question can be solved using intuition or by considering the last sentence in the third paragraph. Since the object is slowing down, it goes further in the first part of its flight (going up)
than in the second part (coming down). This means that R < 2X, or R/2 < X.

Passage 8
1.

C

We are asked to find little g for the Moon. The last line of the first paragraph gives the equation
for little g for the Earth. The mass of the Moon is smaller by a factor of 100. This by itself would
give a g 100 times smaller. But the radius of the Moon is smaller by a factor of 4. This by itself
would give a g 16 times greater since the radius is squared (42 = 16) and it’s on the bottom. Putting these two effects together, we divide g Earth = 10 by 100 then multiply by 16; this gives g Moon
= (10)(16)/100 = 1.6. Here’s a more explicit presentation:
g Earth =

GM Earth
2
REarth

⇒ g Moon =
2.
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=

G (100 M Moon )
2

( 4 RMoon )

= 6.25

GM Moon
2
RMoon

= 6.25 g Moon

g Earth 10 m/s 2
=
= 1.6 m/s 2
6.25
6.25

The object is now at two Earth radii from the surface (1.2 × 107 = 2R). That means it’s now at
distance 3R from the center of the Earth, compared to R from the center previously. Since the
distance has increased by a factor of 3, the force decreases by a factor of 32 = 9. This gives 15/9 =
1.67 N.

Physics Solutions

3.

B

The force that holds the Moon in the circular orbit—gravity—must provide the necessary centripetal force (mMoonv2/r). Equate the gravitational force and the centripetal force and solve for v:
GM Earth mMoon
r2
⇒ v=

4.

A

=

mMoon v 2
GM Earth
⇒ v=
r
r

(6.7 × 10−11 )(6 × 1024 )
= 103 m/s
6
60(6 × 10 )

The second to last paragraph tells you about escape velocity. The object must have enough kinetic energy to supply the change in potential energy needed to go from r1 = R to r 2 = ∞. Using the
equation at the end of the fourth paragraph and conservation of energy, you get 12 mv2 = GMm/R.
A little algebra yields the correct expression for v:
1 2 GMm
mv =
⇒ v=
2
R

2GM
R

5.

D

Newton’s third law states that if object 1 exerts a force on object 2, then object 2 exerts an equal
(but oppositely directed) force back on object 1.

6.

B

The value of the universal gravitational constant, big G, is the same everywhere in the universe,
so the ratio is 1. (It’s little g, the acceleration due to gravity, that varies from place to place.)

7.

A

Without air resistance, two objects dropped from the same height will fall with the same acceleration and hit at the same time with the same velocity, regardless of their masses.

8.

D

You can’t compute mg∆h if you don’t know the mass m.

9.

D

Little g corresponds to the acceleration of an object dropped near the surface of the Earth (r = R).
Since the Moon is 60R away, its acceleration would be decreased by a factor of 602 = 3600.

10.

B

The force from the Sun is greater by a factor of 30 million because of its mass (mass appears to
the first power on top of the force equation), and smaller by 4002 because of its distance (distance appears squared on the bottom of the force equation). The ratio 30 million/4002 is just
about 200 (which is 2.0 × 102). (Hint: Make the 30 into a 32 to make the estimate work out
more easily; the choices are so far apart that 2 parts in 30 won’t mean a thing.)

Passage 9
1.

B

The equation for most probable speed is v0 = 2kT / m . The question tells you that the temperature doubles. Does the most probable speed double? Not quite. It increases, but only with the
square root of the temperature. So if T goes up by a factor of 2, v 0 goes up by a factor of 2 ≈ 1.4
. Choice A is too small, and choices C and D are doubling and tripling, respectively. That leaves
only choice B.
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2.

B

Use the equation v0 = 2kT /m . It says that large mass means low speed, and small mass means
high speed (because the m is in the denominator). If you’ve forgotten that oxygen molecules are
heavier than nitrogen molecules, you can use the periodic table that is provided during this section. Of the three gases mentioned in the question, oxygen is heaviest and slowest, and hydrogen is lightest and fastest.

3.

D

Gas can be produced by chemical reactions on the surface of the Earth. If production and escape balance, the atmospheric concentration will stay constant.

4.

A

The most probable kinetic energy is 12 mv02 . Looking at the equation for the most probable velocity, v0 = 2kT /m , you can see that if you square the velocity, you clear the square root and have
plain old T for the temperature dependence of kinetic energy. The most probable kinetic energy
is therefore 12 m(2kT/m) = kT. This means that the most probable kinetic energy is directly proportional to temperature.

5.

C

The escape velocity, v e = 2gRE , does not depend on the mass of the object trying to escape.
The escape velocity is the same for any object on the surface of the Earth, whether it’s a molecule
or a rocket.

6.

A

The passage tells you how to interpret the area under some section of the curve. It is the probability that the speed has some value between two given values. What about the area under the
whole curve from v = 0 to v = ∞? What is the probability that a molecule has some speed? A
molecule must have some speed, so the probability is 1.

7.

B

Even though most hydrogen molecules don’t have the necessary escape velocity, some do. The
hydrogen in our atmosphere has been dribbling away into space ever since the Earth was formed.
Look again at the last sentence in the second paragraph.

8.

C

The equation given in the passage for escape velocity can apply to any planet. Since Jupiter has
a bigger radius and a bigger gravitational acceleration than Earth, it has a higher escape velocity for objects on its surface. In addition, the colder temperatures mean that the most probable
velocity for gas molecules on Jupiter is smaller than it is on Earth. So molecules in the Jovian
atmosphere need to go faster to escape, but they actually go slower on average. Thus, Jupiter can
hold onto its atmosphere better than Earth can. (But there are still a few molecules on the tail
on the right hand side of the Maxwell–Boltzmann curve that are going fast enough to escape.)

Passage 10
1.

C

The speed of the bomb as it exits the plane is the same as the speed of the plane, 300 m/s. Since
the mass of the bomb is m = w/g = (4000 N)/(10 N/kg) = 400 kg, its kinetic energy is
KE = 12 mv2 =
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2

(400 kg)(300 m/s)2 = 1.8 × 107 J

Physics Solutions

2.

C

The gravitational potential energy of the bomb relative to the ground is equal to mgh, where h is
its altitude. In this case, we compute
PE = mgh = (400 kg)(10 N/kg)(5000 m) = 2 × 107 J

3.

A

If air resistance is ignored, then a projectile’s horizontal velocity remains constant during the
entire flight. Since the bomb had an initial horizontal velocity of 300 m/s, it will have this same
horizontal velocity at impact.

4.

B

We use the equation v 2y = v02 y + 2a y ∆y . Setting v 0y = 0, ay = g, and ∆y = h, we find that v y = 2gh .
Substituting g = 10 m/s2 and h = 5000 m yields
vy =

5.

B

2(10 m/s 2 )(5000 m) = 100 10 m/s = 316 m/s

We use the equation ∆y = v 0yt + 12 at 2. Since ∆y = h, v 0y = 0, and ay = g, we find that t = 2h /g , so
t = 2(5000 m)/(10 m / sec 2 ) = 1000 sec = 31.6 sec

6.

D

Note that in the calculation of the bomb’s descent time (t) in the preceding question, the bomb’s
horizontal velocity (v 0x) was never used. Thus, doubling v 0x will have no effect on t.

7.

C

Apply Conservation of Total Mechanical Energy. Since frictional effects are being ignored, KEi
+ PEi will equal KEf + PEf. Calling the ground our “PE = 0” level, we have PEf = 0 and PEi =
mgh, so KEf = 12 mvi2 + mgh. Comparing the case depicted in the figure (the bomb released with a
purely horizontal velocity) with the case described in the question (bomb released with a purely
vertical velocity), we find that h = 5000 m in both cases and that vi = 300 m/s in both. (Remember: Kinetic energy cares only what the speed is; the direction of the velocity is irrelevant.) Thus,
the value of KEf = 12 mvi2 + mgh must be the same in both cases.

Passage 11

This is one of those passages that throws some advanced material at you. Don’t let it scare you. In general, the
harder the material, the easier the questions. The passage tests your ability to handle momentum conservation
and to use the language of vectors. You are given some momentum conservation equations in the passage and
they can be used to obtain some of the answers. But we don’t bother. The solutions below emphasize conceptual thinking rather than the equations. Conceptual is faster. The equation for the momentum of a photon is
not something you could be expected to know without reading the passage. But E = hf, p = mv, and λf = c may
not always be given. They will usually give you whatever constants you need, so you don’t need to memorize
Planck’s constant. However, you should know the speed of light.
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1.

C

Using the equation λf = c provided in the second paragraph, we find
f =

2.

B

c 3 × 1017 nm/sec
=
= 7.5 × 1014 sec −1
2
λ
4 × 10 nm

Since momentum is conserved, the atom has to take on the photon’s momentum. (The atom
originally had none; it was stationary.) According to the equation in the passage, you just divide
the photon energy E by the speed of light c to get the momentum p:
p=

E 3.3 × 10−19 J
=
= 1.1 × 10−27 kg ⋅ m/s
c
3 × 108 m/s

3.

D

The x component of the atom’s velocity is not affected by the photon (since the photon has no
x velocity). The photon’s momentum points in the +y direction, so the absorption adds a +y
component to the atom’s momentum. So the y component of velocity of the atom is greater then
zero after the absorption.

4.

C

To conserve momentum, the atom has to lose whatever momentum it gave to the photon. The
photon’s momentum has a positive x and a positive y component. After emitting the photon,
the atom’s x velocity is reduced slightly (but is still positive) to make up for the photon’s px. The
atom initially had no y component of momentum, so after the emission, the atom must have a
negative py to balance the positive py carried off by the photon.

5.

D

The magnitude of a photon’s velocity must equal c. Using the Pythagorean theorem, we find that
vector I has magnitude
(c / 2)2 + (c / 2)2 = (c / 2) 2

			

vector II has magnitude
c2 + c2 = c 2

			

and vector III has magnitude
(2c )2 + (− c )2 = c 5

			
6.
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None of these equals c.
Choice I comes from the equation p = E/c: [p] = J/(m/sec) = J·sec/m. Choice II comes from ∆p =
F∆t: [p] = N·sec. Choice III comes from p = mv: [p] = kg·m/sec. The units in I, II, and III are
equivalent.

Physics Solutions

7.

A

The photon’s momentum is p = E/c, which is how much momentum is given to the atom. We
then find the velocity of the atom from p = mv:
v=

p E / c (3 × 10−19 ) / (3 × 108 )
=
=
= 0.2 m/s
m
m
5 × 10−27

8.

C

The photon has twice the momentum of the atom, and the photon’s momentum points in the
opposite direction. Adding the photon’s momentum to the atom’s, p + –2p = –p, we see that the
atom reverses direction.

9.

B

The passage states that atoms are transparent to “wrong-energy” photons. If a photon doesn’t
have enough energy to cause a transition, it won’t do anything. This may run counter to one’s
intuition, but that’s the way nature operates.

10.

D

The word “elastically” means that no kinetic energy is lost in the collision. Since the wall doesn’t
move, it can’t absorb any kinetic energy (objects have to move to have kinetic energy). All of
this means that the atom bounces off the wall with the same speed as it had coming in. Since
momentum is a vector, we have ∆p = pfinal – pinitial = (–p) – p = –2p.

Passage 12
1.

D

How do you go from Frame A to Frame B? The passage states that Frame B moves to the right
with speed v relative to Frame A. So what do we do to get the velocities in B from those in A?
We subtract v. (Note: In A in Experiment I, the masses are initially moving at velocities v and
–v. In B, the initial velocities are 0 and –2v, respectively.) So for this question, subtract v from
+v/2 to get –v/2. The negative sign means “to the left.” (In general, a person in a moving frame
thinks he or she is standing still. In order to have this perspective they must subtract their velocity from everything, including themselves.)

2.

A

To go from Frame A to Frame B, you subtract B’s velocity (see solution to question 1 above), so
to go from Frame B to Frame A, you add B’s velocity. If you add a velocity v (to the right) to a
velocity v (up), you get a velocity up and to the right.

3.

D

First, the left-hand mass had momentum mv to the right. Then the collision took place, and
now it has momentum mv to the left. So it lost mv in one direction and gained mv in the other.
That’s a total change of 2mv. Or you can write
|Δp| = |pafter – pbefore| = |(–mv) – (mv)| = 2mv

4.

D

Momentum is always conserved unless there are external forces. It doesn’t matter what frame
you’re talking about or whether or not the balls stick to each other.

5.

B

The only way to have an inelastic collision is to have a way to absorb some of the energy. That’s
pretty easy to arrange with macroscopic objects: the objects can deform, fall apart, stick together,
etc. The only way to change the energy of a neon atom is to excite one of its electrons into a
higher energy level. If this does not happen, then the collision has to be perfectly elastic.
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6.

C

The equation F = ∆p/∆t (which is an alternative way of writing Newton’s second law and is also
known as the impulse-momentum theorem) shows that F is inversely proportional to the contact time.

7.

D

Experiment II is a completely inelastic collision since the balls stick together. When the objects
stick, some kinetic energy is always lost. It doesn’t matter what frame you’re in—conservation
or non-conservation of energy is frame-independent. Something that does depends on the reference frame is the velocity. In Frame A, the original kinetic energy was 12 mv2 + 12 mv2 = mv2, and
the final kinetic energy was zero. In Frame B, the original kinetic energy was 2mv2, and the
final kinetic energy was 12 (2m)v2 = mv2. So in both frames the amount of kinetic energy lost was
mv2.

8.

A

Experiment I is elastic (kinetic energy is conserved in both frames) and Experiment II is inelastic (kinetic energy is not conserved in either frame; see the solution to question 7 above).
Collisions might look different in different frames, but this is really only an illusion—like the
platform “moving” when you are on a slowly-moving train, or the illusion that you are not moving at 600 mph when you are on an airplane having lunch.

9.

C

Since momentum is conserved, the total change in momentum has to be zero. A change of δ
must therefore be compensated by a change of – δ.

10.

C

The first paragraph says that the internal forces occur in equal and opposite pairs. In other
words, the balls each exert a force of magnitude F on the other. This is true regardless of the
velocities of the balls or their masses. This is Newton’s third law.

Passage 13
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1.

A

Because the runner is accelerating to the right, Fnet must point the same way. There are two
forces, Fground and w, which add to give Fnet. Since the force of gravity, w, is straight down, the
force exerted by the ground must be up and to the right:

2.

A

The acceleration is a = (8 – 0)/3 = 8/3 m/s2. The net force, therefore, is Fnet = ma = (60)(8/3) =
160 N.

3.

B

At each leap the body is pushed up as it moves forward, so that it has a given initial horizontal
and vertical velocity. This is like a cannonball problem in which the cannonball reaches its
greatest height when the vertical velocity becomes zero. Thus we can use Big Five #5 to write
v 2y = v02 y + 2gh. Setting vy = 0 and v 0y = 1.5 m/s yields h = 0.11 m.

© The Princeton Review, Inc.

Physics Solutions

4.

C

If we average over several strides in a steady (that is, nonaccelerated) run, then the net force
must be zero, and the force diagram looks like this:
Fground

runner

w
From the diagram, we see that the force of the ground on the runner balances his weight,
w = mg = (60)(10) = 600 N. Therefore, by Newton’s Third Law, the force of the runner on the
ground must be 600 N as well.
5.

A

Energy starts as chemical energy in the muscles. It gets converted into kinetic and potential energy in the push and rise of the body off the ground. It gets converted to heat in the breaking of
the fall.

6.

C

Nothing in the passage supports choices A, B, or D. The biped must bring forward a large limb
to catch themselves in each step, compared with the small limbs used by the quadruped. This
takes more force or more time in each step.

7.

C

Concerning choice A, although the forelimb may convert some muscle energy into kinetic energy in a forward thrust, this is not what happens in breaking the fall. The passage does not
support choice B. Concerning choice C, the elbow indeed increases the distance over which the
fall is broken, and the mention of force and distance hints that we could write Fd = W, where W
is the work performed in breaking the fall, which is constant. Increasing d will decrease F and
make for a less jarring run. As for choice D, the elbow does not decrease the time of the break.

Passage 14
1.

D

Note first that choices A and B are identical, so they can both be eliminated. Since ρ3 is greater
than ρ2 —as given in the passage—the answer must be choice D.

2.

D

Gauge pressure at depth d below the surface of a liquid of density ρ is given by the equation
Pgauge = ρgd. In this case, we find
Pgauge = (736 kg/m3)(10 N/kg)(0.1 m) = 736 Pa

3.

C

By definition, pressure is force per unit area: P = F/A. Therefore, [P] = [F]/[A] = N/m2 (which is
called a pascal, Pa).
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4.

B

Using Archimedes’ principle, it can be shown that the ratio of a floating object’s density to the
density of the surrounding fluid is equal to the fraction of the object’s volume that is submerged.
Thus, if ρ′0 denotes the density of the second ball, then the fraction of its volume that is submerged in Fluid 1 is ρ′0/ρ1. Since ρ′0/ρ1 = 490/736 = 2/3, the fraction of the ball’s volume that is
above the surface is 1/3.

5.

C

The difference in pressure between Points X and Y is simply the gauge pressure at Point Y.
Gauge pressure at depth d below the surface of a liquid of density ρ is given by the equation
Pgauge = ρgd. Thus, at Point Y, the gauge pressure is

ρ1gd1 + ρ2gd2 = (ρ1 + ρ2)gd
= (1736 kg/m3)(10 N/kg)(0.3 m)
= 5.2 × 103 Pa
6.

D

Using Torricelli’s theorem— v = 2gh , an equation given in the passage—we find that
v = 2(10 m/s 2 )(4 m) = 9 m/s

Passage 15
1.

D

Since the tube constricts from Section 1 to Section 2 to Section 3, the flow speed increases:
v1 < v2 < v3 (this follows from the continuity equation). Now, since Bernoulli’s equation predicts
that faster flow speed implies lower fluid pressure, it must be true that P1 > P2 > P3.

2.

A

The continuity equation states that the flow rate through Section 1 equals the flow rate through
Section 2: f 1 = f 2. Since f = Av, we have A1v1 = A2v2. Substituting the given values yields (20 cm2)
v1 = (8 cm2)(10 cm/s), which gives v1 = 4 cm/s.

3.

B

The continuity equation gives A2v2 = A3v3, so A2/A3 = v3/v2. If A2/A3 increases by a factor of 3,
then v3/v2 also increases by a factor of 3. Therefore, the inverse ratio, v2/v3 decreases by a factor
of 3.

4.

B

Applying Bernoulli’s equation, we find
P1 + 12 ρv12 = P3 + 12 ρv32
P1 − P3 = 12 ρ(v32 − v12 )
= 12 (100)[(0.6)2 − (0.4)2 ]
= 100 Pa

5.
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Since Pipes 1 and 2 carry equal flows, f 1 = f 2, which means A1v1 = A2v2. So, if A1 is greater than
A2, then v1 must be less than v2.

Physics Solutions

Passage 16
1.

A

Since the pressure at any point in the pole is given by σ =ρgh, where h denotes the height of the
pole above the given point, the lower the point on the pole, the greater the pressure. Since A is
lower than B, which is lower than C, we must have σA > σB > σC.

2.

B

The pressure at the base of the pole is equal to the pole’s weight divided by the cross-sectional
area. Since both poles have the same height, the one with the smaller cross-sectional area (which
is Pole II) will feel the greater pressure at its base.

3.

B

Since the pressure at any point in the pole is given by σ =ρgh, where h denotes the height of the
pole above the given point, we compute
σ = (7100 kg/m3)(9.8 N/kg)(10 m) = 7 × 105 Pa

4.

D

If σ is “great” while ε is “relatively little,” then their ratio, σ/ε is large (and positive). But this
ratio is precisely Young’s modulus, E.

5.

D

One way to answer this question is to check the units of the answer choices. Use the fact that
E has units of N/m2, g has units of m/s2, ρ has units of kg/m3, and ε has no units to find that
only the expression in choice D has units of meters and must therefore be the answer. The mathematical solution proceeds as follows: Let σC denote the critical stress (that is, the stress at the
buckling point, when ε becomes the critical strain, εC). Then σC/E = εC . But σC = ρghC, where
hC denotes the critical height (that is, the maximum height before buckling). Combining these
last two equations gives

ρ ghC
ε E
= ε C ⇒ hC = C
E
ρg

Passage 17
1.

A

The definition of specific gravity simply says: “Divide the density of the substance by the density
of water.” Therefore, the specific gravity of Fluid #1 is ρ1/ρ.

2.

D

When the cork is sitting in Fluid #1, its weight is balanced by the buoyant force due to Fluid #1;
similarly, when the cork sits in Fluid #2, its weight is balanced by the buoyant force due to Fluid
#2. Since the weight of the cork is a constant, the two buoyant forces (due to Fluid #1 and Fluid
#2) are identical. Therefore,
Fbuoy1 = Fbuoy 2 ⇒ ρ1V sub,1 g ⇒
15
15
10
ρ1 ⋅ 100
V = ρ2 ⋅ 100
V ⇒ ρ1 = 10
ρ2 = 32 ρ2
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3.

C

With the cork floating in Fluid #2, we equate the weight of the cork with the buoyant force:
15
w = Fbuoy ⇒ ρcorkVg = ρ1( 100
)g ⇒

Vsub

ρ1 = 100
ρ =
15 cork
4.

B

20
3

ρcork

When the cork is sitting at the bottom of the container at the moment the magnetic force is
removed, the only forces acting are the weight downward and the buoyant force upward. Thus,
Fnet = Fbuoy – mg, and since Fnet always equals ma, we find
net force

Fbuoy − mg = ma

ρ1Vg − (ρcorkV )g = (ρcorkV )a
∴a =
5.

B

ρ1 − ρcork
10ρcork− ρcork
g=
g = 9g
ρcork
ρcork

As the cork moves through the fluid, it experiences a frictional drag force due to the fluid’s viscosity. This additional force opposes the propelling upward buoyant force, thereby decreasing
the upward acceleration.

Passage 18
1.

A

When the object floats at the surface of the fluid, its weight downward is balanced by the buoyant force upward. Therefore,
w = Fbuoy ⇒ ρobjectVg = ρXV sub g ⇒
V sub ρobject
500kg/m 3
2
=
=
=
3
V
ρX
0.75(1000kg/m ) 3
Since 2/3 of the object is submerged, we know that 1/3 must be exposed above the surface.

2.
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Since Fluid Y is denser than Fluid X, neither choice A nor B is necessarily true: An object could
float in the denser Fluid Y but sink in the less dense Fluid X; similarly, it could sink in Fluid
X but float in the denser Fluid Y. Choice C is also not true because the buoyant forces in both
cases are identical, each being equal to the weight of the object. This leaves only choice D: Fluid
X is two times less dense, so the volume submerged in X will necessarily have to be twice the
volume submerged in Fluid Y.

Physics Solutions

3.

D

Let x be the fraction of Fluid X in the mixture of X and Y; this means that 1 – x is the fraction
of Y in the mixture. The volume of Fluid X is therefore xV and the volume of Y is (1 – x)V, where
V is the total volume of the mixture. Since weight equals mass times g, and mass is density times
volume, we write (using ρ for the density of water)
weight of X

weight of Y
of water

  weight
ρ X (xV )g + ρ Y [(1 − x )V]g =
ρ Vg
3
4

ρx + 32 ρ (1 − x ) = ρ
3x + 6 (1 − x ) = 4
x=

2
3

Since 2/3 of the mixture is X and 1/3 is Y, the ratio of X to Y is 2:1.

Passage 19
1.

C

Since the additional pressure we provide on Piston #1 causes an equal increase in pressure at
Piston #2, the movement of the pistons is most directly described by Pascal’s law.

2.

A

By Pascal’s law, the pressure is the same at both pistons 1 and 2, so
P1 = P2 ⇒
F1 =

3.

B

B

⇒

A1
5cm 2
F2 =
(5000 N) = 50 N
A2
500 cm 2

The volume of fluid pushed down in Vessel #1 must appear in Vessel #2: V1 = V2. Since volume
equals cross-sectional area times the distance pushed, this equation becomes A1d1 = A2d2, so
d1 =

4.

F1 F2
=
A1 A2

A2
500 cm 2
d2 =
(1mm) = 100 mm = 10 cm
A1
5cm 2

The work done on Piston #1 and the work done by Piston #2 are identical. (You can verify this
directly by actually computing F1d1 and F2d2; F increases by a factor of 100, but d decreases by a
factor of 100.) Therefore the desired ratio is 1.

Passage 20
1.

B

The gauge pressure is ρgd = (1000)(10)(6) = 60 kPa.
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2.

C

Since the gauge pressure at the depth of Plug #3 (the lowest one) is the greatest, the water would
be pushed out most forcefully here and would therefore have the greatest horizontal exit speed.
(This can also be done using Bernoulli’s equation.)

3.

C

We apply Bernoulli’s equation, with “Point 1” as the surface of the water in the tank, and “Point
2” as Hole #2. Since the tank is very large and the hole is small, the speed with which the water
level in the tank drops will be very low. Thus, v1 is small, so v12 is very small, and the term involving v12 will just drop out. Furthermore, the pressure at both points is atmospheric and will
therefore cancel out of the equation. (When the hole is created, the water is open to the atmosphere.) This gives
P1 + ρ gh1 + 12 ρv12 = P2 + ρ gh2 + 12 ρv 22

ρ gh1 = ρ gh2 + 12 ρv 22
v 2 = 2 g (h1 − h2 )
= 2(10 m/s 2 )(4 m)
= 9 m/s
4.

A

Since volume equals cross-sectional area times distance (V = Ah), we have
h=

5.

A

1.4
1.4 0.1
V
V
= 2 =
≈
=
= 0.05m
2
2
A πr
π(3 ) 28

We can see from the solution to question 3 above that the speed with which the water emerges
from the hole is v = 2g( ∆h ) , where ∆h is the difference in height between the water level in
the tank and the hole. As the water level drops, this difference in height decreases, so the speed
of the emerging water also decreases.

6.
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In the solution to question 3 above, the density of the fluid cancels out of the equation when
finding the speed of the emerging stream. Therefore, we should expect the same speed for a fluid
of any specific gravity (and negligible viscosity).

Physics Solutions

Passage 21
1.

A

Solve Poiseuille’s law for the volume flow rate f and plug in the given numbers:
f =
≈

πR 4 ∆P 3(25 × 10−6 )4 (1.2 × 103 )
≈
8ηL
8(2 × 10−3 )(10−3 )

4(25)4
100(253 )
× 10−15 =
× 10−15 = 5(253 ) × 10−15
20
20

which means that A is the best choice. The quantity 5(25)3 is much less than 1003 = 106, so f
must be much less than 106 × 10 –15 = 10 –9. Thus, choice B is too large, and choices C and D are
really too large.
2.

C

To get f into the formula for the Reynolds number, we note that f = Av, so
N=

2vρ R 2( f /A )ρ R 2 fρ R 2 fρ R 2 fρ
=
=
=
=
η
Aη
Aη
πR 2η πRη

3.

D

From Poiseuille’s law, we see that ∆P is inversely proportional to R  4. Therefore, if R is cut in half
(that is, decreased by a factor of 2), then ∆P must increase by a factor of 24 = 16.

4.

A

Poiseuille’s law states that ∆P is directly proportional to L if all the other quantities are constant.
The graph of a proportion is always a straight line through the origin.

5.

D

We want to find the option that would increase the Reynolds number (because when the Reynolds number is too high, the flow becomes turbulent). Looking at the formula given for the
Reynolds number N, we see that the changes mentioned in choices A and B would decrease N,
and choice C has no effect (since N does not depend on the length L of the tube). The change
mentioned in choice D does increase N, so this is the only possibility.

Passage 22
1.

B

Use the equation of continuity in the form A1v1 = A2v2. Substituting the given values, this equation becomes (4 cm2)(30 cm/sec) = (20 cm2)v2, which gives v2 = 6 cm/sec.

2.

A

Combining the first two equations given in the passage yields Q =

πr 4 ∆P
(Note: This is Poi8ηL
seuille’s law.) Thus, the flow rate Q is proportional to r4. So, if r increases by 50%—to 1.5r—

then Q increases by a factor of (1.5)4 = (3/2)4 = 81/16 = 5 = 500%.
3.

C

Adding more RBCs to the blood will increase its viscosity. Since Q is inversely proportional to η
(recall the statement of Poiseuille’s law given in the preceding solution), increasing the viscosity
will decrease the flow rate.
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4.

D

Since the osmotic pressure of the tissue fluids is negligible (Pi = 0), the total pressure acting to
move fluid out of the capillaries is just Pc + Pi = 17 + 0 = 17 torr. On the other hand, the total
pressure acting to move fluid into the capillaries is more: Pi + Pc = 1 + 25 = 26 torr. Thus, the
fluid movement should be into the capillaries at a rate proportional to 26 – 17 = 9 torr.

5.

D

The presence of the various parallel branches (arteries and arterioles) makes it clear that the
architecture is in parallel (eliminating choices A and B). Furthermore, from the analogy with
electrical circuits, the total resistance of a collection of parallel resistors is less than that of any of
the individual resistances. The best answer is choice D.

Passage 23
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1.

D

The continuity equation in the first paragraph shows that the fluid’s speed must increase when it
enters the narrow part. This eliminates choices A and C. Bernoulli’s equation (with the h’s canceling out) then tells us that P2 must actually be lower than P1 (since v2 is greater than v1). This
is the Bernoulli effect.

2.

D

Choice A is a false statement (think of mercury and water). Choice B is also false; if energy lost
to heat is taken into account, energy is always conserved. And choice C is also false: In fact, fluids with high viscosity can hold off turbulence better than less viscous fluids. The answer must
be choice D.

3.

D

Once the plug is removed, the fluid at both levels is exposed to the atmosphere, so both P1 and
P2 equal Patm, and they cancel out of Bernoulli’s equation. Now set v2 = 0 (because the water
level in the tank drops very slowly), cancel out the ρ’s on both sides, and solve for v1. (See Passage 20, question 3.)

4.

A

The (total) pressure comes from the fluid plus the atmosphere on top of it. (Although the plug
also feels atmospheric pressure from the outside trying to push it inward, the question asks for
the pressure trying to push it outward.)

5.

A

The first paragraph of the passage explains that the continuity equation is valid as long as the
fluid is incompressible. Since we are told that the continuity equation does not hold here, it
must be the case that the fluid is not incompressible (maybe it’s a gas).

6.

D

To determine how well the equation works, you need to know the viscosities. The passage states
that Bernoulli’s equation works when the viscosity is negligible. Since we are not given any information about the values of the viscosities, no determination can be made.

7.

B

With no pressure differential between the two ends, there is no driving force, but that doesn’t
mean the fluid can’t flow; it just means the fluid can’t accelerate (Fnet = 0 means a = 0, not
necessarily v = 0). Thus, Statement I is not necessarily true. Now, since v is constant, and the
cross-sectional area A is constant, the product Av—the volume flow rate—is also constant, so
Statement II is true. Finally, Bernoulli’s equation says that when fluid rises, the pressure goes
down (that is, if h2 is large, then P2 must be low). Thus, Statement III is true.
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Physics Solutions

Passage 24
1.

A

The magnitude of the electrostatic force is given by F = kqQ/r 2. Since Positions X and Y are at
the same distance away from the charge Q, the force that q would feel would have the same
magnitude at either position.

2.

D

First, note that the force F X is greater than FZ since Position X is closer to the charge Q; this
observation rules out choices A and C. To actually compute the ratio, we write
2

2

 4cm 
FX kqQ / rX2  rZ 
16
=
⇒ FX = 169 FZ
=
=  =
2

FZ kqQ / rZ  rX 
9
 3cm 
3.

D

Since we are pushing a positive charge toward a position of higher potential, the potential energy must increase (eliminating choices A and B). To be precise,
 1 1
 kQ kQ 
=
∆PE = qV = q 
−
qkQ
 r − r 
rZ 
 rX
X
Z
 1
1 
= (10−14 )(9 × 109 )(10−9 ) ⋅ 
−
 .03 .04 
= (9 × 10−14 ) ⋅ (33 − 25) = 7.2 × 10−13 J
(In the above calculation, I simplified the fractions as follows. 0.03 equals 3/100, so 1 over .03
[that is, the reciprocal of .03] is 100/3, which is about 33. Similarly, 1 over .04 is the reciprocal
of 4/100, which is 100/4 = 25.)

4.

C

First, note that since the Charge Q is positive, the electric field vector at Position X must point
in the positive x direction, directly away from Q; this rules out choices B and D. Thus, the
direction of E at Position X is +i (which is the unit vector in the positive x direction), and its
magnitude is
E =k

5.

A

Q
10−9
9
=
(
9
×
10
)
= 104 N/C
2
−2 2
r
(3 × 10 )

The work done by an external force to move a charge is equal to the change in potential energy
which is also equal to the charge moved times the potential difference: W = ∆PE = q∆φ The
potential due to charge Q is given by φ = kQ/r 2. Since X and Y are at the same distance from Q,
the potentials at these positions are identical. Therefore, the change in potential from Z to X is
the same as from Z to Y. Since we move the same charge between two places where the changes
in potentials are the same, we must get the same value for the work required. (Important note:
The distance from Z to Y being greater than the distance from Z to X is irrelevant. The formula
“work equals force times distance” may make you think that if the distance is greater, then the
work must be greater. But this simple formula does not apply here, because it works only if the
force is constant. The force is not constant in this problem since F clearly depends upon the distance r from the charge Q. Thus, we must use “work equals charge times change in potential.”)
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6.

D

Since both q and Q are positive charges, q will be repelled from the fixed charge Q. This eliminates choices A and B. Furthermore, as the distance between q and Q increases (due to the motion of q), the electric force decreases, which in turn decreases the acceleration (since F = ma).

Passage 25
1.

B

The individual electric field vectors (one due to each of the two given charges) will cancel only
when their magnitudes are equal and their directions are opposites. This can only happen at the
midpoint of the imaginary line joining the charges, so there is only one position in the (finite)
x-y plane where the electric field is zero.

2.

B

The distance between the charges in their pictured positions is R = 2 mm, but if one of the
charges is moved to the origin, their separation will then only be r = 1 mm. Therefore, the ratio
of the electrostatic force when one is at the origin to the force in their pictured positions is
kQ 2 / r 2 R 2 ( 2 mm )2
=
=
=2
kQ 2 / R 2 r 2
(1 mm )2

3.

C

A positive charge placed at the origin would feel a downward repulsive force due to the charge
on the y axis and a repulsive force to the left due to the charge on the x axis. The resultant force
would therefore be at a 45° angle, pointing into the third quadrant.

Electric field vector due
to charge on x axis
Ex
E
Vector sum =
total field vector

4.

C

Ey

Electric field vector due
to charge on y axis

Refer to the figure in Question 3 above. The magnitude of the vector sum is 2 times each of
the individual field vector magnitudes since the hypotenuse of an isosceles right triangle is 2
times the length of each leg. Therefore, the desired magnitude is
kQ
r2
(9 × 109 )(1.1 × 10−10 )
= 1.4 × 106 N/C
= (1.4) ⋅
−3 2
(10 )

E total = 2 ⋅ E individual = 2 ⋅
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5.

A

The potential due to a point charge is given by φ = kQ/r. Since this is not a vector quantity, the
potential due to a positive charge is positive (relative to “infinity” being designated zero potential). The potential at any point in this plane due to both charges would simply be the sum of
two positive values, which couldn’t possibly equal 0. Therefore (excluding the point “at infinity”), there are no points in the plane where the potential is 0.

6.

C

Since φ is not a vector quantity, the potential due to two point charges is simply the sum of the
individual potentials. The potential at the origin due the charge on the y axis is the same as the
potential at the origin due to the charge on the x axis (since the charges are the same and the
distance from each charge to the origin is the same), therefore we easily find the total potential:

φ=
7.

C

kQ kQ 2kQ 2(9 × 109 )(1.1 × 10−10 )
+
=
=
= 2000 V
r
r
r
10−3

The (magnitude of the) force that a charge q would feel when placed at the origin is F = qE,
where E is the magnitude of the total electric field vector at the origin. But both the proton and
electron share the same charge magnitude (namely e), so they would feel the same magnitude
of force. But, since F equals ma, their accelerations would be different because their masses are
different. Choice C is best since a quick estimate gives
ae F /me mp 1.67 × 10−27 1
=
=
=
≈ × 104 = 2000
−31
5
ap F /mp me 9.11 × 10

Passage 26
1.

C

The current flowing into the branch point between R1 and R5 must equal the current flowing
out of it; this is Kirchhoff’s Junction Rule. Since the current flowing through the branch containing Resistors R1, R 2, and R 3 is equal to 0.4 A, and the current flowing through the branch
containing Resistors R5, R6, and R7 is also equal to 0.4 A, this leaves 2 – (0.4 + 0.4) = 1.2 A to
flow through the middle branch, that is, the one containing Resistor R4.

2.

C

Since resistors R1, R 2, and R 3 are in series the total or equivalent resistance Req is given by Req = R1
+ R2 + R3 = 2 Ω + 2 Ω + 2 Ω = 6 Ω

3.

B

By definition, charge equals current times time: Q = It. Since I = V/R, we have
Q = Vt/R = (15 V)(1 s)/(10 Ω) = 3/2 C

4.

D

The power dissipated by a circuit can be written as P = VI, P = V  2/Req, or P = I  2Req. We have
been given V and Req, therefore we use P = V  2/Req. Solving for R we get
R = V  2/P = (30 V)2/(3 W) = 300 Ω
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5.

B

The total or equivalent capacitance of a collection of capacitors in series is calculated by the
same type of equation used to calculate the total resistance of a collection of resistors in parallel. That is, 1/Ceq = 1/C1 + 1/C2. Since C1 = C2 = 2 µF, we find that 1/Ceq = 1/2 + 1/2 = 1, which
implies that Ceq = 1 µF. A quicker way would be to remember that the equivalent capacitance
of a collection of n identical capacitors of value C in series is given by Ceq = C/n. In this case,
Ceq = (2 µF)/2 = 1 µF.

6.

C

The energy consumed by the resistor network is equal to the energy supplied by the capacitor
1
network. Since the amount of energy stored in the charged capacitor network is given PE = 2 QV ,
which equals
PE = 1 CV 2 =
2

1
2

(10 –6 F)(102 V) = 5 × 10 –5 J

this will be the total amount of energy consumed by the resistors.
7.

B

According to the graph, I = 0.5 A when V = 50 V. Thus, energy is consumed by this component
at a rate of P = IV = (0.5 A)(50 V) = 25 W.

Passage 27
1.

A

While choice D must be true in general, just having a voltage source does not guarantee that the
plates will act as a capacitor. If the material between the plates conducted electricity, then the
plates could not hold charge, rendering them useless as a capacitor. Choices B and C both say
that the potential difference between the plates would be zero. If there is no potential difference,
then Q = CV implies that there would be no charge stored, which is the primary function of a
capacitor.

2.

D

The equation V = Ed implies that E = V/d = (10 V)/(0.01 m) = 1000 V/m.

3.

B

PE = 2 QV = 12 CV 2 = 1 (10 –6 F)(102 V) = 5 × 10 –5 J

4.

A

By definition, C = Q/V. Therefore,

1

2

Q = CV = (10 –6 F)(10 V) = 10 –5 C
5.

C

The work W required to move a charge q across a potential difference ∆φ is given by W = q∆φ.
We are moving a negative charge to the negative plate (i.e. the lower potential plate). Therefore,
both q and ∆φ are negative.
W = q∆φ = (–2 C)(–10 V) = 20 J
Note that W = q∆φ = qV can be used when moving a charge across an already existing potential
1
difference, while W = 2 QV is used to represent the work the battery does in moving the total
charge from one plate to another. The difference in equations occurs because the potential difference across the plates changes during the charging process.

6.
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The total or equivalent capacitance of a collection of capacitors in series is calculated by the
same type of equation used to calculate the total resistance of a collection of resistors in parallel.
That is, 1/Ceq = 1/C1 + 1/C2. This implies that Ceq will be less than both C1 and C2.

Physics Solutions

7.

A

The total or equivalent capacitance of a collection of capacitors in parallel is calculated by the
same type of equation used to calculate the total resistance of a collection of resistors in series.
That is, Ceq = C1 + C2. This implies that Ceq will be greater than both C1 and C2.

Passage 28
1.

D

Since F = IL × B, the force F is, by definition, perpendicular to both L and B, that is, perpendicular to both the wire and to the magnetic field lines.

2.

A

The magnetic field lines produced by a straight current encircles the wire. This eliminates
c hoices C and D since the field must point either into or out of the page at a point above the
wire. By the Right Hand Rule, with the thumb pointing in the direction of the current, the
fingers curl in the direction of the circular magnetic field lines. Grabbing Wire XY in your right
hand with your thumb pointing to the left (which is the direction of the current), your fingers
point into the page above XY (which is where the Point P is located), parallel to Bext.

3.

C

Substituting the values given in the question into Equation 1, we find
B=

4.

A

µ0 I
µ0 (6.28 A)
=
= 2 µ0 (in tesllas)
2 πr 2(3.14)(0.5 m)

Equation 2 becomes F = ILB, since θ = 90° implies sin θ = 1. We substitute V/R for I to derive
the equation F = (V/R)LB. Using the values given in the question, we find that
F = [(9 V)/(3 W)](4 m)(0.5 T) = 6 N

5.

A

If the wire is parallel to the magnetic field lines, then θ = 0°, so sin θ = 0. Thus, F = ILB sin θ = 0.

6.

C

Since the power dissipated by a resistor can be expressed as P = I 2R, the current is given by the
equation I = P /R . Thus,
I = (60 W )(15 Ω ) = 2 A

Passage 29
1.

A

µ0ia ib
is constant and r is constant, then the product iaib is constant. Thus, ib is inversely
2 πr
proportional to ia, so the graph of ib vs. ia will be (one branch of) a hyperbola: choice A. Note

If F =

that choice B is often mistaken for an inverse relation. Rather, it is a linear relationship with a
negative slope.
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2.

B

µ0ia ib
µ i2
becomes F = 0 . The value of F is more sensitive to variations
2 πr
2πr
in i than in r, since the quantity i is squared, while r appears to the first power only. (Note:

If ia = ib = i, then F =

Choices A and C, µ0 and π, are constants.)
3.

B

µ 0i
doubling i will double the strength of the magnetic field. The other wire, feeling
2πr
twice the magnetic field strength, will experience twice the magnetic force. You can also use the

Since B =

equation for F/I to get the same answer.
4.

D

The magnetic field created by a straight current is given by the Right Hand Rule: point the
thumb of your right hand in the direction of the current, and the direction of B is the direction
your fingers curl. Therefore, the magnetic field at Point Q due to the current ia points downward, and the magnetic field at Q due to the current ib also points downward. Since Point Q
is equidistant from both wires, the field due to ia is the same as that due to ib. Since they are
of equal magnitude B and in the same direction, the magnitude of the resultant magnetic field
is 2B.

5.

B

By the Right Hand Rule as explained in the previous solution, the magnetic field at Point P due
µi
to the current ib points upward. This eliminates choices A and B. Using the equation B = 0
2πr
we find that
B=

µ0 (3.1) 1
= µT
2(3.1)(1) 2 0

6.

A

By definition, R = V/I = (5 V)/(10 A) = 0.5 Ω

7.

C

By definition, power is equal to energy dissipated per unit time: P = E/t. Thus,
t = E/P = (1500 J)/(100 W) = 15 sec

8.

D

Using Equation 2 with ia = ib = 1 A, r = 1 m, and F/L = 2 × 10 –7 N/m, we find
2 × 10−7 N/m =

µ0 (1 A)(1 A)
2 π(1 m)

4 π × 10−7 N/A 2 = µ0
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Passage 30
1.

A

The magnitude of the electric field due to a single source charge q is given by E = kq/r 2. E is inversely proportional to the square of the distance from the charge. Therefore, if r is increased by
a factor of 4, then E decreases by a factor of 42 = 16.

2.

A

From the data in the table, the potential difference between the plates drops by 2.8 V in the first
second, by 2 V in the second, and by 1.5 V in the third. Thus, the loss of voltage is greatest at
the beginning and steadily decreases as time goes on. Since the charge of a capacitor is proportional to the voltage (since q = CV ), this same behavior also applies to q. That is, q drops rapidly
at first and gradually decreases more and more slowly with time. This is best depicted by the
graph in choice A.

3.

B

With Switches A and D closed (and B and C open), the circuit is composed of a battery and
three resistors in series. Since each resistor is 2 Ω, the equivalent resistance Req is found by adding the individual resistors, or Req = 2 Ω + 2 Ω + 2 Ω = 6 Ω, so I = V/Req = (10 V)/(6 Ω) = 1.7 A.

4.

B

Current is defined as the amount of charge that flows past a certain point per unit time. If
something inhibits charge from making this migration, then current is lowered. Heating causes
increased agitation of the atoms that compose the substance, which will, in the vast majority of
substances, make it more difficult for free electrons to make their way through. (It is more difficult to cross a room in which people are dancing wildly than to cross the same room when the
people are slow dancing.)

5.

C

The resistors in the parallel network along Branch 2 are identical. The equivalent resistance Req
of n identical resistors (each equal to R) is given by Req = R/n. Doubling the number of such
resistors will therefore halve the total resistance. Since V is fixed, the power consumed by the
network is best expressed by the equation P = V   2/R, which is inversely proportional to R. Since
we have seen that doubling the number of resistors would decrease the total resistance by a factor of 2, the power consumed by the network would increase by a factor of 2.

6.

B

First, note that 6.25 × 1018 electrons carry a charge of q = −1 C. (This is stated at the end of the
passage.) If W is the work done against the electric field, then, by definition, W = q∆φ. Since we
are moving from the positive plate to the negative plate, the potential decreases, so ∆φ. = −10 V.
Therefore, W = q∆φ. = (−1 C)( −10 V) = 10 J.

7.

D

By convention, electric field vectors always point away from positive source charges and toward
negative ones. Since the top plate is positive and the bottom plate is negative, the electric field
between the plates must point downward.

Passage 31
1.

D

Since the voltage required to produce 1 mA of current through dry skin is 10 V—from the first
line of data in the table—the resistance of dry skin must be R = V/I = (10 V)/(10 –3 A) = 10,000 Ω.
You can use any other table entry and get the same answer.
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2.

C

According to the data in Table 1, wet skin provides ten times less resistance to current than
dry skin does. The wetness of the skin must increase the conductance, due to dissolved electrolytes. As with a wire, the resistance decreases with area and increases with length or thickness.
This means that that conductivity does the opposite—it increases with area and decreases with
thickness. This eliminates choices A and B. The skin cannot, in most cases, be bypassed whether
wet or dry, which eliminates choice D.

3.

C

According to the graph in Figure 1, the threshold of sensation for current alternating at a frequency of 10,000 Hz is approximately 5 mA.

4.

C

Current flows only when there is a conducting pathway connecting points at different electric
potentials. The feet of a bird which lands on a single wire are both at the same potential, and
consequently, no current is established.

5.

B

The greatest danger would come from exposure to “can’t-let-go” current. Of the given frequency
choices, only 100 Hz places 10 mA in the “can’t-let-go” region of Figure 1.

Passage 32
1.

D

First, we find the equivalent resistance for the circuit. Since R 2 and R 3 are in parallel, their
equivalent resistance is computed as follows:
RR
(1)(1)
1 1
1
= +
⇒ R= 1 2 =
= 0.5 ohm
R1 + R2 1 + 1
R R1 R2
Or, it is useful to remember that the equivalent resistance of n identical resistors in parallel, each
with resistance R, is equal to R/n. Next, R1 and this equivalent resistor are in series, so the overall resistance is given by Req = R1 + R = 1 + 0.5 = 1.5 Ω. Now that we have reduced the circuit
to an equivalent one with just one resistor, we can use V = IReq to find the total current I in the
circuit: I = V/Req = (9 V)/(1.5 Ω) = 6 amps. This amount of current flows through R1.

2.

C

Since R 2 and R 3 are in parallel, they must share the same voltage drop: V2 = V3.

3.

B

The result of Problem 1 states that 6A of current flows through R1 and reaches the junction of
R 2 and R 3. Some of the 6-amp current will flow through R 2, and the rest will flow through R 3.
Since R 2 and R 3 have the same resistance, there is no reason for the current to favor one resistor
over the other; therefore, half (3 A) will flow through each one.
Here’s an alternate solution: The voltage drop across R1 is V1 = IR1 = (6 A)(1 Ω) = 6 V, so the voltage drop across the parallel combination must be the remainder, 9 – 6 = 3 V. Since R 2 and R 3 are
in parallel, they each have a voltage drop of 3 volts. Since we know the individual voltage drops
and the individual resistances, we can compute the individual currents. In both cases, we have I
= V/R = (3 V)/(1 Ω) = 3 A.

4.
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From our solution to the preceding question, we know that the current through R 3 is 3 amps.
Therefore, the power dissipated by R 3 is P = I32R 3 = (3 A)2(1 Ω) = 9 J/s. Therefore, in 4 seconds,
R 3 dissipates a total of (9 J/s)(4 s) = 36 J of heat energy.

Physics Solutions

Passage 33
1.

B

First, notice that the batteries are opposing each other: that is, the 9 V battery wants to send
current counterclockwise around the circuit, but the 12 V battery wants to send current clockwise. When batteries oppose each other, the net result is a battery with a voltage equal to the
difference of the two individual voltages. In this case, we can replace these two batteries by a
single 12 V – 9 V = 3 V battery that sends current clockwise (since the 12 V battery wins out).
The resistors are in series, so Req = R1 + R 2 = 1 Ω + 2 Ω = 3 Ω. Therefore, the circuit is equivalent
to a simple circuit containing just a 3 V battery and a 3 Ω resistor, so the current is I = V/Req = (3
V)/(3 Ω) = 1 A.

2.

A

Since R1 and R 2 are in series, they must share the same current: I1 = I2.

3.

B

The current through R 2 is 1 A (see the solutions to the preceding questions), so the power dissipated by R 2 is P = I  2R 2 = (1 A)2(2 Ω) = 2 W.

4.

D

Since the current in the circuit is 1 A, the power supplied by the 12-volt battery is P = IV =
(1 A)(12 V) = 12 J/s. So in 3 seconds, the total energy supplied is (12 J/s)(3 s) = 36 J. Note that
using the formula P = I   2Req or P = V   2/Req would not give the correct answer. These expressions
give the total power consumed by the resistors, which is not equal to the power supplied by the
12V battery. The 9 V battery, experiencing current moving the “wrong” way across its terminals
(in other words, from high potential to low potential), eats up some the voltage and therefore,
some of the power.

Passage 34
1.

C

The voltage drops across R1 and R 2 are each equal to 18 V since they are in parallel. Therefore,
we can use I = V/R to calculate the current: through the 3 Ω resistor, we have I = V/R = (18 V)/
(3 Ω) = 6 A.

2.

B

By the same reasoning as Problem 1, through the 6 Ω resistor, we have I = V/R = (18 V)/(6 Ω) =
3 A.

3.

B

Since R1 and R 2 are in parallel, they must share the same voltage drop: V1 = V2.

4.

A

The power dissipated by a resistor can be written as P = I   2R or P = V   2/R. At first glance, these
appear to contradict each other—the first equation seems to imply that bigger resistors dissipate
more power, while the second equation seems to imply the opposite. The key is to make sure
you know what is the same for each resistor. Since R1 and R 2 are in parallel, they have the same
voltage. Therefore, P = V   2/R is the more useful equation. V is a constant means that power is
inversely proportional to R. Since R 2 = 2R1, then P2 = (1/2)P1. Note: you can also use P = IV,
noting that larger resistors in parallel receive less current.
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Passage 35
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1.

C

According to Equation 1, F = ILB. Or, in units: N = A⋅m⋅T. Therefore, T = N/(A⋅m). It is also
possible to use Equation 2, remembering that the unit for torque is N⋅m and the unit for area is
m2.

2.

C

According to Equation 2, τ = IAB sin θ. The first thing to realize is that the angle θ between the
field and the normal is 90° since the normal is (by definition) perpendicular to the plane of the
loop. This gives 1 for the sine term. Since the area A of the loop is 0.2 m × 0.2 m = 0.04 m2, we
find τ = IAB sin θ = (10 A)(0.04 m2 )(0.5 T)(1) = 0.2 N⋅m.

3.

A

The magnetic force on a current or on a single charge moving parallel (in the same direction)
or antiparallel (in the direction precisely opposite) to a magnetic field is zero (FB = ILB sin θ for
currents and FB = qvB sin θ for point charges, where θ is the angle between the current (or
velocity) and the magnetic field).

4.

A

The magnetic force acting on a current in the presence of an external magnetic field is perpendicular to the direction of the current and to the magnetic field. This eliminates choices C and
D. The Right-Hand Rule states that if you point the thumb of your right hand in the direction
of the current (upward) and your fingers in the direction of the magnetic field (right), the force
is directed out of your palm (into the page).

5.

A

If the field is perpendicular to the plane of the wire, then it is parallel to the vector normal to
the plane of the wire. When visualizing normal vectors it is helpful to imagine a stubby little arrow pointing out of the plane. When the loop rotates, the little arrow rotates with it. If the field
and the normal are parallel, the angle θ is either 0° or 180°. Either way, sin θ = 0, so the torque
is zero.

6.

D

As stated at the end of the passage, the net force on any current loop in a uniform magnetic field
is zero. Since Fnet = maCM, the fact that Fnet = 0 means that the center of mass can’t move (since it
was initially at rest and its a = 0, its velocity remains zero).

7.

C

The reason you have a torque is that, in the original orientation, there is a force into the page
on PQ and a force out of the page on RS. Use the Right Hand Rule to convince yourself of this
(see question 4). With PQ on the right and RS on the left, the inward force will be on the right
and the outward force will be on the left so the loop rotates in the opposite direction. This is the
same thing as saying the torque points in the opposite direction. The magnitude would still be
as calculated in question 2.

8.

B

If the magnetic field pointed up, everything would be the same as before except the wire would
rotate top over bottom instead of right over left. But nothing in the torque equation would be
any different, that is, the magnitude of the torque would be unchanged.
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Passage 36
1.

C

Since the capacitors are in series, their equivalent capacitance is calculated as follows:
1
1 1 1 1
= + + =
⇒ C eq = 2 nF
C eq 8 4 8 2
A trickier method involves remembering the fact that the equivalent capacitance of n identical
capacitors (with magnitude C) in series is given by Ceq = C/n. The capacitors in this problem are
not all identical, but you can combine them in steps. The two 8 nF capacitors combine to form
a 4 nF capacitor, which then combines with the other 4 nF capacitor to create an equivalent
capacitance of 2 nF.

2.

C

The voltage across C1 is V1 = Q1/C1 = (10 µC)/(2 µF) = 5 V. Since the capacitors are in parallel,
the voltage across C2 is the same as across C1; thus, V2 = 5 V also. From this we find Q2 = C2V2
= (4 µF)(5 V) = 20 µC. A proportion can also be used. In parallel, because V is the same for all
capacitors, Q is proportional to C. Since C2 = 2C1, then Q2 = 2Q1 = 20 µC.

3.

B

After the first negative charge is transferred, the plate becomes negative. To continue to transfer
negative charges to a negative plate requires work done against the electric field. Therefore, the
work done by the electric field must be negative. This eliminates choices C and D. To find the
magnitude of the work, remember that W = ∆PE. Since the initial potential energy is zero, the
magnitude of the work done is equal to the potential energy of the fully charged capacitor:
2

1
1 Q 
Q 2 (4 × 10−6 C )2
PE = CV 2 = C   =
= 1µJ
=
2
2 C 
2C 2(8 × 10−6 F)
Therefore, the work done by the electric field must have been –1 µJ.
4.

A

The equivalent capacitance of C1 and C2 in series is
1
1
1
=
+
C eq C1 C 2

⇒ C eq =

C1C 2
C1 + C 2

But notice that
C1C 2
CC
< 1 2 = C1
C1 + C 2
C2

and

CC
C1C 2
< 1 2 = C2
C1 + C 2
C1

so Ceq is always less than either C1 or C2.

© The Princeton Review, Inc.

|

231

MCAT Science Workbook

5.

C

It is easiest to look at the pure series and the pure parallel choices first. We can eliminate choice
B since three 2-µF capacitors all in series would yield an equivalent capacitance of
1
1 1 1 3
2
= + + =
⇒ C eq = µF
C eq 2 2 2 2
3
Choice D is also wrong since three 2-µF capacitors in parallel are equivalent to a single 2 + 2 + 2
= 6 µF capacitor. The configuration in choice A has a parallel combination in series with one of
the individual capacitors. The pair in parallel is equivalent to a single 2 + 2 = 4 µF capacitor, and
this in series with a 2 µF capacitor yields an overall equivalent capacitance of 4/3 µF (verify).
Thus, the answer must be choice C. Here we have a series combination (equivalent to a single 1
µF) in parallel with a 2 µF capacitor, giving an overall equivalent capacitance of 1 + 2 = 3 µF, as
desired.

6.

C

Before the switch is closed, the charge on C1 is Q1 = C1V1 = (2 mF)(12 V) = 24 mC. After the
switch is closed, this charge will re-distribute itself over the two capacitors in such a way that
the resulting voltages across the capacitors are identical (because they’re in parallel). Therefore, if
Q′1 denotes the new charge magnitude on C1 and Q′2 denotes the new charge magnitude on C2,
then
Q 2′ + Q 2′ = Q1
C1V ′ + C 2V ′ = Q1
(C1 + C 2 )V ′ = Q1
V′=

Q1
24 mC
=
= 4 V.
C1 + C 2 2 mF + 4mF

A quicker way of thinking about it is that, since V is the same for all resistors in parallel, Q is
proportional to C. Since C2 = 2C1, then Q2 = 2Q1. 24 mC are being shared by two capacitors
such that C2 gets twice as much as C1. This means that Q1 must equal 8 mC and Q2 must equal
16 mC. To find the resulting voltage, use Q = CV for either C1 or C2: V = (8 mC)/(2 mF) or V =
(16 mC)/(4 mF).

Passage 37
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1.

B

By definition of capacitance, Q = CV = (2 × 10 –6 F)(12 V) = 2.4 × 10 –5 C.

2.

C

The capacitance is increased by a factor of 4 because of the dielectric, and, because the battery
is still connected to the plates, the potential difference between the plates will still be V = 12 V.
With V a constant, Q is directly proportional to C and therefore also increases by factor of 4.

3.

A

The electric field between the plates is given by “Ed’s formula”: V = Ed. Since the potential difference V will be the same (because the 12 V battery is still connected to the plates), and the
distance d between the plates does not change, then E will not change: E1 = E.

© The Princeton Review, Inc.
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4.

D

We cannot use “work equals force times distance,” because we have no way of knowing either
the force or the distance (the distance is not the plate separation); we need a completely different
method. Remembering that work against the electric field equals the change in electrical potential energy, we can write
Wagainst field = ∆PE = 12 C ′V 2 − 12 CV 2
= 12 V 2 (4C − C )
= 12 (122 )[3( 2 × 10−6 )] = 4 . 3 × 10−4 J
1
Note that you can also use W = QV, noting that Q′ = 4Q (see Problem #2).
2

5.

B

Unlike in question 2, the battery is now disconnected from the plates, so the transferred charge
Q that resides on each plate is trapped. The way charge could transfer from one plate to the
other was through the wires connecting them through the battery. But those wires have been removed, so the charge magnitude on the plates cannot change. (We tacitly assume that the field
is weak enough that “electrical breakdown” does not occur, that is, we assume that the excess
charge does not jump through the dielectric.)

6.

B

First, we know that Q does not change with the insertion of the dielectric in Experiment #2, as
explained in the preceding solution: Q stays constant. But Q always equals CV, so C increasing
by a factor of 4 means that V must decrease by a factor of 4 (to keep Q constant). But V = Ed, so,
if V decreases by a factor of 4, then so does E (because d is constant). Thus, E2 = E/4.

7.

A

Since C increases by a factor of 4, and V decreases by a factor of 4 (from the preceding solution),
the new potential energy is 1/4 the old:
PE ′ = 12 C ′V ′ 2 = 12 (4C )( 14 V )2 = 14 ( 12 CV 2 ) = 14 PE
1
Note that you can also use PE = QV, where Q is a constant and V decreases by factor of 4.
2

Passage 38
1.

B

Drift velocity is a direct measure of current. If the electrons go by faster, you get more coulombs
per second, i.e., more current. If the drift velocity doubles, then we get twice as many coulombs
per second: twice the current.

2.

B

Random thermal motion is an indication of temperature. The hotter something is, the faster the
random motion of its constituent particles. If it’s colder, thermal motion velocities decrease.

3.

B

The passage emphasized that in an ordinary circuit the random velocities are much larger than
the drift velocity. The key sentence is the one in the third paragraph about the drift being superimposed on the random motion. Choice B shows random motion with a bias toward the
left (remember, since the field points right, the electrons [being negatively charged] feel a force
toward the left). All of the other choices show motion which clearly is not random.

© The Princeton Review, Inc.

|

233

MCAT Science Workbook

234

|

4.

D

In the middle of the last paragraph in the passage, we read, “Under these conditions...” What
conditions? Look at the two preceding sentences: (1) The electron speed due to the field is much
smaller than the thermal speed, and (2) the systematic drift is slight. Which of the choices would
render these conditions invalid? Constant temperature (choice A) is pretty harmless. A lot of
flaws (choice B) would mean a large resistance. Ohm’s law is valid for a huge range of resistances.
High temperature (choice C) would mean high thermal speeds. That’s fine. But high field
(choice D) would mean a lot of extra electron speed and a high drift velocity, thereby invalidating the conditions for Ohm’s law discussed in the passage.

5.

D

Both particles feel a force of magnitude F = eE, but since they attract each other, they will accelerate toward each other from rest in opposite directions. This eliminates choices A and C. Since
F = ma, the lighter particle (the electron) will accelerate more than the heavier particle (the proton). A greater acceleration means a greater final velocity after a fixed amount of time.

6.

A

The first paragraph gives you the connection between flaws and resistance. Choice B is never
true; in fact, the opposite is true. As for choice C, look at the solution to Problem #4—higher
temperature creates higher thermal speed compared to the drift velocity, which supports the
conditions for Ohm’s law. More importantly, the question concerns an increase in resistance,
not a failure of Ohm’s law, so this choice doesn’t apply. The number of free electrons in a metal
would tend to increase with temperature or stay roughly the same—it certainly wouldn’t decrease (choice D), although it is true that fewer free electrons would mean higher resistance.
So the only possible answer is A even though the passage doesn’t say that higher temperatures
produce flaws. Note that the question asks for a possible explanation rather than the explanation.
Actually, it makes sense. Higher temperatures cause the atoms in the lattice to vibrate faster.
This shake-up produces flaws in the structure.

7.

C

Flaws slow down the current. That’s the point made in the first paragraph. Without a battery to
drive it, the collisions with these flaws will cause the current to decrease and stop. It doesn’t stop
immediately because the electrons have some inertia. Choice D is definitely not true since an
electron, once moving will continue moving forever unless something stops it. Choice A could
happen if the wire were superconducting (i.e., no resistance) but you must assume the wire is
ordinary unless they say otherwise.

8.

D

The standard V = IR way of stating Ohm’s law says that more voltage gives more current. The
“drift velocity is proportional to field” way says more field gives more current. Thus, since current is directly proportional to both electric field and voltage, they must be proportional to each
other. Choice A is wrong because resistance depends on the material and on how thick the wire
is—it doesn’t depend on the current. Choice B is wrong because, given constant potential difference, the drift velocity (which is proportional to the current) will be inversely proportional to resistance. Choice C is true but has nothing to do with the question. You are familiar with choice
D in another context. When you set up a potential difference V between two capacitor plates,
you can calculate the strength of the electric field if you know the distance d between them: E
= V/d. The equation relating electric field and potential difference is more complicated inside a
wire but the basic relationship is the same: a large potential difference means a large field.
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Passage 39
1.

B

The elastic potential energy stored in the stretched spring would be entirely converted to kinetic
energy as the roller passed through the equilibrium position. Setting 12 kx2 = 12 mv2, we find that
v = x k / m = 2 10 / 20 = 2 = 1.4m/s

2.

B

According to Figure 1, the maximum kinetic energy is 0.4 J. Since KE = 1 mv2, the maximum
2
speed of the roller is therefore
v max = 2 KE max / m
= 2(0.4) / 20 = 0.04 = 0.2m/s

3.

B

Since the surface upon which the roller moves is frictionless, we conclude that total mechanical
energy, E, is conserved. That is, the sum KE + PE is the same at all points. When KE is at its
maximum, PE is at its minimum (namely, zero). Thus, E = KE + PE = 0.4 J + 0 J = 0.4 J.

4.

B

Since the surface upon which the roller moves is frictionless, we conclude that total mechanical
energy is conserved. That is, the sum KE + PE is the same at all points. When KE is increasing,
PE is decreasing, and vice versa. Therefore, the PE curve would be inverted relative to the KE
curve.

5.

A

Hooke’s law states that F = –kx. Therefore, the strength of the force required to stretch the
spring must be kx = (10 N/m)(0.5 m) = 5 N.

6.

C

Relative to its natural-length position, the elastic potential energy of a stretched or compressed
spring is given by the equation PE = 12 kx2. In this case, then, we find that PE = 12 (10 N/m)(2 m)2
= 20 J.

Passage 40
1.

B

Frequency is the reciprocal of the period: f = 1/T. Therefore, f = 1/(5 sec) = 0.2 Hz.

2.

B

Since the block rises to only 1/4 its previous height, it acquires only 1/4 of its previous potential
energy. Therefore, the kinetic energy drops to 1/4 its previous value also. (Thus, Statement III
is false.) Since kinetic energy is proportional to v2, if KE decreases by a factor of 4, then v decreases by a factor of 2. Thus, Statement I is true. And, since momentum is proportional to v,
Statement II is also true.
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3.

C

Using the equation which expresses that the loss of gravitational potential energy equals the
gain in kinetic energy, mgh = 1 mv2, we derive the familiar result v = 2gh . In this case, then,
we find that

2

v = 2(10 m/s 2 )(10 m) = 14 m/s
4.

C

The potential energy of the block is simply PE = mgh, which equals (10 kg)(9.8 N/kg)(2 m) =
196 J. Now, in terms of the velocity’s horizontal and vertical components, we have v 2 = v x2 + v 2y .
Thus, the kinetic energy of the block is 1 mv 2 = 1 m(v x2 + v 2y ) =
2

2

1
2

(10 kg)[(1 m/s)2 + (2 m/s)2] =

25 J. Therefore, the total mechanical energy of the block is KE + PE = 25 J + 196 J = 221 J. Note
that you can (and should!) approximate this solution by assuming g ≈ 10 N/kg; then PE ≈  200 J,
and KE + PE ≈ 225.  Choice C is closest to that value.
5.

A

Since the oscillations are characterized by the conversion between potential and kinetic energy,
it must be true that PE decreases as KE increases. Thus, neither graph C nor D can be correct.
Assuming no friction (as stated in the last sentence of the passage), total mechanical energy will
be conserved; that is, KE + PE = a constant. Using an x-y coordinate system, the graph of the
equation x + y = C is a straight line passing through the points (C, 0) and (0, C). This describes
the graph in choice A.

6.

D

When the block is at its highest point, all of its mechanical energy is in potential form. As it
descends, this gravitational potential energy is converted into kinetic energy and into the heat
generated (due to friction) while it slides on the track.

Passage 41

236

|

1.

A

Since the passage states that “all forces of friction are to be ignored,” we ignore any heat generated by the motions under study. Thus, the correct answer must be choice A.

2.

A

A pendulum has maximum kinetic energy when its amplitude is zero. From Figure 2, we see
that Pendulum 1 has zero amplitude at time t = 2.5 sec, and Pendulum 2 next has amplitude
zero at time t = 5 sec. Thus, the elapsed time between these two events is 5 – 2.5 = 2.5 sec.
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3.

C

When one of the pendulums makes an angle of θ0 with the vertical, the pendulum bob is at a
horizontal distance of Lsin θ0 from the vertical.

L

θ0

θ0

L

d

Bob 1

L sin θ0

L sin θ0

Bob 2

Therefore, the total horizontal distance between the two bobs is
Lsin θ0 + d + Lsin θ0 = d + 2Lsin θ0
4.

D

Relative to its natural-length position, the elastic potential energy of a spring stretched or compressed a distance x from equilibrium is given by the equation U = 1 kx2. Solving this for x yields
2

x = 2U / k .
5.

A

The maximum speed of the pendulum bob occurs when it is swinging through its lowest point. This is when the gravitational potential energy is converted to the maximum
kinetic energy at the bottom of the arc. Thus, setting mgh equal to
v = 2 gh = 2(10 m/s )(0.2 m) = 2 m/s .
2

1 mv 2 ,
2

we find that

Passage 42
1.

D

According to the fundamental equation λf = v, we have l = v/f = (2000 m/s)/(100 Hz) = 20 m.

2.

B

Mass equals density times volume: m = ρV. The volume of the wire is equal to its cross-sectional
area times its length: V = AL. Therefore,
m = ρ AL
= (2 × 103 kg/m 3 )(4 × 10−4 m 2 )( 25 m )
= 20 kg
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3.

A

The first paragraph explains that “an increase in density brings about a decrease in velocity”, so
we can assume that a decrease in density will increase velocity. More technically, the speed of a
longitudinal wave through a solid medium depends on its Young’s modulus, Y (which measures
its resistance to compression) and on its density, ρ, according to the equation v = Y /ρ . Therefore, if ρ is lower but Y remains the same, then v increases. Since λf = v and f is fixed, an increase
in v will result in an increase in λ.

4.

B

Assuming that both ends are essentially fixed, the longest harmonic wavelength—the fundamental wavelength, λ1—is equal to twice the length of the wire: λ1= 2L = 2(25 m) = 50 m.
Therefore, the lowest harmonic frequency—the fundamental frequency, f 1—is calculated as follows: f 1 = v/λ1 = v/(50 m). Now, since we can generate two kinds of traveling waves (longitudinal
and transverse), we can set up two kinds of standing waves. Since transverse waves travel more
slowly than longitudinal waves in this wire, if we are looking for the lowest wave frequency that
will generate a standing wave, then we choose to create transverse waves (v = 20 m/s), with a
frequency of f 1 = (20 m/s)/(50 m) = 0.4 Hz.

5.

D

Since the two waves will combine constructively (since they are nearly in phase), the resultant
maximum amplitude should be nearly twice as great as the amplitude of the two individual
waves. We can therefore eliminate choices A and C because their amplitudes are too low. (Note
the little notches on the vertical axes. Since the two given waves have an amplitude equal to the
height of the little notch, the combined wave should have an amplitude nearly twice as high.)
Furthermore, the frequency of the resultant wave should be the same as the frequency of each
individual wave, so we can eliminate choice B because its frequency is too high.

6.

A

Completely constructive interference occurs when the two waves are exactly in phase; in this
case, the amplitude of the resultant wave is equal to the sum of the individual amplitudes, giving the maximum possible amplitude. Thus, Amax = X + Y. On the other hand, total destructive
interference occurs when the two combining waves are exactly out of phase; in this case, the
amplitude of the resultant wave is equal to the difference between the individual amplitudes,
giving the minimum possible amplitude. Thus, Amin = X – Y (since X > Y ).

Passage 43
1.

C

We write the mass of the bullet in kilograms (10 grams = 0.01 kg) and compute:
KE = 12 mv 2 = 12 (0.01 kg )(200 m/s)2 = 200 J
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2.

B

Since momentum is conserved in the impact (= collision),
pbefore = pafter ⇒ mv = ( M + m )v ′
⇒ v′ =

(0.01)(2000) 2
mv
=
≈ = 2 m/s.
M +m
1 + 0.01
1

(Note: You cannot answer this question by saying that the kinetic energy of the bullet before the
collision is equal to the kinetic energy of the block and bullet after the collision. This collision
is completely inelastic [since the bullet becomes embedded in the block], and kinetic energy is
never conserved in an inelastic collision.)
3.

C

At maximum compression of the spring, all the energy has become potential energy:
2
KE → U ⇒ KE = 12 kx max
⇒ x max =

4.

C

2 KE
k

Using the given formula, we find:
f =

1
2π

k
1
100
10 5
=
≈
= ≈ 1.6 Hz
mass 2 π 1 + 0.01 2 π π

5.

D

Since the bullet becomes embedded in the block, we know that the collision is (completely) inelastic. Since some kinetic energy is always lost in an inelastic collision, choice D is correct.

6.

D

We use the fact that the work done by the spring force is equal to the opposite of the change in
the potential energy. Since the potential energy is proportional to the square of the displacement
(U = kx 2/2), increasing the displacement by a factor of 4 will increase the work done by a factor
of 42 = 16.

7.

A

Recall that T = 1/f. The formula given for the frequency has spring constant k in the numerator.
Therefore, the formula for the period will have k in the denominator, so it must be decreased to
increase the period. Furthermore, since it is under a square root sign, k must change by a factor
of 4 to cause T to change by a factor of 2.

Passage 44
1.

D

Since the natural length of the spring is 40 cm, the spring is stretched by x = 20 cm = 0.2 m
once the block is attached. The magnitude of the upward spring force is therefore kx, where x =
0.2 m. But since the block is at rest, this upward spring force must be balancing the downward
pull of gravity: kx = mg. Therefore, k = mg/x = (5)(10)/(0.2) = 250 N/m.
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2.

B

Inverting the given formula for the period, we compute the ratio of the frequencies:
f′
=
f

1
2π
1
2π

k / m′
k /m

=

m
5
=
= 0.50 ≈ 0.49 = 0.7
m′
10

⇒ f ′ ≈ 0.7 × f
3.

C

The spring force (given by Hooke’s law) is proportional to the stretch of the spring. At the “60-cm”
mark, the spring is stretched 20 cm, and at the “75-cm” mark, the spring is stretched by 35 cm
(remember that the spring’s natural length is 40 cm). Therefore,
F2 stretch at 75-cm mark 35 cm 7
=
=
⇒ F2 = 74 F1
=
F1 stretch at 60-cm mark 20 cm 4

4.

B

Since the amplitude of the oscillations is 75 – 60 = 15 cm, the spring oscillates between the
“75‑cm” mark and the 45-cm mark (since the equilibrium position with the block attached is the
60-cm mark). Therefore, the block is never at the 40-cm mark: Choice B is false.

5.

A

Using the formula given in the passage, we find that the new period T   ′ corresponding to the
increased spring constant k′ = k + (44% of k) = 1.44k is
m
1
m
1
5
=
⋅ 2π
=
T = T ≈ (80 %)T
1 . 44k 1 . 2
6
k 1.2
⇒ T deccreases by 20%

T ′ = 2π

Passage 45
1.

B

The velocity of the shadow is the horizontal component of the velocity of the object. As the
shadow passes through the origin, the velocity of O is purely horizontal, so their velocities
match at this instant: Since the object’s speed is 10 cm/s, so is the shadow’s. See the figure below.
O
O

horizontal component S
of object’s velocity
equals shadow’s
velocity
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2.

C

The shadow moves from X to Y along a diameter as the object moves from X to Y along the circle. The time it takes the object to move is found from distance equals rate times time. The distance traveled is half the circumference, d = 1 (2πr), at v = 10 cm/s, therefore, t = d/v = 12 (2πr)/v =
2
π(10)/10 = π seconds.

3.

B

Since it takes π seconds for the shadow to move from X to Y, it takes 2π seconds to complete a
full cycle (X to Y then back to X). Thus, the frequency f = 1/T = 1/(2π) Hz.

4.

B

If the object moves twice as fast, then the shadow will move twice as fast and can therefore complete its cycle in half the time. Thus, the period decreases by a factor of 2.

5.

C

Since the object moves in a circular path at constant speed, it experiences centripetal acceleration:
a = v2/r = (10 cm/s)2 / (10 cm) = 10 cm/s2

6.

C

At t = π, we know that the shadow is at Y, that is its position is x = –10 cm (see question 2 above).
The only choice that gives x = –10 at t = π is the equation in choice C.

Passage 46
1.

A

The force of gravity—that is, the weight of the ball—provides the torque:

τ = L(mg) sin θ = (0.4)(0.5)(10) sin 10° = 0.34 N-m
2.

D

The work done by gravity is equal to the force of gravity times the distance that the ball
drops: W = mgh = mgL(1 – cos θ). The following diagram demonstrates that h = L – L cos θ =
L(1 – cos θ):

L cos θ

θ

L

h = L – L cos θ
3.

C

We use the work-energy theorem: the work done by gravity is equal to the change in kinetic
energy, which is the same as the final kinetic energy, since the initial kinetic energy is 0. Thus,
W = KE ⇒

1
mv 2
2

=W ⇒ v =

2W
m
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4.

C

The ball follows a circular arc, so the force responsible for its motion is centripetal, and it is the
net force (which equals the tension T minus the weight w) that provides the necessary centripetal force:
T −w =

5.

A

The journey from X to Y is half a cycle, so the time required is half the period. Using the given
formula for the period of the pendulum, we find
t = 12 T = π

6.

B

mv 2
mv 2
⇒ T =w+
L
L
(0.5 kg)v 2
=w+
0.4 m
5
= w + ( 4 kg/m)v 2

0.4 m
L
=π
= π(0.2 s) = 0.63 sec
g
10 m/s 2

The restoring force on the ball is equal to the component of its weight in the direction that the
ball is moving, mg sin θ:

θ
restoring force

θ
mg

in

s
mg
7.

B

θ

From our solution to question 2, we know how to compute the speed of the ball as it passes
through the vertical position. The speed is v = 2W /m where W = mgh is the work done by
gravity. We therefore compute the following ratio:
mgh ′
v′
W′
2W ′ / m
=
=
=
=
v
W
mgh
2W / m
=

8.
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h′
h

1 − 0.940
0.060
L(1 − cosθ ′ )
≈
=
= 4=2
1 − 0.985
0.015
L(1 − cosθ )

The frequency is independent of the amplitude, an important characteristic of simple harmonic
motion. Therefore, f ´ = f.

Physics Solutions

9.

B

Using the given formula for the period, we compute the effect of increasing L by 21%:
T ′ = 2π

1.21L
L
L
= 1.21 × 2 π
= 1.1 × 2 π
g
g
g

= 1.1 × T = 110% off T ⇒ T increases by 10%.

Passage 47
1.

A

Each spring maintains a tension T  between its two ends. Let us look at the force diagram for
the left slab:

Ttotal

T
T

.
.
.

T
Since there are n springs in our model, the total tension pulling the left slab to the right is
T + T + ... + T = nT, which must balance Ttotal to the left. Thus, Ttotal = nT.
2.

C

Again, each spring maintains a tension T  between its ends, so the force diagram on the left slab
looks like:

Ttotal

T

In this case, there is only one spring pulling on the left slab, so the force to the right is T. Since
the force to the left is Ttotal, we must have Ttotal = T. Note that the tension along the length of the
springs is everywhere equal to T, and that this is why the strength of a muscle does not increase
with length.
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3.

C

If the strength of a muscle is proportional to the cross-sectional area, then we can write T = kπ
r 2. We can evaluate k using the information that the human bicep supports 3000 N with a radius of 2 cm:
3000 N
T
=
2
πr
π(2 × 10−2 )2

k=

Then we obtain Tm using the radius 1 µm = 10 –6 m:
Tm = kπr 2 =
=
4.

B

3000 N
⋅ π(10−6 )2
π( 2 × 10−2 )2

3 × 10−9
= 0.75 × 10−5 = 7.5 × 10−6 N
−4
4 × 10

Since the passage gives the height of the flea’s jump, we can calculate the potential energy at this
height:
PE = mgh = (10−6 kg )(10 N/kg )(0.2 m )
= 2 × 10−6 J.
But this must be the same as the kinetic energy at the beginning of the jump.

5.

C

The length of the flea’s leg gives the distance over which the force acts. Since we have the energy
of the jump, we can write mgh = Flegdleg. The result is
Fleg =

6.

C

mgh
2 × 10−6 J
=
= 4 × 10−3 N.
d leg 0.5 × 10−3 m

For the small flea, we can write m1gh1 = F1d1, and for the large flea we can write m2gh2 = F2d2.
The length of the large leg is d2 = 100d1. According to Galileo, the strength of the flea’s leg
muscle is F2 = (100)2F1. Since the flea’s size increases in three dimensions, we have m2 = (100)3m1.
Putting this together yields
h2 =

F2 d 2 (100 F1 )2 (100 d1 ) F1d1
=
=
= h1
m2 g
m1 g
(100 m1 )3 g

Passage 48
1.
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B
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Since the string doesn’t stretch, the distance between the point of attachment and the mass stays
constant, so the motion is circular with the point of attachment functioning as the center of the
circle. The motion is non-uniform because the speed is not constant—the pendulum goes fast
at the bottom of the swing and stops for a moment at the top of each swing. Note that an object
can exhibit circular motion even though it doesn’t make a complete circle.

Physics Solutions

2.

B

Statement I is true; see the solution to Passage 46, question 6. Statement II, however, is false.
Figure 1 in the passage shows that at any point in the motion of the mass,
τ − F2 = centripetal force
⇒ τ = mg cosθ +

mv 2
L

At the highest point in its path (where θ = θ0), v = 0, so τ = mg cos θ (not mg) there. Finally,
Statement III is true, since it is merely the Pythagorean theorem applied to the components of F.
3.

D

The last sentence of the passage says that mg/L plays the role of k. If we plug this into the equation given in the question, we get
T = 2π

m
m
L
= 2π
= 2π
,
k
mg / L
g

which is equal to the expression given in the passage (second paragraph) for the period.
4.

C

Since this is an idealized (frictionless) pendulum, it keeps oscillating the same way forever. It
maintains an amplitude of θ0.

5.

A

Choice B is wrong because the passage says that the string is unstretchable. Choice C is wrong
because the maximum tension occurs at the bottom of the swing. Choice D is wrong because
properties of the idealized pendulum never change no matter how many times it has swung
back and forth. Choice A is correct because the tension is responsible for supporting the weight
and providing centripetal force. At the bottom of the swing the tension is a maximum and is
equal in magnitude to the centripetal force plus the gravitational force mg.

6.

A

Eliminate choices C and D right away. Both of these choices are true for an angle of 90°, which
is certainly not small. The following diagram shows why sin θ ≈ x/L. (Remember: sine = opposite over hypotenuse.)

θ
L
≈L

≈x
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7.

A

One of the key facts about any kind of oscillatory motion is that potential energy is converted
to kinetic energy and vice versa. The total available potential energy depends on how far up you
start the pendulum, or, equivalently, on how big the initial (amplitude) angle is. This potential
energy is converted to kinetic (all kinetic at the bottom of the swing, which is the equilibrium
position). At this point, the velocity is a maximum. Note that choice D might sound good because kinetic energy is proportional to mass, but higher mass doesn’t automatically mean higher
velocity. In fact, the maximum velocity is independent of the mass in pendulum motion.

8.

A

On top of a mountain, the acceleration due to gravity is slightly smaller than it is at sea level
since we’re farther from the center of the Earth. In the equation for the period in the second
paragraph of the passage, g is in the denominator, so smaller g means a larger period. A larger
period means each oscillation takes longer, the pendulum moves slower, and the frequency of
oscillation is lower. (Note that since the pendulum is in an evacuated container, the lower atmospheric pressure on top of the mountain is irrelevant.)

9.

D

The equivalence of inertial mass (the m in F = ma) and gravitational mass (the m’s in Newton’s
Law of Gravitation) is responsible for the fact that mass is often missing in certain equations.
For example, objects in a vacuum fall with the same acceleration regardless of their mass. The
heavier object feels a larger gravitational force but is also harder to get moving, so the larger
force is balanced by the larger inertia. The same reasoning applies to the pendulum which is,
of course, driven by gravity. Choice A is irrelevant since the pendulum is in a vacuum and
wouldn’t explain about the mass in any case. Choice B is not true. Choice C is sometimes true
but not relevant to an idealized pendulum since there are no frictional forces.

10.

A

There’s no such thing as a truly unstretchable string so, in a real pendulum, the radius (i.e. the
length of the string) would change as the tension changed so the motion would not be perfectly
circular. Remember, the tension changes during the oscillation and is a maximum at the bottom of the swing. Since the tension changes, choice D can be eliminated. A real pendulum
would experience some friction and would eventually stop, eliminating B. Potential energy is
converted to kinetic for all pendulums (in a real pendulum the original potential energy is eventually converted into heat), so choice C is wrong.

11.

B

Look back at the solution to question 2. Note that τ – F2 = centripetal force ⇒  centripetal force
< τ.

12.

D

Note that from the expression for the period given in the passage, T depends on L and g only.
So changing θ0 to 2θ0 will have no effect on the period. Also, you should know that one of the
characteristics of simple harmonic motion is that the period (and frequency) are independent of
the amplitude. Therefore, if we change the amplitude and still have SHM, then the period cannot change.
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Passage 49
1.

C

We use the given formula for the period (with L = 0.25 meter at 20°C):
T = 2π

L
0.25
0.5
= 2π
= 2π
≈ 2(0.5) = 1 sec
g
10
10

(Note: The final fraction above was simplified by using π ≈ 10, both of which are slightly
more than 3.)
2.

C

The resistor wrapped around the rod loses energy at a rate of P = I 2R, and the rod absorbs 75%,
or 3/4, of this heat energy. Therefore, the power absorbed by the rod is
2

Pabsorbed =

2

3
3 V 
3  800 
× I 2R = ×   R = × 
⋅4
4
4  R
4  4 

= 3 × ( 2002 ) = 1.2 × 105 J/s.
3.

B

Combining the two given equations, we express the change in length of the pendulum as
follows:
q = mc∆T ⇒ ∆T =

4.

B

q
αLq
⇒ ∆L = αL∆T =
mc
mc

From our solution to the preceding question, we know that the change in length is inversely
proportional to the mass:
∆L =

αLq
1
⇒ ∆L ∝
mc
m

Therefore, if the material had twice the density, the rod would have twice the mass, so the
change in length would be half as much.
5.

B

Since the rod lengthens when heated, the formula given for the period tells us that the period
will be longer, too. The clock ticks 1 second at some specific point in the pendulum’s cycle. Now
that the period is longer, the clock will tick 1 second when actually more than 1 second has
passed. The clock will run slow because the pendulum is too long.
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Passage 50
(Note: The analysis of coupled oscillators is an advanced topic usually studied by physics majors
in their second or third year. So what would it be doing in an MCAT passage? The MCAT often has “advanced-level” passages that ask introductory-level questions. That is, the topic of the
passage may be upper-division and not something you would be expected to know walking in
to the test, but all the questions are answerable using the information in the passage and your
knowledge of introductory physics. This passage is excellent practice for the real thing.)
1.

A

The third sentence in the third paragraph gives this one away. In the symmetric mode, the
central spring is never stretched and the two masses oscillate independently just as if the central
spring were not there. So, in the symmetric mode, the period of oscillation of each mass can be
calculated using the equation for the period for a mass attached to a single spring given in the
first paragraph: T = 2π m /ka . This is the period of each mass and also the period for the whole
system since the two masses oscillate in synch with each other.

2.

A

The last two sentences in the third paragraph are the key to this one. Each of the masses feels
forces from two springs in the anti-symmetric mode. For example, when they are squeezed close
together, the left mass is pushed to the left by the central spring and pulled to the left by the
leftmost spring. In any case, they oscillate faster, so the period (the number of seconds per oscillation) is shorter.

3.

A

The central spring is never stretched in the symmetric mode. Visualize the motion. Make a fist
with each hand. Hold your fists about 6 inches apart and move them back and forth together—
that’s symmetric motion. The spring connecting your fists never has any stored energy since it
never stretches (or compresses).

4.

D

Again, visualize the motion. Hold your fists 6 inches apart and move them alternately together
and apart. When they are at their closest the central spring is compressed, and the two end
springs are stretched. When they are at their greatest separation the central spring is stretched,
and the two end springs are compressed. These are the points of maximum potential energy and
energy is stored in all three springs. Since all three springs are involved the answer must involve
both spring constants. There is no need for calculation—the correct answer must be choice D.
[You may wish to do the calculation as an exercise. You get 1 ka x 2 from each of the two end
2
springs and 1 kb(2x)2 from the central spring (if you squeeze your left fist a distance x to the right
2
and your right fist a distance x to the left, the central spring will be compressed a distance 2x).
This gives (ka + 2kb)x 2.]

5.
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B
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In the symmetric mode only the end springs are stretched or compressed so the answer must
involve ka only. Choice B is the only possibility. Note that whether you stretch or compress a
spring a distance x, the stored potential energy will be the same.

Physics Solutions

6.

D

In either normal mode, the initial displacements have the same magnitude, the masses are equal,
and they are both attached to two springs of force constants ka and kb, so there is nothing to
make one mass move faster than the other. If you have visualized the motion in each mode, this
may be obvious to you. Anyway, the above reasoning eliminates choices A and B. The velocities
are opposite in direction in the anti-symmetric mode, which you can tell by considering the
initial conditions.

7.

A

You are expected to infer this answer from the last paragraph. Different initial conditions imply
a different mixture of normal modes which implies a different period. Actually, as long as you
realize that the period is different for the two normal modes, you can infer that the period depends on initial conditions since that is what determines which mode you are in. Choice B is a
bit silly since whether or not friction is important depends how well you greased your surface,
not what kind of oscillation you’re looking at. Choice C is something that happens in all kinds
of oscillations with springs. Choice D contradicts the passage, which notes at least two modes of
oscillation.

8.

B

This is very similar to question 5 except now you’re asked for force rather that potential energy.
The same trick is applicable. You must realize that the central spring does not contribute, so
the answer involves only the leftmost spring (remember, you’re asked to consider the left mass).
This narrows it down to either choice A or B. Hooke’s law says that the magnitude of the force
exerted by a spring with spring constant k stretched a distance x is just kx. The correct answer
is choice B. [Hooke’s law may be given in the passage, but then again it may not. It is worth
memorizing because (1) it is so simple, and (2) it is the equation for spring problems.]

9.

D

This is similar to question 4. The masses are either squeezed together or pulled apart. The magnitude of the force on each mass is the same in either configuration. The quick way to answer
this question is to realize that both spring constants must be involved since all the springs are
stretched (or compressed).
Or you can use the reasoning shown in the answer to question 4 and Hooke’s law to calculate
the answer: For example, when the masses are squeezed together, the leftmost spring exerts a
force on the left mass equal to ka x to the left, and the central spring exerts a force on the left
mass equal to kb(2x) to the left. This gives a total force of (ka + 2kb)x.

10.

D

As in some of the previous questions, you must reason that the answer has to depend on both
spring constants since both springs are involved in the oscillation. That means the answer is either choice C or choice D. But choice C has the wrong units. The equation for the period given
in the first paragraph shows us that period must have the units the square root of mass over
force constant. Choice C has a units of force constant squared in the denominator inside the
square root and therefore cannot have units of period.
(As an exercise, let’s do the units more carefully. Force constants have units of N/m as you can
see from the equation F = kx, where F is in newtons and x is in meters. A newton can also be
written as kg⋅m/s2, as can be seen from the equation F = ma. So the units of a force constant are
kg/s2. That means the units of mass over force constant are s2. The square root gives seconds, the
correct units for period. This doesn’t work if you’ve got kg/s2 × kg/s2 in the denominator as in
choice C.)
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11.

A

Choices C and D are the points of maximum potential energy. Choice B only happens in the
symmetric mode. In the anti-symmetric mode, when the masses pass the equilibrium point,
they are either moving toward each other or away from each other. At the equilibrium point,
none of the springs are stretched and therefore the stored potential energy is zero. (The energy
has not disappeared; it is in the form of kinetic energy.)

12.

C

Although air resistance (choice A) is usually ignored, it is certainly observable/measurable in a
careful experiment. Now, if you bend a paper clip back and forth for awhile and then touch the
point of the bend to your cheek, you will feel heat. Thus, choice B, although a small effect, is
observable and counts for something. As for choice D, Hooke’s law is obeyed only to the extent
that the spring retains its shape perfectly. You know that if you pull a spring too far you can
ruin it. Even small oscillations will eventually wear out a spring. The correct answer is choice
C. The question is testing whether or not you know that gravitational forces are virtually zero
except when one of the objects is planet-sized. It is possible to observe the gravitational force
between two ordinary objects but it requires extremely sophisticated equipment.

Passage 51
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1.

C

Neither equation for the period T given in the passage depends on the mass of the pendulum,
only on its length. Therefore, a change in M without a change in L will have no effect on the
period.

2.

B

When a simple harmonic oscillator is at its greatest displacement from equilibrium—a “turning
point”—the restoring force is strongest, and thus the acceleration is maximized. Also, the speed
at this point is zero (since the velocity is changing direction here), which is certainly the minimum speed.

3.

C

Neither choice A nor B can be correct, since the restoring force on both pendulums is the same,
namely Mg sin θ (and they both have the same M). However, since the physical pendulum has
a shorter period than the simple pendulum of the same mass, it must have, on average, a greater
velocity than the simple pendulum. Therefore, we conclude that it offers less resistance to angular acceleration.

4.

A

Since the passage states that dissipative effects are negligible, the bob will rise to the same height
from which it was released. Therefore, the gravitational potential energy does not change.

5.

C

For small angles of oscillation, the pendulum’s motion is isochronous. Amplitude angles of 10°
or 5° are certainly small enough for isochronism to be observed. (Note: Although Equation 1
does say that, strictly speaking, a smaller θmax implies a smaller T, the difference is very slight
for these small amplitude angles, much less than 1%. Choices A and B represent far greater decreases than what would be observed, so choice C is definitely the best choice here.)

6.

D

Both choices A and B are wrong: Table 1 shows that for both pendulums, the period increases as
L increases; therefore, the frequency decreases as L increases. Since Table 1 shows that the period
of the physical pendulum is shorter than the period of a simple pendulum of the same length,
the frequency of the physical pendulum is higher than the frequency of a simple pendulum of
the same length.
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7.

D

θmax = 85° is a very large amplitude angle, so Equation 1 would predict a measurable deviation—in particular, a measurable increase—in the period. The only choice greater than 2.8 sec
is choice D.

8.

C

The gravitational force acts at the center of mass, eliminating choices B and D. The distance
r from the pivot to the point of application of the force is L/2, so by definition of torque,
τ = rF sin θ = (L/2)(Mg sin θ ).

Passage 52
1.

A

Wavelength and frequency are related by the fundamental equation λf = v, where v is the wave’s
speed. In the case of light through air, v is nearly equal to c, the speed of light through vacuum.
Thus
f = c / λ = (3 × 108 m/s) / ( 4.5 × 10−7 m )
=

2.

B

2
× 1015 Hz = 6.77 × 1014 Hz
3

The speed of light through a medium with refractive index n is given by the equation v = (1/n)
c. Since we are told that the prism has an index of 1.667, which is nearly 5/3, the speed of light
through the prism is
3
3
v = c = (3 × 108 m/s) = 1.8 × 108 m/s
5
5

3.

B

Substituting the given values into Snell’s law, n1 sin θ1 = n2 sin θ2, gives (1)(0.8) = n2(0.6), which
implies n2 = 8/6 = 4/3 = 1.3.

4.

B

The passage explicitly states that “blue light experiences greater refraction than does red light,”
so choices A and D are eliminated immediately. Furthermore, since the passage also states that
“[the refractive index, n] tends to increase with increasing frequency,” blue light must have the
higher frequency—and therefore the shorter wavelength—since it experiences greater refraction
(a direct result of its greater n). (Note: You should know the relative order of the colors in the
visible spectrum: ROYGBIV gives the order by increasing frequency.)

5.

C

As the refractive index increases, the speed of light decreases; thus Statement III is true (eliminating choice A). Furthermore, frequency does not change when a wave passes from one medium into another, so Statement I is false (eliminating choice D). Since λf = v is always satisfied,
a decrease in v results in a decrease in λ (since f is constant here). Thus, Statement II is true, and
the correct answer is choice C.

6.

C

The critical angle for TIR, θc, is given by the equation sin θc = n2/n1, as stated in the passage.
Thus,
n1 = n2/sin θc = 1/(0.4) = 2.5.
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Passage 53
1.

B

We use Equation 1 and set up a ratio:
v A1
=
v H2 O

2.

D

Y A1 ρH2 O
⋅
=
BH2 O ρA1

7 × 1010 1000
= 3.4
⋅
2.2 × 109 2700

Use Equation 2, with F/A = P = ρgd (which is the formula for hydrostatic gauge pressure; we
ignore atmospheric pressure here because at depths below 1000 m, atmospheric pressure is less
than 1% of the total pressure). This gives
VP
V ρgd
∆V
P
=−
⇒ ∆V = − 0 = − 0
V0
B
B
B

3.

C

Using the equation λ f = v, we find that
λ = v/f = (1500 m/s)/(105 Hz) = 1.5 × 10 –2 m

4.

B

Using distance equals rate times time, d = vt, we find that t = d/v = (0.5 m)/(54 m/s) = 5/540 s =
1/108 s ≈ 9.3 ms.

5.

B

Choice D is eliminated immediately: air is composed mostly of nitrogen and oxygen, each of
which has a greater molecular mass than hydrogen. Choice A is false; hydrogen gas and air have
comparable compressibilities (bulk moduli). In any case, even if it were true, choice A would
not explain why sound travels at a higher speed through hydrogen than through air. The correct
answer must be choice B. In fact, it can be shown that the speed of sound through an ideal diatomic gas is given by the equation v = 1.4 RT /M , where R is the gas constant, T the absolute
temperature, and M the molecular mass. Approximating the diatomic gases hydrogen (H2) and
air (N2 and O2) as ideal, we see that the difference in speed is due to the difference in mass: v
is inversely proportional to

M . Therefore, since H2 has roughly 16 times less molecular mass

than air, sound travels roughly 16 = 4 times faster through H2 than through air.

Passage 54
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1.

C

Beats are heard only if the frequencies of the two individual waves are different. If no beats are
heard, the “parent” frequencies must be identical.

2.

B

The frequency of the resultant wave is equal to the average of the frequencies of the two parent
waves: fcomposite = (f 1 + f 2)/2 = (265 + 260)/2 = 262.5 Hz. The beat frequency is equal to the difference between the frequencies of the parent waves: f beat = f 1 – f 2 = 265 – 260 = 5 Hz.
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3.

C

When two waves interfere, the maximum possible amplitude of the resultant wave is equal to
the sum of the two individual amplitudes (this is completely constructive interference). In this
case, then, Amax = A1 + A2 = 5 + 5 = 10 units.

4.

A

Using the fundamental equation λf = v, we find that λ = v/f = (343 m/s)/(686 Hz) = 0.5 m.

5.

C

Sound waves are longitudinal.

Passage 55
1.

B

From the fundamental equation λf = v, we find:
f = c/λ = (3 × 108 m/s)/(5 × 10 –7 m) = 6 × 1014 Hz.

2.

B

The round-trip distance from the wheel to Mirror M and back to the wheel is L + L = 2L. Therefore, using distance equals rate times time, we find that the round-trip time is t = 2L/c.

3.

A

The time between adjacent notches aligning with the light beam is equal to the fraction of the
circle between adjacent notches times the time required for a complete revolution. The fraction
of the circle between adjacent notches is 0.36°/360° = 1/1000, and the time required for a full
revolution is 1/500 sec. Thus, the desired time is (1/1000)(1/500 sec) = 2 × 10 –6 sec.

4.

C

The object (the light source) is at a distance of L + a in front of Mirror M. Since the mirror is
flat, the image will appear to be at this same distance, L + a, behind Mirror M.

5.

D

Because nair is so close to 1 (the index of refraction for empty space), we can treat air as if it were
vacuum for purposes of this experiment. Light travels through vacuum at a constant speed,
regardless of frequency. Though the speed of light does vary by frequency for some media, the
effect in air is negligible. Moreover, we have no way of knowing the magnitude of that effect, so
we can only assume that Big Rule #1 for waves holds and v is independent of f.

6.

D

Upon entering the glass from the air, a light beam will refract toward the normal; as it leaves the
glass and re-enters the air, it will refract away from the normal. Only the diagram in choice D
depicts this behavior.

7.

B

The power of a lens (in diopters) is the reciprocal of the focal length (in meters). Thus, f = 1/P =
1/20 = 0.05 m = 5 cm. The radius of curvature is always twice the focal length; therefore, r = 2f
= 2(5 cm) = 10 cm.

Passage 56
1.

B

Since the focal length of a lens is the reciprocal of its power, an increase in the power implies a
decrease in the focal length.
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2.

C

If o is very distant, then we can set “o = ∞”, and conclude that “1/o = 0”. The lens equation, 1/o +
1/i = 1/f, then implies that 1/i = 1/f, that is, i = f.

3.

C

Since P = 1/f, the lens equation, 1/o + 1/i = 1/f, implies that 1/o + 1/i = P (if o and i are expressed
in meters). If o = 20 cm = 0.2 m and i = 2 cm = 0.02 m (because the eye is focused, meaning
that the image falls on the retina, which, as we are told in the passage, is 2 cm from the lens),
then P = 1/(0.2) + 1/(0.02) = 5 + 50 = 55 diopters.

4.

A

Figure 2 shows a “hyperopic eye with corrective lens,” and the corrective lens is clearly a converging one. Adding a corrective converging lens to the converging crystalline lens of the eye results in an increase in lens power, which is necessary to correct hyperopia (the passage states that
“hyperopia...occurs when the lens is too weak...”). An increase in lens power implies a decrease in
focal length, since power is the reciprocal of focal length.

5.

D

If the image is to fall on the retina, then we must have i = 2 cm = 0.02 m. If the object is “distant,” then, as we did earlier, we set “o = ∞”, and conclude that “1/o = 0.” The lens equation,
1/o + 1/i = 1/f, then gives 1/f = 1/i = 1/(0.02 m) = 50 diopters. Thus, if the power of the eye is only
48 diopters, a corrective lens of power 2 diopters is needed to bring the total power of the lens
combination to the required 50 diopters.

6.

A

Using i = 0.02 m (since the image falls on the retina, which is 2 cm = 0.02 m from the lens of
the eye) and o = 1 m, we calculate that m = –i/o = –(0.02 m)/(1 m) = –0.02. Thus, the magnitude of the magnification is 0.02 = 1/50.

Passage 57
1.

C

The truck is considered the detector in this question (since we are asked at what frequency the
waves strike the truck). Since the source (the police car) is not moving, but the truck is moving
toward the source, the Doppler effect predicts that the frequency received will be
f ′=

2.

B

11
v
v + 101 v
v + v truck
f =
f = 10 f
v
v
v
11
= (1 MHz) = 1.1 MHz
10

Now we consider the truck the source and the car to be the detector (since the waves are bounced
off the truck and head back to the police car). Since the source is moving toward the stationary
detector,
f ′′ =

v
v
v
f ′=
f ′= 9 f ′
1
v − v truck
v − 10 v
v
10
10
(11.1 MHz )
9
≈ 1.2 MHz

=
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3.

B

We now combine the two different situations. In the first part, the police car is the source and
the truck is the detector. Then the waves bounce off the truck and head back to the police car,
so for the second part of the sound wave’s journey, the truck is the source and the car is the detector. Let f  be the frequency emitted by the car, let f ′ be the frequency at the truck, and let f ″
be the frequency received back at the police car. Then
police car
(source = f )

truck

(source = f ′ )

⇒

→ truck :
(detector = f ′)

→ police car :
(detector = f ′′)

f′=

v − 101 v
×f
v

f ′′ =

v
×f′
v + 101 v









f′


9
v
v
9
f ′′ = 11 × 10 f =
f
v
11
10 v

Since f = 1 MHz, we have f ″ = 9/11 ≈ 0.82 MHz.

Passage 58
1.

B

Choices A and D are properties of all waves. Choice C is true of both sound and string waves,
since both involve the displacement of matter (as opposed to light waves). You should know that
sound is a longitudinal pressure wave.

2.

C

Light passing through a pinhole spreads due to diffraction. The spreading angle is given by
∆θ ≈ λ /d = 0.65 µm / 4 µm ≈ 1/6 radian
The size of the spot can now be obtained from the following diagram:
∆θ

lspot

D
Applying the definition of radian measure, we find l spot ≈ D∆θ  ≈ (3 m)(1/6 rad) = 0.5 m.
3.

C

First, eliminate choice A: the sound is not passing through a hole, so diffraction does not apply.
Choice B is a true statement but does not explain the observation. Concerning choice C, a poor
impedance match would result in good reflection and poor transmission of the wave, in analogy
with the ropes in the passage. Nothing in the passage supports choice D, and, in fact, the statement is false.

4.

B

In order to have a better defined direction (i.e., to minimize the spreading angle ∆θ), we need to
reduce diffraction by decreasing λ or increasing d. The megaphone does not change the wavelength of the sound, which depends only on sound speed and frequency, but it does increase the
effective size of the hole.
© The Princeton Review, Inc.

|

255

MCAT Science Workbook

5.

C

The third paragraph of the passage implies that the energy coupling in a megaphone is most
efficient when the wavelength of the sound is smaller than the transition length (which is the
length of the megaphone). Since a higher frequency has a shorter wavelength, the megaphone is
most efficient for a high voice.

6.

A

The small wavelength of light implies the diffraction angle is quite small. Concerning choice B,
all waves diffract. As for choice C, the only apparatus needed are the ear and eye. Choice D is
not true.

Passage 59
1.

A

If we replace λ by v/f, the equation for the spreading angle becomes ∆θ = v/fd. Thus, if both d
and f increase by a factor of 2, ∆θ will decrease by a factor of 2 × 2 = 4.

2.

B

Again we use the equation given for ∆θ. The lower limit for the uncertainty in direction in the
human eye is given by ∆θ ≈ λred/lpupil = (0.65 × 10 –6 m) / (2 × 10 –3 m) ≈ 3 × 10 –4 radian.

3.

C

We draw the following diagram:

θres

s

D

r
and then calculate (by definition of radian measure)
D ≈ s = r θres = (10 m)(10 –2 rad) = 0.1 m.
4.

D

Since the index of refraction is greater for blue light, it bends more easily as it goes through a
lens. The following diagram shows, consequently, that blue light has a different focus than red
light:

red
blue

Although choice A is true, it is not a consequence of the refractive index of the cornea but of the
diffraction of the eye.
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5.

B

Changing the characteristics of the cornea changes its index of refraction, so choices C and D
can be eliminated. Changing the wavelength of the light (choice A) changes the index of refraction for reasons given in #4 above.

6.

A

If we look only at the spreading of the wave, then our diagram looks like the following:

∆θ
leye

lsplotch

Once again applying the definition of radian measure, we find l splotch ≈ leye∆θ.

Passage 60
1.

D

The decay scheme mentioned for the radioactive hydrogen isotope does not produce a positron,
and without a positron there will be no pair annihilation and therefore no gamma rays to detect.
This would be a problem since the passage states (last paragraph) that the PET image is formed
by the detection of gamma rays. Nothing in the passage supports choices A, B, or C, and, in
fact, they are false (and/or irrelevant).

2.

C

Choices A and B can be eliminated because (1) pair annihilation gives off two gamma rays, and
neither answer has two or because (2) the total charge of the reaction is not conserved. The
total momentum of the “before” state is zero since the momentum vectors are equal in magnitude and opposite in direction. Since total momentum is conserved, we must exclude choice D,
because both momentum vectors are pointing in the same direction and therefore would not
cancel. Only in choice C are the momentum vectors of the two gamma ray photons equal and
opposite.

3.

B

The total energy released in the pair annihilation is shared equally by the two emitted gamma
rays, so each gamma ray has an energy E = 2 MeV = 2 × 106 eV. Solving E = hf  for f we find
f =

4.

C

E
2 × 106 eV
1
=
≈ × 1021 Hz = 5.0 × 1020 Hz.
–15
h 4.1 × 10 eV ⋅ s 2

Although we are told that each reaction conserves charge, energy, and momentum, the only
one of these three properties that is evident from the available choices is the charge before and
after the reaction. Choices A, B, and D all have the same net charge before and after the reaction: reaction A conserves charge +e, while reactions B and D conserve net charge 0. Reaction C,
however, has charge zero before but charge +e + e = +2e after, so it does not conserve charge and
therefore cannot be a beta decay reaction.
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5.

C

The speed of electromagnetic radiation through air is virtually the same as through free space: c.
Therefore,
λ=

c
3 × 108 m/s
=
= 1.5 × 10−14 m.
22
f
2 × 10 Hz

6.

A

Curve C shows the neutron having positive charge throughout, which would imply the overall
charge of the neutron is positive. Curve D shows the neutron having negative charge throughout, implying that the neutron is negative. Both of these are incorrect, since the neutron has
zero overall charge. Choice B is eliminated since it shows nonzero charge density for values of r
beyond R, which is impossible since the neutron only extends to r = R. Curve A must be the correct one. It shows the neutron with a region of positive charge density (r < R/2) and a region of
negative charge density (r > R/2), which would account for the overall neutrality of the particle.

7.

C

As a result of the reaction p → n + e+ + n, a proton is lost (so the atomic number drops by 1) and
a neutron is gained (so the mass number—the total number of protons and neutrons—stays the
same). That is, the reaction is

15
15
0 +
8 O → 7 N + +1 e

+ η.

The positron is ejected, and the nucleus that remains (the daughter nucleus) is 15N.

Passage 61
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1.

A

The theoretical bandwidth of a fiber-optic cable is given to be 50 × 1012 Hz. A telephone
conversation needs only 3 kHz = 3 × 103 Hz. Therefore, there could be a maximum of
(50 × 1012)/(3 × 103 ) = 17 × 109 = 1.7 × 1010 conversations.

2.

C

Choice A is wrong because the index of refraction of copper is irrelevant: Light does not travel
through a copper cable. While choices B and D may be true statements, there is no evidence
to support them as reasons for the difficulty of tapping into optical fibers. The passage mentions, however, that light will be lost at imprecise connections. This implies that choice C is the
best answer.

3.

D

Choice A is untrue. Choice B is also untrue: Infrared light contains less energy than visible does.
Choice C is untrue: Infrared light has a lower index of refraction than visible light. (In general,
the longer the wavelength, the lower the index of refraction; see the discussion of dispersion
in the text.) The correct answer is choice D. In general, electromagnetic radiation with a short
wavelength is more easily absorbed, bent, scattered, etc.

4.

B

After traveling 20 km, the attenuation of the ray is (20 km) × (1 dB/km) = 20 dB. Because the
decibel level is logarithmic, β = 10 log (I/I0), a decrease of 20 dB = (10 + 10) dB translates into a
decrease in intensity by a factor of 10 × 10 = 100.

© The Princeton Review, Inc.
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5.

D

If the light originates in the core (the medium with the higher index of refraction), then the
critical angle for total internal reflection from the cladding is

θ crit = sin −1
= sin −1

ncladding
n2
= sin −1
n1
ncore
1.73
3
≈ sin −1
= 60°.
2.0
2

6.

A

Choice B is untrue, and there is nothing in the passage to support choice C. Choice D is wrong
because electromagnetic radiation would not be a factor with optical fibers, since only charged
particles would feel its effect. Since light bounces back and forth between the boundaries of the
core, there could be a number of different possible light paths within the core, all striking at different angles. These different paths have different path lengths, and therefore will take different
amounts of time to reach the end. As a result, the light rays will interfere with each other. The
narrower the core, the fewer different possible paths the light can travel, and hence, the smaller
the distortion.

7.

B

As the light ray enters a more optically dense medium, its speed decreases (by definition of the
index of refraction). Since the frequency of the wave does not change, the wavelength must decrease (since λf = v).

Passage 62
1.

B

The threshold frequency is the frequency at which photoelectrons can barely make it off the
surface of the emitter plate. We therefore set KEmax equal to zero in Equation 1 and get f 0 =
φ / h. Since Table 1 tells us that φ = 4.14 eV for lead, we find that f 0 for lead is (4.14 eV)/(4.14 ×
10 –15 eV·s) = 1 × 1015 Hz.

2.

C

The work function for iron is 4.50 eV, so incident photons with an energy of only 2.25 eV will
not be able to produce any photoelectrons, regardless of intensity. Therefore, the galvonometer
will read a current of 0 when the intensity is I and when the intensity is 4I.

3.

D

The passage states that the work function “is the minimum energy an electron on [a metal’s]
surface must absorb in order to be liberated.” That is, the work function gives the energy that
binds a valence electron to the metal lattice. It is independent of the apparatus used in the
experiment (eliminating choices A and B), and along with the frequency and intensity of the
incident light, as well as the resistance R, the work function of the emitter plate determines the
value of the photocurrent in the circuit (not the other way around, eliminating choice C).

4.

A

The last sentence in the first paragraph describing Experiment 1 reads, “...if the frequency [of
the incident light] is higher than f 0, then the number of photoelectrons produced is proportional
to the intensity of the incident light.” If the number of electrons is proportional to the intensity,
and the current is a measure of how many photoelectrons jump from the emitter to the collector,
we can conclude that the current is proportional to the intensity.
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5.

B

The energy of each photon of this incident light is E = hf = hc /λ, where hc = 1240 eV⋅nm (this
value is given in the passage). Therefore, if λ = 310 nm, it’s easy to calculate that E = 4 eV. Now,
since Table 1 tells us that φ = 2.28 eV for sodium, Equation 1 says that KEmax = E – φ = (4 eV) –
(2.28 eV) = 1.72 eV, so choice B is the best answer.

6.

A

Combining Equations 1 and 2 gives eVstop = h f – φ, so dividing both sides by e gives Vstop =
(h/e) f – (φ / e). If Vstop is graphed versus f, this equation tells us that the graph is a straight line
(with slope h/e).

© The Princeton Review, Inc.
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Freestanding Questions 1 through 92 are NOT
based on a descriptive passage.
1.

5
7
10
14

7.

Which of the following could be the electron
configuration of a boron atom in an excited state?
A.
B.
C.
D.

2

1

8.
3.

Which of the following gives the ground-state electron
configuration of a calcium atom once it acquires an
electric charge of +2?
A.
B.
C.
D.

4.

[Ar]
[Ar] 4s2
[Ar] 4s2 3d2
[Ar] 4s2 4p2

Which of the following is true of an electron in an excited
state?
It has absorbed a photon, and its energy has
increased.
B. It has absorbed a photon, and its energy has
decreased.
C. It has emitted a photon, and its energy has increased.
D. It has emitted a photon, and its energy has decreased.

5.

|

ns2 np2
ns2 np4
ns2 np6
ns2 np8

© The Princeton Review, Inc.

11.

3g
12 g
36 g
48 g

A compound is found to contain 64% silver, 8% nitrogen,
and 28% oxygen by mass. What is the empirical formula
of this compound?
A.
B.
C.
D.

The outermost shell of electrons in the noble gases (with
the exception of helium) have which of the following
electron configurations?
A.
B.
C.
D.

262

10.

20 g
40 g
60 g
80 g

What is the total mass of the hydrogen atoms contained in
3 moles of glucose (C6H12O6)?
A.
B.
C.
D.

A.

22%
35%
52%
78%

A sample of oxygen contains 2.5 moles of O2 molecules.
What is the mass of the sample?
A.
B.
C.
D.

9.

helium.
lithium.
beryllium.
boron.

Carbon-14 has a half-life of 5700 years. Approximately
what percent of a carbon-14 sample will remain after
2000 years?
A.
B.
C.
D.

1s 2s 2p
1s2 2s2 2p2
1s2 2s1 2p1
1s2 2s1 2p2
2

A β− particle is emitted by a lithium nucleus. The resulting
nucleus will be an isotope of:
A.
B.
C.
D.

How many orbitals can occupy the 5f subshell?
A.
B.
C.
D.

2.

6.

AgNO2
AgNO3
Ag3NO
Ag3NO3

What is the percent mass composition of H2SO4?
A.
B.
C.
D.

85% oxygen, 14% sulfur, 1% hydrogen
75% oxygen, 24% sulfur, 1% hydrogen
65% oxygen, 33% sulfur, 2% hydrogen
50% oxygen, 48% sulfur, 2% hydrogen

General Chemistry
Cu2S → 2 Cu + S

12.

17.

If two moles of Cu2S are consumed in the reaction above,
how many moles of solid copper are produced?
A.
B.
C.
D.

A.
B.
C.
D.

1
2
4
8
2 Ag2O → 4 Ag + O2

13.

18.

If one mole of Ag is produced in the reaction above, how
many grams of oxygen gas are produced?
A.
B.
C.
D.
14.

15.

16.

19.

1s2 2s2 2p6 3s2 3p4
1s2 2s2 2p6 3s2 3p5
1s2 2s2 2p6 3s2 3p3 4s1
1s2 2s2 2p6 3s2 3p4 4s1

A sample of excited hydrogen atoms emits a light
spectrum of specific, characteristic wavelengths. The light
spectrum is a result of:
A.
B.
C.

excited electrons dropping to lower energy levels.
particles being emitted as the hydrogen nuclei decay.
the light wavelengths which are not absorbed by
valence electrons when white light is passed through
the sample.
D. energy released as H atoms form H2 molecules.

Which of the following elements would be expected to
exhibit the greatest ionization energy?
A.
B.
C.
D.

Which one of the following correctly represents the
electron configuration of sulfur in an excited state?
A.
B.
C.
D.

Compared to the electronegativity of iodine, the
electronegativity of chlorine is:
greater, because chlorine has a greater nuclear
charge which translates into a greater force exerted
on electrons.
B. less, because chlorine has a smaller nuclear charge
which translates into a smaller force exerted on
electrons.
C. greater, because decreased nuclear shielding allows
for a stronger pull on the valence electrons.
D. less, because increased nuclear shielding results in a
weaker pull on the valence electrons.

2g
4g
8g
16 g

34% carbon, 4% hydrogen, 62% oxygen
40% carbon, 7% hydrogen, 53% oxygen
46% carbon, 10% hydrogen, 44% oxygen
52% carbon, 12% hydrogen, 36% oxygen

1 to 1
1 to 2
2 to 1
2 to 3

A.

Which of the following gives the percent mass
composition of acetic acid (CH3COOH)?
A.
B.
C.
D.

Given that a parent and a daughter nucleus are isotopes of
the same element, the ratio of alpha to beta decays which
produced the daughter must be which of the following?

20.

Potassium
Calcium
Scandium
Titanium

Compared to the atomic radius of calcium, the atomic
radius of gallium is:
A.

larger, because increased electron charge requires
that the same force be distributed over a greater
number of electrons.
B. smaller, because gallium gives up more electrons,
thereby decreasing its size.
C. larger, because its additional electrons increase the
atomic volume.
D. smaller, because increased nuclear charge causes
electrons to be held more tightly.

© The Princeton Review, Inc.

|

263

MCAT Science Workbook

21.

All of the following are examples of polar molecules
EXCEPT:
A.
B.
C.
D.

22.

23.

24.

Linear
Trigonal planar
Tetrahedral
Trigonal bipyramid

Bent
Trigonal planar
Diatomic covalent
Square planar

A.

N

N

B.

N

N

N

N

N

N

D.

Why do chlorine atoms form anions more easily than they
form cations?
A.

Chlorine can donate one electron in order to
complete its outer shell.
B. Chlorine can gain one electron in order to complete
its outer shell.
C. Chlorine has a low electronegativity value.
D. Chlorine has a large positive electron affinity.
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30.
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–5°C
–9°C
–15°C
–23°C

Determine the boiling point of a 2 molal aqueous solution
of sodium chloride. (Note: The boiling point constant of
water is 0.51°C/m.)
A.
B.
C.
D.

31.

0.2 m
0.5 m
1m
2m

Approximate the freezing point of an aqueous solution
containing 25 g of a compound with a molecular weight
of 100 g/mol dissolved in 50 g of water. (Note: Assume
that the compound does not dissociate in solution. The
molal freezing point constant of water is –1.86°C/m.)
A.
B.
C.
D.

Which of the following represents the correct Lewis
structure for N2?

C.

26.

29.

0.1 M
1M
2M
10 M

What is the molality of a solution which contains 2 moles
of glycerin, C3H5(OH)3, dissolved in 1000 g of water?
A.
B.
C.
D.

Among the following, which molecular geometry
CANNOT result in a nonpolar structure?
A.
B.
C.
D.

25.

28.

0
1
2
3

Which of the following describes the orbital geometry of
an sp2 hybridized atom?
A.
B.
C.
D.

What is the molar concentration of a solution containing
0.5 mol of solute in 50 cm3 of solution?
A.
B.
C.
D.

CO.
HF.
H2O.
CCl4.

How many electrons are shared in the bond between
sodium and chlorine in a molecule of NaCl?
A.
B.
C.
D.

27.

98°C
99°C
101°C
102°C

Water boils at a lower temperature at high altitudes. The
most likely explanation for this is that at high altitudes:
A.

more energy is available to break bonds in liquid
molecules.
B. the atmospheric pressure is lower than at low
altitudes.
C. the vapor pressure of water is increased.
D. the temperature is higher than at low altitudes.

General Chemistry

32.

At 20°C, a one-liter sample of pure water has a vapor
pressure of 17.5 torr. If 5 g of NaCl are added to the
sample, the vapor pressure of the water will:
A.
B.
C.
D.

37.

A.
B.
C.
D.

decrease.
increase.
remain unchanged.
be equal to the vapor pressure of the added NaCl.
38.

33.

What is the volume of two moles of O2 at STP?
A.
B.
C.
D.

34.

A.
B.
C.
D.
35.

39.

1:4
1:2
2:1
4:1

152 torr
228 torr
380 torr
532 torr

A flask contains a mixture of three gases: oxygen,
nitrogen, and carbon dioxide. The pressure exerted by
N2 is 330 torr, and that exerted by CO2 is 250 torr. If the
total pressure of the gases is 725 torr, what is the percent
pressure of O2?
A.
B.
C.
D.

15%
20%
32%
40%

200 cm3
300 cm3
400 cm3
1800 cm3

An ideal gas fills a closed rigid container. As the number
of moles of gas in the chamber is increased at a constant
temperature:
A.
B.
C.
D.

pressure will increase.
pressure will decrease.
pressure will remain constant.
the effect on pressure cannot be determined.

The vapor pressure of Liquid I is greater than the vapor
pressure of Liquid II. Which of the following is true about
Liquid I?
A.
B.

It boils at a lower temperature than does Liquid II.
It has stronger intermolecular forces than does
Liquid II.
C. It has a higher heat of fusion than does Liquid II.
D. It has a higher heat of vaporization than does Liquid
II.

A mixture of gases at 760 torr contains 50% carbon
dioxide, 30% helium, and 20% hydrogen by pressure.
What is the partial pressure due to carbon dioxide?
A.
B.
C.
D.

36.

11.2 L
22.4 L
44.8 L
89.6 L

What is the ratio of the diffusion rates of hydrogen gas to
oxygen gas?

A quantity of an ideal gas takes up 600 cm3 at 27°C. Find
its volume at –173°C if its pressure remains constant.

40.

A substance is in the gas phase at STP. As the pressure of
the surroundings is progressively decreased at constant
temperature, the gas will eventually undergo:
A.
B.
C.
D.

41.

condensation.
evaporation.
sublimation.
no phase change.

According to the kinetic theory, which of the following is
NOT true of ideal gases?
A.

There is no transfer of kinetic energy during
collisions between gas molecules.
B. All collisions among gas molecules are perfectly
elastic.
C. There are no attractive or repulsive forces between
gas molecules.
D. For a sample of gas molecules, average kinetic
energy is directly proportional to temperature.
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42.

A researcher is working with a sample of neon at a
temperature of 285 K and a pressure of 58 atm. If the
pressure is lowered to 48 atm, the best prediction would
be a phase change from:
A.
B.
C.
D.

43.

46.

solid to gas.
liquid to gas.
liquid to solid.
solid to liquid.

The noble gas xenon can exist in the liquid phase at
200 K, a temperature substantially greater than its normal
boiling point, when:

After studying the results of a freezing point depression
experiment, a chemist determined that the molecule
Co(NH3)4Cl3 dissociates into two ions when dissolved in
water. Based on this information, what is the most likely
geometry of the complex cation?
A.
B.
C.
D.

47.

Find the reaction rate for the reaction A + B → C:
Trial

A.
B.

the temperature is increased slowly.
the external pressure equals the partial pressure of
water.
C. the external pressure is less than the vapor pressure
of xenon.
D. the external pressure is greater then the vapor
pressure of xenon.

44.

In a mixture of two gases, I and II, at STP, the average
velocity of a Gas I molecule is twice that of a Gas II
molecule. Among the following, Gases I and II are most
likely:
A.
B.
C.
D.

45.
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A.
B.
C.
D.
48.

He and Ar.
He and Kr.
Ne and Ar.
Ne and Kr.

PE = mgh
KE = (1/2)mv2
F = kQq/r2
PV = nRT

© The Princeton Review, Inc.

[A]t=0

[B]t=0

Initial rate (M/s)

1

0.05 M 1.0 M

1 × 10–3

2

0.05

4.0

16 × 10–3

3

0.15

1.0

3 × 10–3

Rate = k[A][B]
Rate = k[A]2[B]
Rate = k[A][B]2
Rate = k[A]2[B]2

As the temperature at which a reaction takes place is
increased:
A.
B.

the reaction rate and the rate constant will increase.
the reaction rate and the rate constant will remain
constant.
C. the reaction rate will increase, but the rate constant
will remain constant.
D. the reaction rate will remain constant, but the rate
constant will increase.

Which of the following equations could be used as the
basis for determining the rate of diffusion of a gas in an
enclosed flask once the valve is opened?
A.
B.
C.
D.

Tetrahedral
Trigonal pyramidal
Trigonal bipyramidal
Octahedral

49.

The rate-determining step of a chemical reaction is the
step:
A.
B.
C.
D.

involving the most molecular mass.
involving the least molecular mass.
that takes the most time.
that takes the least time.

General Chemistry

50.

The following experimental data were collected for the
chemical reaction A + B → C:
Trial

[A]t=0

[B]t=0

54.

Initial rate (M/s)

1

1.0 M

1.0 M

6.0 × 10–5

2

2.0

1.0

1.2 × 10–4

3

2.0

2.0

2.4 × 10–4

4

2.0

4.0

4.8 × 10–4

A.

The energy of the activated complex and the reaction
rate will increase.
B. The energy of the activated complex and the reaction
rate will decrease.
C. The energy of the activated complex will increase,
and the reaction rate will decrease.
D. The energy of the activated complex will decrease,
and the reaction rate will increase.

Which of the following gives the rate law?
A.
B.
C.
D.
51.

0.05 M
0.10 M
0.20 M
0.40 M

56.

0.014 M
0.020 M
0.028 M
0.035 M

57.

[A]t=0

[B]t=0

[C]t=0

1

0.1 M

0.1 M

0.1 M

2 × 10–2

2

0.1

0.1

0.2

4 × 10–2

3

0.1

0.2

0.1

8 × 10–2

4

0.2

0.1

0.1

8 × 10–2

What is the rate law for this reaction?
A.
B.
C.
D.

Rate = k[A][B][C]
Rate = k[A][B]2[C]2
Rate = k[A]2[B][C]2
Rate = k[A]2[B]2[C]

58.

1.7 × 10–8
6.5 × 10–5
1.3 × 10–4
1.0 × 10–2

The [Pb2+] of a solution is 1.25 × 10–3 M. Calculate
the [SO42–] that must be exceeded before PbSO4 can
precipitate. (The solubility product of PbSO4 at 25°C is
1.6 × 10–8.)
A.
B.
C.
D.

Initial rate (M/s)

0.5 M LiBr.
1.0 M LiBr.
2.0 M LiBr.
a saturated solution of LiBr(s).

If the solubility of AgCl in water is 1.3 × 10–4 mol/L,
calculate the solubility product of AgCl.
A.
B.
C.
D.

The following data were collected for the reaction A + B +
C → D + E:
Trial

The resulting solution made from the combination of 50
mL of 1.0 M LiOH with 50 mL of 1.0 M HBr will be
identical in all respects to 100 mL of:
A.
B.
C.
D.

What is the molar concentration of Ca2+(aq) in a solution
that is prepared by mixing 15 mL of a 0.02 M CaCl2(aq)
solution with 10 mL of a 0.04 M CaSO4(aq) solution?
A.
B.
C.
D.

53.

55.

What is the concentration of I– ions in a 0.20 M solution
of magnesium iodide?
A.
B.
C.
D.

52.

Rate = k[A]
Rate = k[B]
Rate = k[B]2
Rate = k[A][B]

When a catalyst is added to a chemical reaction, what will
be its effect on the energy of the activated complex and
on the rate of the reaction?

1.6 × 10–8 M
6.4 × 10–6 M
1.3 × 10–5 M
1.3 × 10–4 M

When CaF2 is added to a 0.02 M solution of NaF, the
solubility of CaF2 is:
A.
B.

unaffected by the presence of sodium fluoride.
low, because less water is available for solvation due
to the presence of NaF.
C. low, because the concentration of F– already present
in solution prevents dissolution of CaF2.
D. high, due to the common ion effect.
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59.

The conjugate bases of HSO4–, CH3OH, and H3O+ are,
respectively:
A.
B.
C.
D.

60.

Ksp = [Ba][OH]
Ksp = 2[Ba][OH]
Ksp = [Ba][OH]2
Ksp = 2[Ba][OH]2

Given the ability of silicon to expand its valence, silicon
halides have been observed to participate in reactions of
the form
SiX4 + 2 X– → SiX62–
In this reaction, the silicon halide acts as:
A.

a Lewis acid to form a product with trigonal
bipyramidal geometry.
B. a Lewis acid to form a product with octahedral
geometry.
C. a Lewis base to form a product with trigonal
bipyramidal geometry.
D. a Lewis base to form a product with octahedral
geometry.

64.

The following reaction is allowed to reach equilibrium:
Cl2O(g) + 2 OH–(aq)  2 OCl–(aq) + H2O(l)
What will be the effect of then doubling the hydroxide
concentration?

A sample of the salt Mg(OH)2 is dissolved in water and
reaches equilibrium with its dissociated ions. Addition of
the strong base NaOH would most notably increase the
concentration of:
A.
B.
C.
D.

62.

SO4–, CH2OH–, H2O
SO4–, CH3O–, OH–
SO42–, CH3O–, H2O
SO42–, CH2OH–, OH–

Barium hydroxide (Ba(OH)2) is dissolved in pure water
at room temperature. If the equilibrium concentrations of
Ba+ and OH– ions are measured, which of the following
expressions could be used to find the solubility product
for barium hydroxide?
A.
B.
C.
D.

61.

63.

A.

The reaction quotient will be twice the equilibrium
constant, favoring the forward reaction.
B. The reaction quotient will be four times the
equilibrium constant, favoring the reverse reaction.
C. The reaction quotient will be one-half the
equilibrium constant, favoring the forward reaction.
D. The reaction quotient will be one-fourth the
equilibrium constant, favoring the forward reaction.

undissociated magnesium hydroxide.
undissociated sodium hydroxide.
Mg2+ .
H3O+.

The following equilibrium exists in a closed container:
N2(g) + O2(g)  2 NO(g) ∆H = +181 kJ/mol

65.

Which of the following perturbations would favor the
formation of NO(g)?
A.
B.
C.
D.

Increasing the pressure
Decreasing the pressure
Increasing the temperature
Decreasing the temperature

Which of the following best characterizes the ionization
constant of a strong acid?
A.
B.
C.
D.

66.

Ka < 0
0 < Ka < 0.1
0.1 < Ka < 1
Ka > 1

What is the Brønsted–Lowry base in the following
reaction?
HCl(g) + H2O(l) → H3O+(aq) + Cl–(aq)
A.
B.
C.
D.

268

|

© The Princeton Review, Inc.

HCl
H2O
H3O+
Cl–

General Chemistry

67.

The Ka of formic acid (HCOOH) is 1.8 × 10–4. What is the
pKb of the formate ion?
A.
B.
C.
D.

68.

–14 – log (1.8 × 10–4)
–14 + log (1.8 × 10–4)
14 – log (1.8 × 10–4)
14 + log (1.8 × 10–4)

A.

B.
pH

C.

2 and 3.
3 and 4.
4 and 5.
5 and 6.

pH

mL NaOH
added

72.

A.
B.
C.
D.
73.

mL NaOH
added

Determine ∆H for the reaction CH4(g) + 2 O2(g) →
CO2(g) + 2 H2O(l) given the following information:
CH4(g) + 2 O2(g) → CO2(g) + 2 H2O(g)
2 H2O(g) → 2 H2O(l)

The Ka of a buffer is 4.5 × 10–4. If the concentration of
undissociated weak acid is equal to the concentration
of the conjugate base, the pH of this buffer system is
between:
A.
B.
C.
D.

mL NaOH
added
D.

pH

Addition of sodium acetate to a solution of acetic acid
will cause the pH to:
remain constant because sodium acetate is a buffer.
remain constant because sodium acetate is neither
acidic nor basic.
C. decrease due to the common ion effect.
D. increase due to the common ion effect.

pH
mL NaOH
added

1.4 × 10–3 M
1.2 × 10–2 M
1.8 × 10–2 M
3.7 × 10–2 M

A.
B.

70.

A certain diprotic, aqueous acid is titrated with 0.1 M
NaOH. Among the following, the titration curve is best
represented by:

Calculate the concentration of F– ions in a 2 M solution of
hydrogen fluoride, HF. (The Ka of HF is 6.8 × 10–4.)
A.
B.
C.
D.

69.

71.

∆H = –802 kJ/mol
∆H = –88 kJ/mol

–890 kJ/mol
–714 kJ/mol
714 kJ/mol
890 kJ/mol

Which of the following must result in a negative free
energy change for a reaction?
A.
B.
C.

The enthalpy change is negative.
The entropy change is positive.
The enthalpy change is negative, and the entropy
change is negative.
D. The enthalpy change is negative, and the entropy
change is positive.
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74.

Calculate the standard enthalpy change for the reaction
CaCO3(s) → CaO(s) + CO2(g) given the standard heats of
formation:
Compound
CaCO3(s)

A.
B.
C.
D.
75.

–1206.9 kJ/mol
–635.5 kJ/mol

CO2(g)

–393.5 kJ/mol

–570 kJ/mol
–178 kJ/mol
178 kJ/mol
570 kJ/mol

76.

© The Princeton Review, Inc.

If ∆G is negative, then the reaction as written is:
A.
B.
C.
D.

77.

78.

spontaneous with an increase in entropy.
nonspontaneous due to the decrease in entropy.
spontaneous and endothermic.
spontaneous and exothermic.

Increasing the temperature of the reaction at equilibrium
will most likely:
A.
B.
C.
D.

A reaction occurs that results in a set of products with
more stable bonds and more orderly arrangement than
were present in the reactants. Which of the following is
true of this reaction?
The enthalpy and entropy changes are positive.
The enthalpy and entropy changes are negative.
The enthalpy change is positive, and the entropy
change is negative.
D. The enthalpy change is negative, and the entropy
change is positive.

|

N2(g) + 3 H2(g) → 2 NH3(g), ∆H = –22 kcal/mol

DHf°

CaO(s)

A.
B.
C.

270

Questions 76-78 refer to this reaction:

decrease the forward reaction.
increase the forward reaction.
decrease the heat of reaction.
increase the heat of reaction.

Increased pressure will result in which of the following?
A.

An increase in the forward reaction due to increased
volume
B. An increase in the reverse reaction due to decreased
volume
C. An increase in the forward reaction due to decreased
volume
D. An increase in the reverse reaction due to increased
volume

General Chemistry

Questions 79-80 refer to the reaction pathway
below:

83.

Based on the following data:
Li+(aq) + e– → Li(s)
Na+(aq) + e– → Na(s)

Potential Energy

1
2

which one of the following is true?

4

A.
B.
C.
D.

3
Products
Reaction coordinate
84.

79.

In the diagram, 1, 2, 3, and 4 represent, respectively:
A.
B.
C.
D.

80.

81.

82.

∆H
Ea
Σ(∆Hreactants)
Σ(∆Hproducts)

If a chemical reaction is found to be spontaneous under a
given set of conditions, then which of the following must
be negative?
A.
B.
C.
D.

∆H
∆G
∆S
Cp

The oxidation states of sulfur in H2SO4 and H2SO3 are,
respectively:
A.
B.
C.
D.

85.

spontaneous, with oxidation occurring at the anode.
spontaneous, with oxidation occurring at the cathode.
nonspontaneous, with oxidation occurring at anode.
nonspontaneous, with oxidation occurring at the
cathode.

When an element is oxidized, it will:
A.
B.
C.
D.

86.

Both sodium and lithium are spontaneously reduced.
Sodium is more easily oxidized than lithium.
Lithium is more easily oxidized than sodium.
Lithium is more easily reduced than sodium.

In an electrolytic cell, the electrochemical reaction is:
A.
B.
C.
D.

the activated complex, Ea (forward), ∆H, Ea (reverse)
Ea (forward), the activated complex, ∆H, Ea (reverse)
the activated complex, ∆H, Ea (forward), Ea (reverse)
Ea (reverse), the activated complex, ∆H, Ea (forward)

A catalyst would change which of the following?
A.
B.
C.
D.

E° = –3.05 V
E° = –2.71 V

gain electrons, and its oxidation state will decrease.
gain electrons, and its oxidation state will increase.
lose electrons, and its oxidation state will decrease.
lose electrons, and its oxidation state will increase.

The following two half-reactions occur in a voltaic cell:
(1) C
 r2O72–(aq) + 14 H+(aq) + 6e– → 2 Cr3+(aq) + 7
H2O(l)
(2) 6 I–(aq) → 3 I2(s) + 6e–
Which one of the following statements is true?
A.
B.
C.
D.

Reaction 1 is an oxidation and occurs at the anode.
Reaction 1 is a reduction and occurs at the anode.
Reaction 2 is an oxidation and occurs at the anode.
Reaction 2 is an oxidation and occurs at the cathode.

+2 and +4.
+4 and +2.
+4 and +6.
+6 and +4.
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87.

Using the following half-reaction potentials,

91.

Br2(l) + 2e– → 2 Br–(aq) E° = 1.07 V
F2(g) + 2e– → 2 F–(aq) E° = 2.87 V
determine the cell potential and whether the following
reaction as written is spontaneous under standard
conditions:

What is the oxidation state of iron in FeO42−?
A.
B.
C.
D.

92.

2 Br –(aq) + F2(g) → Br2(l) + 2 F–(aq)
A.
B.
C.
D.
88.

E° = –1.80 V, spontaneous
E° = –1.80 V, nonspontaneous
E° = +1.80 V, spontaneous
E° = +1.80 V, nonspontaneous

Which of the following species is the oxidizing agent in
the following redox reaction?

A.
B.
C.
D.
89.

Zn
Zn2+
Cu
Cu2+

Based on the following half-reaction potentials,
Sn4+(aq) + 2e– → Sn2+(aq)
Ag+(aq) + e– → Ag(s)
Cr3+(aq) + 3e– → Cr(s)
Fe2+(aq) + 2e– → Fe(s)

E° = –0.14 V
E° = +0.80 V
E° = –0.74 V
E° = –0.44 V

which of the following is the strongest reducing agent?
A.
B.
C.
D.
90.

Sn2+(aq)
Ag(s)
Cr(s)
Fe2+(aq)

In an electrolytic cell containing molten MgCl2(l):
A.

Mg2+ is reduced at the cathode, and Cl– is oxidized at
the anode.
B. Mg2+ is oxidized at the anode, and Cl– is reduced at
the cathode.
C. Mg2+ is reduced at the anode, and Cl– is oxidized at
the cathode.
D. Mg2+ is oxidized at the cathode, and Cl– is reduced at
the anode.
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Mn 3+ + e − → Mn 2+

E ° = +1.51 V

Fe 3+ + e − → Fe 2+

E ° = +0.77 V

According to the reduction potentials given above, Mn3+
is a much stronger oxidizing agent than Fe3+. However,
one would expect that Fe3+ with its larger nuclear charge
and slightly smaller size should gain electrons more easily
than Mn3+. Which one of the following best accounts for
this behavior?
A.

Zn + Cu2+ → Zn2+ + Cu

+2
+3
+6
+8

Mn3+ is more electropositive than Fe3+, so it should
attract electrons more strongly.
B. Fe3+ has a higher ionization energy than Mn3+, so it
attracts electrons more strongly than Mn3+.
C. The Mn3+ ion has a 3d 4 electron configuration, and
the gain of an electron to form Mn2+ gives the
relatively stable 3d 5 configuration. However, to
convert Fe3+ to Fe2+ requires a change from a stable
3d5 configuration to a less stable 3d 6 configuration.
D. The Mn3+ ion has a 3d 4 electron configuration, and
the gain of an electron to form Mn2+ gives the less
stable 3d 5 configuration. However, to convert Fe3+
to Fe2+ requires a change from a 3d 5 configuration to
a 3d 6 configuration, which is more stable since it is
closer to a filled 3d10 configuration.

General Chemistry

Passage 1 (Questions 1-6)

3.

When an unstable nucleus spontaneously decomposes by
emitting protons, neutrons, or electrons, it is said to have undergone
radioactive decay.
The disappearance of radioactive isotopes in a sample is
generally predicted by the half-life of the element in the sample.
The half-life is the time it takes for half of the radioactive
isotopes in the sample to disappear. The half-life of a radioactive
element is independent of the size of the sample.

A.
B.
C.
D.

4.

Two of the more common forms of radioactive decay are
alpha decay, in which the nucleus emits two protons and two
neutrons, and beta decay, in which the nucleus converts a neutron
into a proton and emits a particle that is equivalent to an electron.

1.

Which of the following graphs most closely represents
the amount remaining of a sample undergoing radioactive
decay over time?
A.

t

amount of
sample

amount of
sample

D.

t

t

6.

neon.
sodium.
aluminum.
silicon.

How many half-lives would need to elapse before 87.5%
of a given sample of a radioisotope has decomposed?
A.
B.
C.
D.

amount of
sample

amount of
sample
C.

2.

5.

Atomic mass has increased.
Atomic mass has decreased.
Nuclear binding energy has increased.
The atom has been transformed into a different
element.

If an isotope of magnesium undergoes beta decay, then
the daughter nuclide will be an isotope of:
A.
B.
C.
D.

B.

t

As a result of a nuclear reaction, a nucleus undergoes a
change in its charge. Which of the following is necessarily
true?

2.5
3
3.5
4

The difference between the actual mass of a nucleus and
the sum of the masses of the protons and neutrons that
form it is called the:
A.
B.
C.
D.

mass defect.
mass number.
atomic weight.
critical mass.

If a nucleus has undergone radioactive decay by emitting
three alpha particles, by how much has its atomic number
decreased?
A.
B.
C.
D.

3
6
9
12
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Passage 2 (Questions 1-5)

1.

The transition metals are characterized by valence electrons
that lie within the d subshell. Those positioned in the third
period of the periodic table, like chromium and iron, undergo
serial filling of orbitals in the 3d subshell and have the general
electron configuration [Ar] 4sx 3dy where [Ar] represents the
electron configuration for the noble gas argon, x is the number
of electrons in the 4s subshell and y is the number of electrons in
the 3d subshell.
For iron in the +3 oxidation state (Fe3+) the electron
configuration is [Ar] 3d5. In transforming from a neutral to a +3
state, the iron atom first loses two electrons from the 4s subshell
and then an electron from the 3d subshell.

A.
B.
C.
D.
2.

In general, transition metals may assume multiple oxidation
states. Although metals tend to form basic oxides (e.g., Na2O)
and nonmetals tend to form acidic oxides (e.g., SO3), transition
metal oxides may be acidic or basic depending on the oxidation
state of the metal. For example, Mn2O7 is highly acidic while
MnO is basic.
This behavior of the oxides, or anhydrides as they are also
known, may be better understood in terms of the elemental
hydroxides. Reaction of the two manganese oxides above with
water takes place as follows:
The difference in behavior between the two oxides and
their hydroxides results from the relative sizes of the M–O
electronegativity difference (∆χΜ−O). When ∆χΜ−O is less than
∆χO–H, the O–H bond has ionic character, and the proton may
dissociate; consequently, the metal hydroxide is an acid. This
type of behavior is observed in metal anhydrides in which the
metal has a high oxidation state (usually greater than +5).
On the other hand, ∆χΜ−O is greater than ∆χO–H, the M–OH
bond has ionic character, and the hydroxide may dissociate;
accordingly, the metal hydroxide is basic. Generally, metal
anhydrides are basic when the oxidation state of the metal is less
than or equal to +4.
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Knowing that the transition metal chromium may assume
the oxidation states +2, +3, +4, +5, or +6, a researcher
attempted to identify the oxidation state of chromium in
an oxide of unknown formula: CrmOn. The compound was
completely dissolved in water and the pH of the resulting
solution was measured to be 6.0. Among the following,
the formula for the experimental CrmOn molecule is most
likely:

The electronic configuration [Ar] 4s2 3d5 corresponds to a
neutral atom of the element:
A.
B.
C.
D.

3.

manganese.
technetium.
chromium.
vanadium.

Based upon closed-shell and half-closed shell
considerations, which of the following metals is the
LEAST reactive?
A.
B.
C.
D.

4.

CrO2.
CrO3.
CrO4.
Cr2O.

Li(s)
K(s)
Mg(s)
Cu(s)

Compounds I and II, two oxides of the same transition
metal, are placed separately into two vessels of aqueous
media. Compound I produces an acidic solution, and
Compound II produces a basic solution. It can be
concluded that the metal–oxide bonding in:
A.
B.

Compounds I and II are nonpolar.
Compound I is more polar than is the bonding in
Compound II.
C. Compound I is more ionic, and the bonding in
Compound II is more covalent.
D. Compound I is more covalent, and the bonding in
Compound II is more ionic.

General Chemistry

5.

Which of the following would NOT be predicted to be
paramagnetic based on the electronic configurations
given?
A.
B.
C.
D.

Sc2+
Mn2+
Co3+
Zn2+

— [Ar] 3d1
— [Ar] 3d5
— [Ar] 3d6
— [Ar] 3d10

Passage 3 (Questions 1-7)
Technetium-99m is an unstable isotope used in medical
imaging. The “m” stands for metastable, meaning the isotope has
a short half-life, but can be isolated. 99mTc decays by a process
known as isomeric transition. A nucleus undergoing isomeric
transition rearranges to a lower energy state and, in doing so,
emits a gamma ray:
99m

Tc → 99Tc + γ

Equation 1
Technetium-99m has a half-life of 6.05 hours; therefore, it
must be specially prepared before its use in a medical imaging
study. Like all radioactive processes, the decay is first order and
described by the following equation, where k is the rate constant:
N = N0e–kt
Equation 2
A solution of 99mTc is injected intravenously into a patient
about 3 hours before the intended imaging study. During this time,
there is a pronounced uptake of the isotope at the target organs.
A specific organ is targeted by the choice of ligand or ligands
bound to the metal ion. In brain imaging, sodium pertechnetate99m (Na99mTcO4) is used, while organic phosphonate complexes
are used for the kidneys, liver, and other internal organs.

1.

The half-life of 42K is 12.1 hours, twice that of 99mTc.
Compared to the rate constant of 99mTc, the rate constant
of 42K will be:
A.
B.
C.
D.

2.

smaller, by a factor of 2.
smaller, but not by a factor of 2.
larger, by a factor of 2.
larger, but not by a factor of 2.

Tc is formed by the decay of 99mMo. What process is
responsible for this transmutation?

99m

A.
B.
C.
D.

α decay
β– decay
β+ decay
Electron capture
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3.

4.

Which term best describes the process in Equation 1?

Passage 4 (Questions 1‑5)

A.
B.
C.
D.

To date an object with an age on the order of a billion
years, one can examine the ratio of U-238 to Pb-206 contained
in the object. U-238 decays to Pb-206 through a series of 13
intermediate nuclei. The rates at which these intermediate decays
occur vary greatly. For example, the first decay, U-238 to Th234 (Reaction 1 below), takes 4.47 billion years, while the third
decay, Pa-234 to U-234, takes just 70 seconds. Overall, it would
take 4.6 billion years for half a sample of U-238 to complete the
series and decay to Pb-206.

Endothermic
Equilibrium
Exoergic
Endoergic

Most of the 99mTc injected into the body is removed by
glomerulonephrofiltration and excreted before it decays.
What fraction of 99mTc has decayed after 5 half-lives have
elapsed?
A. 4/5
B. 15/16
C. 31/32
D. 63/64

In this series of decays, a total of eight alpha particles are
emitted. An alpha particle (α) is composed of two neutrons and
two protons. In the first decay in the series, U-238 is transformed
into an isotope of thorium:
U→

238
92

5.

Tc decays by β– emission to a stable nuclide. What is the
nuclide?

99

A.
B.
C.
D.
6.

Ru
Mo
100
Tc
100
Ru
99
99

Reaction 1
In addition to the eight alpha particles, six beta particles are
also released in the decay series. A beta particle (β–) is an electron
created in, and then ejected from, the nucleus. If a nucleus ejects
a beta particle, it will lose one neutron and gain one proton. The
parent nuclide of Pb-206 is Tl-206:

What is the oxidation state of technetium in sodium
pertechnetate?
A.
B.
C.
D.

7.

+6
+7
+8
+9

Sodium pertechnetate would be predicted to be:
A.
B.
C.
D.

a weak electrolyte.
a strong base.
a reducing agent.
an oxidizing agent.

Tl →

206
81

|
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206
82

Pb + −01 β

Reaction 2
Nuclear decay also produces gamma rays (γ ), which are
high-energy photons. These photons carry energy away from a
nucleus, leaving it in a lower energy state.
(Note: proton mass = 1.0073 amu; electron rest mass = 9.1 × 10–31 kg
1 amu = 931 MeV; 1 eV = 1.6 × 10–19 J.)

1.

Which of the following nuclear decay products would
NOT be affected by a magnetic field?
A.
B.
C.
D.
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Th + 42 α

234
90

α particle
β– particle
β+ particle
γ ray

General Chemistry

2.

In the 238U–206Pb series, two alpha particles are emitted in
the decay of 218Po to 210Pb. How many beta particles were
emitted?
A.
B.
C.
D.

3.

One half of an element will decay to lead in 4 seconds.
How long would it take until only 1/10 of the original
material remained?
A.
B.
C.
D.

4.

10.8 sec
11.5 sec
13.3 sec
16.8 sec

Radium-228 can decay by emitting the following
sequence of particles: alpha, alpha, alpha, beta, alpha, and
beta. The resulting substance is an isotope of:
A.
B.
C.
D.

5.

0
1
2
3

Pb.
Po.
Rn.
Th.

When measuring the mass of all particles involved
in the fusion of two nuclei, 2.2 × 10–31 kg of mass is
unaccounted for. Approximately how much energy must
have been released?
A.
B.
C.
D.

Passage 5 (Questions 1-6)
The unique electronic structure of an atom determines all of
its chemical properties. One of the most exploited properties of
an atom is stimulated photon emission through the use of heat.
Laboratory Bunsen burners have flames that are hot enough
for many atoms and ions to absorb sufficient energy to promote
one of their valence electrons into the next higher energy level,
thus becoming excited. Once excited, the atom or ion will
eventually relax into the ground state, whereby the excited
electron drops back down to its original valence orbital. In order
for the atom or ion to return to the ground state, the excited
electron must emit the same amount of energy it absorbed (the
energy difference between excited and ground states) in the
form of a photon of light. Hence, atoms and ions can impart
characteristic colors to flames, as the emitted photons often
correspond to specific wavelengths in the visible spectrum.
Emitted energy is unique for every element and ion and
thereby serves as a fingerprint. The energetic spacing of the
electron orbitals can be determined by examining the emission
photons of an atom or ion. Although the vast majority of atoms
and ions emit photons of higher energy, some ions emit photons
in the visible region of the spectra and can be seen by human
eyes as glowing a particular color.
The following table lists a few ions that emit bright colors
when strongly heated; these are the ions that are added to a flame
to produce beautiful and entertaining fireworks.
Ion

Observed color when heated

lithium

red

strontium

6.6 × 10–23 J
4.6 × 10–21 J
2.0 × 10–14 J
1.4 × 10–12 J

red

sodium

yellow

barium

green

potassium

violet

copper(I)

blue
Table 1

1.

Which of the following ions from Table 1 has the greatest
energy of excitation?
A.
B.
C.
D.

Sodium
Barium
Potassium
Copper(I)
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There is a direct correlation with atomic size and emission
spectra/color between atoms or ions that have the same
valence structure. Based on the information above, heated
radium ions might appear:
A.
B.
C.
D.

3.

red.
yellow.
green.
violet.

Magnesium metal burns in air with a brilliant white flame.
Why?
A.

Magnesium’s excited state corresponds to the energy
of white photons.
B. Magnesium is undergoing several different
electronic transitions at the same time.
C. Oxygen atoms always emit UV light during
combustion.
D. When heated, magnesium emits x-rays, which
appear white to the human retina.

4.

What color might a tube of heated cesium ions glow?
A.
B.
C.
D.

5.

The reduction of any of the ions in Table 1 with a single
electron would result in a species that is:
A.
B.
C.
D.

6.

|

negatively charged.
paramagnetic.
diamagnetic.
radioactive.

What is a possible electronic structure for an excited Cu(I)
ion?
A.
B.
C.
D.
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Blue
Orange
Green
The emitted radiation is not in the visible region.

[Ar] 4s13d10
[Ar] 3d10
[Ar] 4s23d 9
[Ar] 3d94p1
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Passage 6 (Questions 1-8)
Alpha, beta, and gamma particles are all biologically
destructive to some degree because of their ability to ionize
atoms they collide with. Ionization of compounds in biological systems inevitably results in some type of biochemical
dysfunction, with the ionized molecule typically losing all
useful activity. On the cellular level, limited exposure is rarely
fatal because most damaged molecules can be readily replaced;
however, DNA is an exception. If cellular DNA is struck by
several decay particles, the sustained damaged is usually fatal for
that cell. The destructiveness of ingested radioisotopes may be
graded as: alpha > beta > gamma rays.
However, on occasion, a nonessential portion of the
genetic code may be damaged, hence the genome of the cell
is altered (mutated) without cell death. Note: If the damaged
gene happened to restrict cell replication, the cell may become
cancerous. Cancerous cells are basically human cells that
replicate uncontrollably.
Hazards from external exposure differ drastically, with
the potential biohazard proportional to the penetrability of the
emitted particle. The following chart gives the average depth
of penetration of alpha and beta particles and of gamma rays
through various media.

3
Depth of penetration
(in log mm)

2.

2
1
0

alpha

beta

gamma

The first column is through air, the second
column is through human tissue, and the third
column is through lead. Note: Alpha
particles do not penetrate lead.
The catastrophe at the Chernobyl nuclear power plant in
1986 released vast amounts of highly toxic radioisotopes such as
cesium-137, strontium-90, and iodine-131 into the atmosphere.
All are short-lived radioisotopes, with half-lives of 30 years, 28
years, and 8 days, respectively, and all are beta (β –) emitters.
As these radionuclides settled out of the atmosphere, they
contaminated the water and soil of hundreds of thousands of
square kilometers within the Ukraine and Scandinavia. Today,
nearly one million citizens of the former Soviet Union may be
suffering from some of the physiological effects associated with
chronic radiation exposure.

General Chemistry

1.

What is the minimum thickness of a lead shield required
to prevent all gamma ray penetration?
A.
B.
C.
D.

2.

7.
renal cancer.
thyroid cancer.
bone marrow cancer.
lung cancer.

Xe.
Xe.
136
Ba.
137
Ba.
136
137

Which of the following is the best statement concerning
the depth of penetration of radioactive decay products?

If you examined a patient who has received considerable
radiation burns to their skin, throat, and lungs, you could
conclude that this individual had just been exposed to
high concentrations of:
A.
B.
C.
D.

8.

technetium-99, a gamma emitter.
carbon-11, a positron emitter.
radon-222, an alpha emitter.
tellurium-123, which decays by electron capture.

How many times further does a gamma ray penetrate lead
than does a beta particle?
A.
B.
C.
D.

The daughter nucleus of 137Cs is:
A.
B.
C.
D.

4.

1 mm
3 mm
1m
3m

Ingestion of iodine-131 would dramatically increase the
risk of:
A.
B.
C.
D.

3.

6.

2
3
10
100

Which one of the following materials would be the best
substitute for lead in constructing a barrier to penetrating
gamma radiation?
A.
B.
C.
D.

Iron metal
Gold metal
Nitrogen gas
Argon gas

A.

As the mass of the particle increases, the penetration
depth increases.
B. As the mass of the particle increases, the penetration
depth decreases.
C. As the charge of the particle increases in magnitude,
the penetration depth increases.
D. As the charge of the particle decreases in magnitude,
the penetration depth decreases.

5.

Absorption of strontium-90 is responsible for the
high occurrence of bone marrow cancer following the
Chernobyl disaster. Why?
A.

Strontium is an essential component of hemoglobin,
which is synthesized in the bone marrow.
B. Strontium is chemically similar to beryllium, which
is a major component of bone matrix.
C. Strontium-90 decays into yttrium-90, which is a
stable isotope. Yttrium, being a heavy metal, is then
incorporated into bone matrix.
D. Strontium is chemically similar to calcium and is
incorporated into the bone matrix.
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Passage 7 (Questions 1-8)
Some very large nuclei are so unstable that normal radioactive
mechanisms cannot release enough energy to sufficiently
stabilize the nucleus. In these rare cases, the nucleus elects to
follow a drastic course: it splits into smaller nuclei, a process
termed fission, which produces two daughter nuclei of about
the same mass, several free neutrons, and releases a tremendous
amount of energy. Radionuclides that undergo fission are very
short-lived; once a fissioning isotope is formed, it immediately
undergoes fission.

1.

A.
B.
C.
D.
2.

Fission occurs extremely rapidly, yet the rate of production
of the fissioning nuclei could be slow. For example, nuclear
reactors maintain very low rates of fission by limiting the rate
of formation of the fissioning isotope. Most nuclear reactors
produce fissioning uranium-236 from fissile uranium-235, in
situ, by neutron bombardment, with the neutrons coming from
previously fissioned atoms. A fissile isotope is an isotope that
will become a fissioning isotope following a single neutron
capture. If neutron bombardment is low, the production of 236U is
low, thus ensuring that the fission rate is low.
Nuclear weapons, however, count on rapid, complete fission.
A nuclear explosion results from the almost instantaneous
conversion of all of the fissile isotope to fissioning isotope. For
example, uranium-235 is used in nuclear devices. An initial
source of neutrons converts a few 235U into 236U through neutron
capture. Once formed, 236U undergoes fission immediately,
producing two daughter elements of roughly equivalent mass
(krypton-94 and barium-139), lots of energy, and three neutrons.
These new neutrons, in turn, are captured by another three 235U,
converting them into three new 236U, which immediately undergo
fission, producing more daughter elements, much more energy,
and 3 × 3 = 9 more neutrons.

If plutonium-239 captures a neutron, then the new,
composite nucleus will instantaneously undergo fission.
Based upon the passage, the most likely fission products
would be:

Which of the following graphs best illustrates the trend
of the numbers of neutrons and protons in the nuclei of
stable elements, where N is the number of neutrons and Z
is the atomic number?
A.

N

N
Z

3.

Z
D.

C.

Z

Which of the following statements best explains why
atomic devices produce a nuclear explosion but nuclear
reactors do not?
A.

Nuclear reactors utilize different nuclear fuel than do
atomic weapons.
B. Nuclear reactors possess more concentrated fuel than
do atomic devices.
C. Atomic weapons use more fissionable material than
do reactors.
D. Atomic weapons allow their fuel to reach critical
mass.

Uranium-238, the major naturally occurring isotope of
uranium, is radioactive. If 238U undergoes three alpha
decays and a single beta emission, then the daughter
nucleus will be:
A.
B.
C.
D.
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N
Z

4.

|

B.
N

The process of neutron capture, fission, the release of more
new neutrons, and so on, is called a nuclear chain reaction or
nuclear cascade. This continues if there is enough fissile material
packed tightly together. The minimum amount of fissile required
to maintain a run-away nuclear cascade is called the critical mass.
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carbon-13, radium-225, and two neutrons.
iodine-140 and niobium-99.
xenon-138, zirconium-98, and four neutrons.
uranium-236 and helium-4.

francium-226.
radon-226.
astatine-226.
radon-225.

General Chemistry

5.

A free neutron is radioactive. It will decay via β− emission
with a half-life of 11 minutes. If a sample of contaminated
air has a free neutron concentration of 1560 ppt/cc,
approximately how many minutes would it take for the
neutron concentration to decrease to 15% of its original
value?
A.
B.
C.
D.

6.

If thorium-233 is the only thorium isotope that
spontaneously undergoes fission, which one of the
following isotopes is a fissile?
A.
B.
C.
D.

7.

Th
Th
234
Th
235
Th
232
233

In plutonium-240, the neutron/proton ratio is
approximately 1.5. What is the approximate neutron/
proton ratio of the two daughter products obtained by the
fission of 240Pu?
A.
B.
C.
D.

8.

30
33
35
40

0.75
1.0
1.5
3.0

If the fission products of uranium-236 are krypton-94,
barium-139, and three neutrons, then the precise ratio
of the mass of 236U to the mass of all of these fission
products is:
A.
B.
C.
D.

less than 1.
equal to 1.
greater than 1.
Any of the above is possible.

Passage 8 (Questions 1-5)
Unlike radioactive decay and fission, nuclear fusion involves
combining two small nuclei to form a larger nucleus. Since the
fusion of small nuclei to form larger ones inherently increases the
total binding energy of the system, mass is converted to energy,
and this energy is released to the environment. In fact, because
fusion provides more energy per unit mass than fission does,
intensive research is being conducted to develop the world’s first
fusion nuclear reactor.
Although fusion can occur between any two small nuclei, the
fusion reaction currently being pursued is the following:
3
1

H + 21 H → 42 He + 01 n.

By definition, fusion occurs when two nuclei approach and
bind to one another. However, the repulsive nature of the two
positively-charged nuclei makes this very difficult. Temperatures
in excess of one million degrees are required before the kinetic
energy of the nuclei is sufficiently large to overwhelm this
charge–charge repulsion. Production of such high temperatures
is not very difficult, but their controlled containment is. At these
temperatures, all known materials will completely vaporize
into a plasma. Therefore, fusion reactors are being designed
with magnetic walls, not material ones, with the hope that such
containment bottles will be sufficiently strong to confine the
fusing fuel safely.
The only fusion reactions that have occurred on Earth
have been as H-bomb detonations (“H” stands for hydrogen).
These thermonuclear devices are, in fact, two bombs in one: a
small atomic bomb (fission device, fueled with 235U or 239Pu),
encapsulated by several kilograms of lithium deuteride, the
fusion fuel. Detonation of the fission device provides enough
heat (several million degrees) to initiate the fusion of lithium and
deuterium nuclei, which then increases the explosion’s energy
output by an order of magnitude.

1.

Based on the passage, the ratio of the energy released
by an H-bomb to that released by an atomic bomb is
approximately:
A.
B.
C.
D.

2.
5.
10.
100.
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2.

Consider the following hypothetical fusion reaction:
A + B → C + energy.

		

3.

A host of diagnostic tools conventionally utilized by
radiologists expose patients to moderate levels of radiation and
radionuclides. Techniques that employ potentially harmful types
of radiation are termed invasive. A few commonly used invasive
diagnostic techniques are listed below. Invasive techniques can
be divided into two classes: radiation exposing and radionuclide
exposing. The first two types given below are radiation exposing;
the last three are radionuclide exposing.

The exact mass of C must be:
A.
B.
C.
D.

less than either A or B.
less than A but more than B.
less than A and B combined.
more than A and B combined.

The sun is powered by fusion. The overall solar fusion
reaction is:
H + H + H + H → 4He + 2 X + energy.

		

Identify the missing particle type X.
A.
B.
C.
D.

4.

Alpha particle
Electron
Positron
Neutron

The electrostatic repulsive force, F, is proportional to
charge of the particles squared. If F∝T (temperature),
which of the following graphs best illustrates the
relationship between particle charge (Q) and minimum
fusion temperature (T)?
A.

B.
T

T

Q

T

T
Q

5.

Q
D.

C.

Q

Unlike solar fusion, the fusion reaction currently being
explored by scientists will produce free neutrons. These
neutrons will be:
A.

unaffected by the magnetic field and convert the
materials in the reactor walls to their heavier
isotopes.
B. unable to interact with any matter.
C. effectively contained by the magnetic field.
D. squeezed together to form large nuclei of pure
neutrons.
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Passage 9 (Questions 1-7)

Common X-ray. X-rays are generated by high-energy electron
bombardment of a metal plate. Electron bombardment initiates
electronic transitions within the atoms of the metal, generating
x-rays. The x-ray burst is directed at the target. X-rays easily
pass through soft tissue and clothing. Dense material such as
metal, fibrous connective tissue, and bone will absorb, reflect,
and refract x-rays. X-rays that pass through the target develop
(i.e., darken) the colorless photographic film which lies behind
the patient, producing a negative image.
CAT (Computerized Axial Tomography) Scan. CAT scans are
similar to the common x-ray. The patient is irradiated with sheets
of x-rays that give 2-D cross-sectional images after processing
by an electronic detector. Several images can be combined to
construct a 3-D image.
PET (Positron Emission Tomography) Scan. Prior to PET
analysis, a metabolic nutrient, typically glucose or some amino
acid, is injected into the patient’s circulatory system and is
allowed to permeate the body. The nutrients, which contain
radionuclides such as 11C, 13N, or 15O (all short-lived β + emitters),
concentrate in active tissues. A gamma camera is used to detect
outgoing gamma radiation (produced from the annihilation of
the emitted β + with an electron) from the region of interest. In
addition to a high resolution static image, this technique is useful
in determining tissue activity.
Technetium-99m tracer. 99mTc, a gamma emitter, is
administered intravenously and allowed to permeate the body.
Although technetium is not a nutrient, it is concentrated in cells
where high levels of plasma are being diffused through cellular
membranes. Just as with PET, outgoing gamma rays are detected
by a gamma camera.
Iodine-131 tracer. Positron emitter, analogous to PET.
Technique

Isotope

PET Scan

11

Technetium tracer

99

Iodine tracer

131

Table 1

Half-life

C, N, or O 2–20 min
13

15

mTc

6 hrs

I

8 days

Radionuclide Exposing Techniques

General Chemistry

1.

A patient who has received several PET scans in a
short period of time could have substantially elevated
intravenous concentrations of:
A.
B.
C.
D.

5.

A.
B.
C.
D.

boron-11.
nitrogen-14.
oxygen-17.
calcium-39.
6.

Which of the following diagnostic techniques is the most
appropriate for the detection of highly fluid abdominal
tumors?
A.
B.
C.
D.

Diagnostically, iodine-131 is primarily used to graphically
represent thyroid function over several days. Which of
the following graphs best depicts the intensity of the 131I
signal observed in a patient who ate shellfish (containing
an ample quantity of 127I) on the third day after 131I was
administered?
A.

B.

3

3
D.

signal intensity

C.

days

3
days

4.

radio waves.
x-rays.
ultraviolet light.
gamma rays.

In addition to serving as diagnostic tools, radiation and
radionuclides also find therapeutic applications. Why are
cancerous cells more vulnerable to the effects of radiation
than ordinary cells?
A.

Radiation penetrates the membranes of cancerous
cells with greater ease.
B. The nutrient requirement for cancerous cells is less
than that for normal cells.
C. Cancerous cells actively transport more plasma
through their membranes.
D. The mitotic stages of cancerous cells can be aborted
if radiation levels are low.

signal intensity

days

7.

Thyroid–pituitary
Kidney–liver
Stomach–intestine
Heart–lungs

MRI (magnetic resonance imagery), a form of
NMR (nuclear magnetic resonance), is beginning to
systematically replace the invasive techniques above.
MRI is a noninvasive technique because it relies upon a
powerful magnetic field and:
A.
B.
C.
D.

signal intensity

3.

X-ray
CAT scan
PET scan
Iodine-131 tracer

signal intensity

2.

Which of the following systems would be best studied
using intravenous technetium-99 tracking?

3
days

If a sample of 131I was emitting 20 counts per second (c/
sec) twenty days after being synthesized, what was the
emission rate four days after being synthesized?
A.
B.
C.
D.

10 c/sec
80 c/sec
120 c/sec
240 c/sec
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Passage 10 (Questions 1-8)

1.

The shape and size of an atom is entirely determined by the
types of filled orbitals. Consequently, chemists and physicists
map the atom, keeping track of the exact orbitals which the
electrons happen to occupy at a given time. A simple addressing
system has been adopted to abbreviate the orbital location of any
electron in a given atom.
Quantum numbers result from this coordinate treatment.
They serve as an address of an electron, specifying the shell
(quantum number n), subshell (quantum number ), orbital
(quantum number m), and magnetic spin orientation (quantum
number ms). The four quantum numbers assigned to any electron
are written in this order:

2.

3.

2. The subshell quantum number, , gives the subshell
identity. For a given value of n, the values of  can only be

Note:  = 0 is the s subshell,  = 1 is the p subshell,  = 2 is
the d subshell,  = 3 is the f subshell, etc.
4.

2, 2, 0, – 12

C.

2, 1, –1, + 12

What is the greatest number of electrons with n = 3 that
could exist in an atom?

If the ground state (n = 1) energy for a hydrogen atom
is –13.6 eV, the first excited state (n = 2) is –3.4 eV and
the second excited state (n = 3) is –1.5 eV, what photon
energies would be emitted from one mole of excited
(n = 3) hydrogen atoms?

4. The value of the spin orientation of the electron, quantum
number ms, can take on only two values:
5.

13.6 eV, 3.4 eV, and 1.5 eV
–13.6 eV, –3.4 eV, and –1.5 eV
12.1 eV, 10.2 eV, and 1.9 eV
–12.1 eV, –10.2 eV, and –1.9 eV

Given that one of the quantum numbers for an electron in
an iron atom is –2, identify this electron’s subshell.
A.
B.
C.
D.

m = – , –  + 1, ..., –1, 0, 1, ...,  – 1, .

For example, the four quantum numbers of a 3p electron
would be written as: 3, 1, (–1 or 0 or 1), (+ 12 or – 12 ). Numbers
in parentheses cannot be exactly determined without further
information.

B.

A.
B.
C.
D.

 = 0, 1, 2, ..., n – 1.

ms = +1/2 or –1/2.

1, 0, 0, + 12

A. 9
B. 15
C. 18
D. 30

n = 1, 2, 3, ....

3. Given a value of , the possible values of the orbital
identity quantum number, m, are

A.

D. 3, 0, 0, – 12

n, , m, ms.
1. The principal quantum number, n, is the shell number of
the electron:

Which of the following gives the quantum numbers of a
valence electron in ground state oxygen?

3d
4s
4p
4d

According to the Pauli exclusion principle, if one electron
has the quantum numbers 2, 1, 0, – 12 , then no other
electron in that atom can have the quantum numbers:
A.

2, 0, 0, – 12 .

B.

2, 0, 0, + 12 .

C.

2, 1, 0, – 12 .

D. 2, 1, 0, + 12 .
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General Chemistry

6.

All of the following statements are true EXCEPT:

Passage 11 (Questions 1-6)

A.

Nuclear reactors harness the nuclear energy released by
fission and convert it into electrical energy through the use of
steam turbines. Most reactors utilize diluted 235U as their fuel.
While producing vast amounts of energy, the fission of 235U
generates many different daughter elements, all of which are
highly radioactive. Neutrons are also released during fission,
most of which rapidly collide with and fuse to surrounding nuclei.

the n quantum level may have any integer value
greater than or equal to 1.
B. the magnitude of the electronic spin is constant.
C. the electromagnetic force between the nucleus and
the outermost electrons decreases with increasing n.
D. the quantum numbers for the electron in H+ could be
1, 0, 0, + 12 .

7.

8.

What are the four quantum numbers for the electron
furthest from the Ni nucleus?
A.

4, 2, 1,

1
2

B.

3, 2, 2,

1
2

C.

3, 2, 3,

1
2

D. 3, 3, 3,

1
2

control
rods
primary
coolant

electric
turbine

fuel
rods

reactor core
condenser

Which one of the following statements is NOT true?
A.

The n = 4 shell may be occupied by as many as 32
electrons.
B. The 5f subshell is composed of 14 degenerate
orbitals.
C. The absolute value of the quantum number m may
not exceed the value of .
D. In any atom there are an infinite number of possible
energy levels.

Control rods are present in the reactor in order to absorb
free neutrons. Therefore the atoms which make up these control
rods are gradually converted to heavier isotopes through
neutron capture. These newly formed isotopes are often highly
radioactive, and further add to the contamination of the reactor
core.
Isotope Half-life (if radioactive)
H

stable

H

stable

1

2

H

≈ 12 yr

12

C

stable

13

C

stable

14

C

≈ 5700 yr

19

F

stable

F

≈ 11 sec

Al

stable

Al

≈ 150 sec

3

20
27
28

Table 1
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2.

Approximately how many minutes would it take for a
110 g sample of 28Al to decay to only 25 g?
A.
B.
C.
D.

3.

|

Bromine
Krypton
Rubidium
Strontium

The size of a 235U nucleus is about 10–14 m, and the size of
the 235U atom is approximately 10–10 m. Therefore, if the
nucleus were the size of a marble (≈ 1.0 cm), the atom
would be the size of:
A.
B.
C.
D.

286

6.

a car.
an average house.
a sports stadium.
the Moon.

© The Princeton Review, Inc.

Alpha
Electron capture
Gamma
Positron emission

Which graph best illustrates the concentration of 235U as a
function of time due to its radioactive decay?
B.

A.

The fission of 235U produces 142Ba, three free neutrons, and
one other nuclide. Identify this element.
A.
B.
C.
D.

4.

3
5
8
12

A.
B.
C.
D.

concentration

A. Liquid deuterium
B. 12C
C. 19F
D. 27Al

Vast deposits of 238U in the desert southwest of the United
States radioactively decay. One of the results of this decay
is the production of helium gas in the atmosphere. What
type of decay does 238U undergo?

time

time
D.

C.

concentration

5.

concentration

Based upon the table above, which material would be
best suited for the prolonged neutron bombardment
experienced by a control rod?

concentration

1.

time

time

General Chemistry

Passage 12 (Questions 1-6)

1.

A.

Electronic transitions can only occur in conjugated
molecules.
B. Fluorescent molecules must emit photons of equal or
shorter wavelength than that of the absorbed photons.
C. Fluorescent molecules must emit photons of equal or
greater energy than that of the absorbed photons.
D. Fluorescent molecules must emit photons of equal or
lower frequency than that of the absorbed photons.

Electronic excitation is the process in which a molecule or an
atom may absorb 1 to 1000 eV of energy, whether it is in the form
of electromagnetic, thermal, or kinetic energy. During electronic
excitation, a molecule (or atom) promotes an electron into a
higher energy orbital, a process which destabilizes the molecule,
and occasionally contorts the overall molecular structure. Hence,
it should be no surprise that most molecular excited states usually
have a very short lifetime: less than a second, with some as short
as 10–14 second!
By definition, the process in which an excited molecule or
atom emits one or more photons of light in order to return to its
ground state is called fluorescence. Yet in practice, it is common
to categorize molecules as fluorescent only when such molecules
are emitting photons within visible wavelengths (400–700 nm).

2.

The most common class of fluorescent molecules are
conjugated, organic molecules which absorb UV photons (UV
photons are invisible to the human eye), then emit several visible
photons in order to expel energy in returning to their respective
ground states. An example of one of these type of fluorescing
molecules is fluorecein:

Electromagnetic to kinetic to electric potential to
electromagnetic
B. Electromagnetic to electric potential to kinetic to
electromagnetic
C. Electromagnetic to kinetic to heat to electric
potential
D. Electromagnetic to heat to electric potential to
kinetic

C
fluorecein

O

3.

A fluorecein molecule may absorb a single UV photon
through the excitation of one of its aromatic electrons into a more
energetic molecular orbital. Once excited, the promoted electron
decays back to its original ground state, liberating energy in a
two-step process that emits a green and a yellow photon:

green
photon

absorption of
UV photon
e–

yellow
photon

Fluorecein fluoresces when exposed to radium-226, an
alpha emitter. It is believed that energy is transferred from
the 226Ra nucleus through an alpha particle which excites
the fluorecein molecule via a collision. Once formed, the
excited molecule ultimately expels this energy as two
photons of light. Which of the following best describes
the energy transfers that occur from the decaying 226Ra
nucleus to the fluoresced photons?
A.

O
O

Which one of the following statements is true?

How many sp3 hybridized carbon atoms are there in the
fluorecein molecule?
A.
B.
C.
D.

0
1
2
3

high-energy
excited state
low-energy
excited state
ground state
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4.

All warm bodies lose energy by radiating photons over
a broad range of wavelengths. This process is called
blackbody radiance. The maximum photon intensity, Imax,
corresponds to a frequency of light f that is proportional
to the absolute temperature T of that body: f ∝ T. Which
of the following equations involving the wavelength λ
correctly expresses the solution for the peak emission of a
radiating blackbody?
A.
B.
C.
D.

5.

6.

1s22s22p4
1s22s22p5
1s22s22p2d2
1s22s22p33s1

Which of the following processes cannot induce an atom
in its ground state to fluoresce?
A.
B.
C.
D.

The static x-ray has been the principal diagnostic tool used by
physicians to provide comprehensive images of internal anatomy.
Only recently have non-destructive diagnostic techniques, such
as magnetic resonance imaging (MRI), been widely available to
most physicians.

λ × T = 0.29 cm K
λ × T = 0.29 cm K–1
λ × T = 0.29 cm–1 K
λ × T = 0.29 cm–1 K–1

Identify the configuration of an excited oxygen atom prior
to fluorescence.
A.
B.
C.
D.

Passage 13 (Questions 1-7)

Heating with a flame
Exposure to x-rays
Freezing with liquid nitrogen
Irradiating with a laser

X-ray
source

Photographic film consists of AgBr and AgI crystals fixed on
a transparent plastic resin. All photons with energy greater than
those of infrared cause electrons to cluster in crevices on the
surface of the crystals. Later, when the film is processed, metallic
silver is deposited at these sites. Deposited silver is so finely
divided that it appears black, not metallic. The final product,
called a negative image, has dark areas where the film has been
exposed to light, and transparent areas where no light reached
the film.

The term static used in the first line of the passage means:
A.
B.
C.
D.

2.

© The Princeton Review, Inc.

an image that produces a burst of photons.
a process that causes charges to repel one another.
a process that causes charges to attract one another.
an image that represents one instant in time.

In an x-ray exposure, bone appears white because:
A.
B.
C.
D.

|

photographic
plate

In a conventional x-ray device, the subject is placed between
an x-ray source and a photographic plate. A high voltage
cathode tube is used to produce a burst of x-rays traveling at
3.0 × 108 m/sec that irradiate the subject. High energy photons
(x‑rays and γ-rays) easily travel through matter because atoms are
mostly empty space. Only collisions with the innermost electrons
deflect or absorb x-rays. The remainder of the photons—those
that pass cleanly through the subject—strike the photographic
film.

1.

288

subject

sodium ions absorb lots of x-rays.
calcium ions absorb lots of x-rays.
oxygen ions absorb lots of x-rays.
the iron in hemoglobin absorbs lots of x-rays.

General Chemistry

Passage 14 (Questions 1-7)

A.
B.
C.
D.

Two physicists proposed theoretical models to explain the
structure of the atomic nucleus:

A warning tag containing photographic film would not
indicate exposure to:
A.
B.
C.
D.

5.

Hydrogen
Lead
Uranium
Calcium

Ionizing forms of energy such as x-rays and nuclear
radiation cause cellular dysfunction at the location of
absorbance. Extreme exposure to x-rays might result in a
dramatic increase in the risk of developing:
A.
B.
C.
D.

7.

x-rays.
microwaves.
ultraviolet light.
gamma rays.

Which one of the following elements should be the most
opaque to x-rays?
A.
B.
C.
D.

6.

an oxidation reaction.
a reduction reaction.
a hydrolysis reaction.
an ionization reaction.

bone marrow cancer.
thyroid cancer.
lung cancer.
lymphogenous leukemia.

Following exposure to a burst of γ-rays, a pure sample
of sodium chloride began to exhaust a small amount of
argon. What process did the gamma rays initiate in the
salt?
A.
B.
C.
D.

α decay of sodium
α decay of chloride
β– decay of chloride
β+ decay of chloride

Physicist #1: “Just as with the extranuclear electrons, the
nucleons that compose the nucleus may only exist in one of an
infinite number of discrete energy levels. Therefore, the nucleus
of an atom is quantized in both energy and rest mass.”
Physicist #2: “Particles in a nucleus obey a different set
of physical rules than electrons do. Nucleons may exist at any
energy. Therefore, while the nucleus has a distinct rest mass, it is
not quantized in energy.”
Some time later, an experimentalist attempted to validate one
of these models by measuring the energy of nuclear transitions.
In the first part of the experiment, she measured the kinetic
energy of alpha particles emitted by a sample of thorium-228:

counts per hour

4.

The process AgI(s) → Ag(s) + I–(aq) constitutes:

5.6

106

5.4

105
104
103
102

5.1

energy (MeV)
In the second part of the experiment, she measured the kinetic
energy of β– and β+ particles emitted by a sample of copper-64:
counts per hour

3.

104

β–

103

β+

102
1

2

3

4

5

6

energy in 100’s keV
The particle detector she used had a sensitivity for particles
with energies between 10 keV and 10 MeV.
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1.

Based upon the experimental data, which nuclear model is
more valid?
A.
B.
C.
D.

5.

A.
B.
C.
D.

The first model
The second model
The data support elements of both models.
The data are inconsistent with all elements of both
models.
6.

2.

3.

Given that C is the number of detected alpha particles
emitted by 228Th and KE is their kinetic energy, then the
equation for the dashed line superimposed on the first set
of data should be of the form:

A.
B.
C.
D.

A.
B.
C.
D.

H
Ca
222
Rn
238
U
3

44

The data from the second part of the experiment indicate
that positrons, on average, have more energy than the
emitted electrons because:
positrons have less mass than electrons.
positrons have greater mass than electrons.
electrons are accelerated out of the nucleus by
neutrons.
D. positrons are accelerated out of the nucleus by
protons.

What is the average kinetic energy of 0.1 mol of β−
particles emitted from a sample of 64Cu?
A.
B.
C.
D.
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alpha decay of 64Cu.
β− decay of 64Cu.
electron capture by 64Cu.
γ decay of 64Cu.

Which one of the following nuclides could not have been
used as a source of alpha particles in the first part of the
experiment?

A.
B.
C.

4.

The daughter of the β+ decay of 64Cu is the same as the
daughter of the:

100 keV
250 keV
350 keV
400 keV

© The Princeton Review, Inc.

7.

C ∝ KE.
C ∝ KE–1.
C ∝ ln KE.
C ∝ eKE.

No β− particles having less that 50 keV of energy were
observed by the experimentalist. Why?
A.

The detector is not sensitive to particles having less
than 100,000 eV of energy.
B. β− particles with less than 50 keV cannot escape
from the positively charged nucleus.
C. β− particles of low energy react with electrons in a
matter–antimatter reaction before escaping from the
atom.
D. β− particles have zero mass at low velocities.

General Chemistry

Passage 15 (Questions 1-8)

1.

Vision is facilitated by specialized cells called rods and cones
which line the human retina. While rod cells serve as the primary
photosensor in the eye, color perception is the sole function of
cone cells. Cone cells come in either blue, green, or red types
as determined by the color-sensitive molecule present. In other
words, blue cones contain only blue-sensitive pigment, green
cones contain only green-sensitive pigment, and red cones
contain only red-sensitive pigment.

A.
B.
C.
D.
2.

light absorption
(percent of maximum)

3.

Blue-sensitive pigment
Green-sensitive pigment
Red-sensitive pigment
Cannot be determined from the information given

What is the approximate ratio of the energy of a photon
with the sensitivity maximum wavelength for the red
cone to that for the blue cone?
A.
B.
C.
D.

RED

ORANGE

YELLOW

GREEN

BLUE

VIOLET

Color-sensing pigments are organic molecules that undergo
electronic excitation when exposed to a narrow range of photon
energy. Although each pigment has a maximum sensitivity to
one particular wavelength of light, all three pigments have some
sensitivity towards photons within 50 to 100 nanometers of this
sensitivity maximum wavelength, as shown by the curves below:
Corresponding
band of electromagnetic spectrum:

Which of the following light-sensing pigments has the
greatest energy of excitation?

1:2
2:1
2:3
3:2

A blinking light which first emits photons that stimulate
the red and green cones equally and then emits photons
that stimulate the blue and green cones equally would
appear:

100
B

G

A.
B.
C.
D.

R

75
50
25

4.
400

500

600

700

wavelength (nm)

BLUE cone = B,

GREEN cone = G, RED cone = R

Color is nothing more than the brain’s interpretation of the
relative ratio of the levels of excitation of the blue, green, and red
cones. The brain maintains a library of possible cone excitation
ratios and the colors that are to be assigned to them.
For example, based upon the table above, if a photon of light
excites the blue cone to 90% and the green cone to 15%, then
the brain indicates that the color blue is observed. Likewise, if
a photon of light excites the red cone 100% and the green cone
50%, the color is perceived as being orange. These examples are
highlighted by the dotted lines in the figure above.

red followed by blue.
yellow followed by green.
orange followed by blue.
white all the time.

Which of the following statements is FALSE?
A.

The sensitivity maximum wavelengths of the blue,
green, and red cones do not necessarily correspond
to the colors blue, green, and red.
B. Using an external light source, it is physically
impossible to exclusively stimulate green cones in
the presence of red and blue cones in the human eye.
C. The chemical structure of the red and blue cones is
more similar than that of the red and green cones.
D. No individual photon can excite all three types of
cones equally, hence, no single wavelength of light
can be perceived as being white.

If no message from any cone is received, the brain interprets
the image as being gray, while if all three types of cones are
excited to an equivalent degree, the brain interprets this as being
white.
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5.

Defects in the population of cone cells in humans are
responsible for color blindness. Persons who have no
red cones are called protanopes, and those who have no
green cones are called deuteranopes. (The absence of
blue cones is very rare.) If a protanope and a deuteranope
viewed red, yellow, and purple shirts which are otherwise
identical, how many different colored shirts would they
each see? (Note: In the absence of any cones, photons
in the visible region appear gray due to the additional
sensitivity of rhodopsin present in rod cells.)
A.
B.
C.
D.

6.

Neglecting the participation of rod cells, the color that
should appear the most intense (i.e., the brightest) to the
human eye is:
A.
B.
C.
D.

7.

Protanope: two, deuteranope: two
Protanope: two, deuteranope: three
Protanope: three, deuteranope: two
Protanope: three, deuteranope: three

red.
yellow.
blue.
violet.

Which one of the following statements is true?
A.

Violet light has a longer wavelength than red light,
so it must have a higher energy.
B. Orange photons have a higher frequency than green
photons.
C. If the n = 4 to n = 3 electronic transition of an
element generates yellow photons, then the n = 3 to
n = 2 transition could generate green photons.
D. The electronic transition from n = 0 to n = 1 is an
emission process, while the transition from n = 1 to
n = 0 is an absorption process.

8.

Which of the following color combinations would be
perceived as white light?
A.
B.
C.
D.

Red and violet
Red, yellow, and blue
Red, green, and blue
Red, orange, and yellow

Passage 16 (Questions 1-9)
Protons and neutrons, collectively known as nucleons, are
bound together to form nuclei by the strong nuclear force.
Although this force acts over very short distances only, it is
much stronger than the electromagnetic force, so nuclei are held
together despite the electrical repulsion of its constituent protons.
The number of protons in a nucleus is called the atomic
number, denoted by Z; the number of neutrons is denoted by N;
and the total number of protons and neutrons, Z + N, is called
the mass number, denoted by A. Stable nuclei with low values
of Z tend to have the same (or a slightly greater) number of
neutrons than protons, while stable nuclei with large values of Z
have N > Z. In both cases these excess neutrons help to stabilize
the Coulomb repulsion of the protons, but when Z ≥ 26 they
can contribute to instability since too many neutrons makes the
nucleus susceptible to beta decay.
It has been determined that certain values of Z and/or N can
confer extra stability to a nucleus. These special values are called
magic numbers, the first seven of which are
2, 8, 20, 28, 50, 82, and 126
A nucleus that has a magic number of protons or a magic
number of neutrons is said to be magic and is tightly bound and
usually quite stable. If a nucleus has a magic number of protons
and a magic number of neutrons, it’s said to be doubly magic,
and is very tightly bound, stable, and abundant.
Just as an atom’s electrons occupy quantized energy states,
the nuclear shell model—proposed by the Nobel laureates Maria
Goeppert Mayer and J. H. D. Jensen—says that nucleons also
occupy quantized energy states as they orbit within the confines
of a nucleus. Like electrons in atoms, nucleons fill states in the
nucleus which depend on quantum numbers for energy, angular
momentum, and spin.
The quantum numbers for a nucleon are n, J, and mJ. The
principal quantum number, n, which relates to energy, can take
on positive whole number values only: n = 1, 2, 3, etc. J is the
total angular momentum quantum number and is equal to L + S,
where L is the orbital angular momentum (L = 0, 1, 2,…n – 1)
and S is the nucleon’s spin [S = +1/2 (spin-up) or –1/2 (spindown)]. As in atomic chemistry, spectroscopic notation is also
used for nucleon quantum numbers, so L = 0 is denoted by s,
L = 1 by p, L = 2 by d, L = 3 by f, L = 4 by g, and so on.
Because J = L + S, we see that J can only equal L + 1/2 or
L – 1/2. The allowed values of the magnetic quantum number,
mJ, are from –J through +J, in integer steps, giving a total of
2J + 1 possibilities. For example, for the state 3dJ=5/2, we can have
mJ = –5/2, –3/2, –1/2, 1/2, 3/2, or 5/2, so this state may hold 6
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protons or 6 neutrons. For a given nucleus, therefore, the 3dJ=5/2
states may contain 12 nucleons. A proton and a neutron may
share the same set of quantum numbers, since they are distinct
particles and thus not subject to the Pauli exclusion principle.

1.

I. Oxygen-15
II. Lead-208
III. Iron-50

Nucleons form spin-up/spin-down pairs; even–even nuclei
(that is, nuclei with Z even and N even) always form such pairs
and are very stable. If one of the numbers Z or N is even and
the other is odd, the total nuclear spin (the sum of the nucleons’
spins) is equal to the spin of the unpaired nucleon, and the
nucleus is rather stable. Stable odd–odd nuclei are very rare; in
fact, there are only four: 2H, 6Li, 10B, and 14N.
Figure 1 shows the sequence of the first seventeen energy
levels in the nuclear shell model—that is, the order in which
the highest energy levels of the nucleus are filled—including
the relative magnitudes of the separation between adjacent
energy levels. The numbers on the right in the figure give the
total capacity (number of protons or neutrons) of the level up to
and including the indicated level. Notice how the levels tend to
bunch into groups separated by unusually large gaps when the
number of protons or neutrons is equal to a magic number. For
this reason, these separations are called magic gaps.

A.
B.
C.
D.
2.

3.

4d

6h J=11/2
3s J=1/2
4d J=3/2

82

4.

4d J=5/2
5g J=7/2

Energy

5g

3p
4f

2s
3d

2p

1s

5g J=9/2
3p J=1/2
4f J=5/2
3p J=3/2

50

4f J=7/2

28

3d J=3/2
2s J=1/2

20

3d J=5/2

2p J=1/2
2p J=3/2

8

1s J=1/2

2

5.

0
1/2
4
8

All of the following nuclides—except one—are
radioactive, with a half-life of between 1 and 10 seconds.
Which one is NOT radioactive?
A.
B.
C.
D.

6h

I only
I and II only
I and III only
II and III only

What is the total nuclear spin of an oxygen-16 nucleus?
A.
B.
C.
D.

6h J=9/2

3s

Which of the following nuclei are magic or doubly
magic?

Li
N
20
F
26
Na
8

15

Two nuclides with the same excess number of neutrons
over protons (that is, the same value of N–Z) are called
isodiapheres. Which of the following is an isodiaphere of
68
Zn?
30
A.

67
31

Ga

B.

74
32

Ge

C.

72
34

Se

D.

78
35

Br

Based on information given in the passage, what is the
maximum total number of nucleons that can exist in the
5gJ=7/2 nuclear states in a given nucleus?
A.
B.
C.
D.

8
11
16
22

Figure 1
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6.

A pair of nuclei are said to be mirror nuclei if their
numbers of neutrons and protons are switched; that is,
if the number of protons in one nucleus is equal to the
number of neutrons in the other, and vice versa. What is
the mirror nucleus of magnesium-26?
A.
B.
C.
D.

7.

The mirror nuclei 10Be and 10C are both radioactive; which
one is likely to have the shorter half-life?
A.
B.
C.
D.

8.

Be, because it has more neutrons.
Be, because it has more protons.
10
C, because it has more neutrons.
10
C, because it has more protons.
10
10

In a laboratory experiment, each of the nuclei listed
below—all isotopes of molybdenum—absorbed enough
energy to raise a neutron to the next highest nuclear
energy level. Which one likely required the most energy?
A.
B.
C.
D.

9.

Magnesium-24
Sulfur-26
Silicon-26
Iron-38

Mo
Mo
93
Mo
94
Mo
91
92

Passage 17 (Questions 1-9)
***ADVANCED PASSAGE***
If an atom is irradiated with enough energy, electrons can
be promoted to higher energy levels or ejected from the atom
entirely. An example of this latter phenomenon—electron
ejection—is the photoelectric effect.
If a metal surface is illuminated with light of sufficient
energy, an electron may absorb enough energy to free it from
the metal entirely. An electron ejected in this manner is called
a photoelectron. The kinetic energy of a photoelectron is equal
to the energy of the absorbed photon minus the energy required
to displace the electron from the atom. The minimum amount
of energy required to liberate an electron from the surface of a
metal is called the metal’s photoelectric work function, denoted
φ. Thus, the maximum amount of kinetic energy of the ejected
electrons is equal to the difference between the energy of the
irradiating photons, hf, and the metal’s work function:
KEmax = hf – φ
Equation 1
Different metals have different work functions, typically on
the order of a few electron volts (eV); see Table 1. The threshold
frequency, f0, is the frequency of the irradiating light below
which no photoelectrons are produced. The equation λ0 f0 = c
determines the threshold wavelength, that is, the wavelength of
the irradiating light above which no photoelectrons are produced.
It is easy to show that λ0 = (1240 eV-nm)/φ.

Which one of the following nucleon energy levels is
higher than 3pJ=1/2?
A.
B.
C.
D.

Metal

3dJ=3/2
3pJ=3/2
3sJ=1/2
4fJ=5/2

Cesium (Cs)

Table 1

f (eV)

l0
(nm)

1.94

639

Rubidium (Rb) 2.13

582

Potassium (K)

2.25

551

Sodium (Na)

2.29

541

Lithium (Li)

2.46

504

Copper (Cu)

4.70

264

Work Functions and Threshold Wavelengths

Electrons that are not provided with enough energy to be
either elevated to a higher energy level or ejected remain in their
ground state. That is, an electron cannot absorb a quantum of
energy unless it is large enough to produce one of the two above
effects. For atoms in the gas phase, φ is the first ionization energy,
I1. (Note: Planck’s constant = h = 4.1 × 10–15 eV-s = 6.6 × 10–34
J-s, and 1 eV = 1.6 × 10–19 J.)
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1.

Which one of the following graphs best illustrates the
relationship between the maximum kinetic energy of a
photoelectron and the frequency of the radiation that
illuminates the metal?
A.

4.

A.

No electrons are expelled from either metal because
the incoming radiation has insufficient energy.
B. Electrons are expelled from both metals and have
equivalent kinetic energies.
C. Electrons are expelled from both metals, but those
originating in the rubidium have greater kinetic
energy.
D. Electrons are expelled from both metals, but those
originating in the cesium have greater kinetic energy.

B.
KEmax

KEmax

f
C.

f
D.

KEmax

KEmax
5.
f

2.

f

Sodium is more electronegative than lithium.
The threshold frequency for sodium is greater than
that for lithium.
C. The valence electron of lithium is less tightly
bound than that of sodium due to decreased nuclear
shielding in the lithium atom.
D. The valence electron of sodium is less tightly
bound than that of lithium due to increased nuclear
shielding in the sodium atom.

Which of the following effects would result from
increasing the intensity of the irradiating light (with
λ < λ0) on a given metal surface?
The kinetic energy of the ejected electrons will
increase due to the increased energy of the incident
photons.
B. The kinetic energy of the ejected electrons will be
the same as that of photoelectrons ejected by lower
intensity light, but more electrons will be expelled.
C. The threshold frequency will increase due to the
increased energy of the incident photons.
D. No effect should be observed; the work function is a
constant for a given metal, so the photoelectrons are
unaffected by changing light intensities.

A sample of cesium is illuminated by a source of
monochromatic light. If the electrons that are ejected
from the sample have a maximum kinetic energy of 0.11
eV, what is the frequency of the incident light?
A.
B.
C.
D.

Which of the following best explains why the work
function for sodium is less than that for lithium?
A.
B.

A.

3.

A sample containing a mixture of rubidium and cesium is
irradiated with light of wavelength of approximately
550 nm. Which of the following best explains the effect?

6.

An electron falls from the 4s subshell to the 3p subshell.
Which of the following is most likely to occur?
A.

An absorption of energy and the appearance of a
bright band in the atomic spectrum
B. An emission of energy and the appearance of a
bright band in the atomic spectrum
C. An emission of energy and the appearance of a dark
band in the atomic spectrum
D. An absorption of energy and the appearance of a
dark band in the atomic spectrum

4.0 × 1014 Hz
5.0 × 1014 Hz
4.0 × 1016 Hz
5.0 × 1016 Hz
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7.

The amount of energy required to remove an electron
from an atom increases from left to right across a row in
the periodic table. Which of the following accompanies
this trend?
A.

A decrease in atomic radius and a decrease in
electronegativity
B. A decrease in atomic radius and an increase in
electronegativity
C. An increase in atomic radius and a decrease in
electronegativity
D. An increase in atomic radius and an increase in
electronegativity

8.

Based on the work functions given in Table 1, it can be
inferred that which one of the following elements is the
most reactive?
A.
B.
C.
D.

9.

Copper
Potassium
Cesium
Lithium

Passage 18 (Questions 1‑4)
The term “first ionization energy” is the minimum amount of
energy that an atom in the gaseous state must absorb to release
its outermost electron, thereby creating an ion with a charge
of +1. The “second ionization energy” is the amount of energy
necessary to cause the removal of the second outermost electron
(after the first electron has already been removed), thereby
creating an ion with a charge of +2. If an atom loses enough
electrons to leave the resulting ion with a “stable octet” noblegas electron configuration, the energy necessary to remove yet
another electron will greatly exceed that which was needed to
remove any of the previously displaced electrons.
A series of experiments is conducted involving the apparatus
shown in Figure 1. It consists of an evacuated glass tube with
an electrode situated at each end. Intake and exhaust valves are
located along the upper surface of the tube so that gas may be
introduced into the tube and removed.
gas

In a photoelectric-effect experiment, a sample of copper
is illuminated with ultraviolet light of wavelength 250 nm,
and x photoelectrons per second are emitted. If the copper
is instead illuminated with green light of wavelength
500 nm, how many photoelectrons should be emitted per
second?
A. 0
B. 12 x
C. x
D. 2x

+
A
Figure 1
For each experiment, an elemental gas is introduced via the
intake valve. While the gas remains in the glass tube the potential
difference (voltage) across the electrode plates is gradually
increased. As the voltage increases, it ultimately reaches a
level high enough to provide the gas atoms with energy equal
to their first ionization energy. In such an experimental situation
the voltage that corresponds to the first ionization energy is
termed the “ionization potential.” When the voltage is raised
to a level equal to the ionization potential, gas ions are formed
and a sudden surge of current flow within the tube is noted and
recorded.
For a variety of properties, including electron affinity and
ionization energy, the elements follow well established periodic
trends. For any given element these trends are significant to
chemical behavior and reactivity. Table 1 records measured
ionization energies for several elements.
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Element

First
Second
Ionization Ionization
Energy
Energy
(eV/atom) (eV/atom)

Hydrogen

13.6

Helium

24.6

Lithium

5.4

Nitrogen

14.5

Neon

21.6

Sodium

5.1

Magnesium

7.6

Titanium

6.8

13.6

Iron

7.9

16

As the atomic numbers increase within a given period:
A.

electron affinity decreases and electronegativity
increases.
B. electron affinity decreases and electronegativity
decreases.
C. ionization energies increase and electronegativity
increases.
D. ionization energies increase and electronegativity
decreases.

2.

The voltage in the tube is adjusted to provide the
circulating gas atoms with energy equal to 10 eV. Which
of the following species can undergo ionization?
A.
B.
C.
D.

4.

Table 1
1.

3.

H, He, and Li
H, He, and N
Mg, Ti, and Fe+
Na, Mg, and Ti

Without information like that provided in Table 1, the
experimental device shown in Figure 1 would fail to aid
a researcher in identifying a tested elemental gas because
the researcher would lack which of the following?
A.

A control against which to compare the
electrochemical events within the glass tube and the
hypotheses on which the experiment is based
B. A rational basis on which to draw conclusions
because the electrochemical event could not be
associated with the phenomenon of ionization
C. A reference standard from which to draw
conclusions based on the voltage magnitude at
which the apparatus experiences a current surge
D. A scientifically designed experimental model since
any appropriately controlled study requires a preexisting data base as its premise

Although the second ionization energies for Na and Mg
do not appear in Table 1, it is most likely that the second
ionization energy of Na will be:
A.

less than that of Mg, because its first ionization
energy is also less.
B. less than that of Mg, because Na+ has a smaller
effective nuclear charge than Mg+.
C. greater than that of Mg, because Na2+ is more stable
than Mg2+.
D. greater than that of Mg, because the valence electron
of Na+ is in a 2p orbital, whereas that of Mg+ is in a
3s orbital.
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Passage 19 (Questions 1-5)

3.

Simple organic molecules may differ significantly in their
cohesive properties. The table below lists properties of some
organic molecules.
Substance
Propane, CH3CH2CH3

Mass
(amu)
44

Dipole
Moment*
0.0 D

A.

Increasing dipole moment is associated with
increasing boiling point.
B. Increasing molecular mass is associated with
increasing boiling point.
C. Decreasing dipole moment is associated with
increasing molecular mass.
D. Decreasing molecular mass is associated with
decreasing dipole moment.

Boiling
Point**
231 K

Dimethyl ether, CH3OCH3 46

1.3

249

Methyl chloride, CH3Cl

50

2.0

259

Acetaldehyde, CH3CHO

44

2.7

293

Acetonitrile, CH3CN

41

3.9

355

4.

*Dipole moment increases with increasing charge separation
and/or distance between charges.
**Determined at 1 atm pressure

hydrophobic bonding to saturated alkanes.
covalent bonding between two of its sp3 orbital
electrons and two hydrogen electrons.
C. covalent bonding between two of its sp3 orbital
electrons and two sp3 carbon electrons.
D. covalent bonding between two of its d orbital
electrons and two sp carbon electrons.

At room temperature, propane exists as a gas and has a
molecular structure which shows freedom of rotation about the
two carbon–carbon bonds.

1.

Compared to propane, nonane (a nine-carbon alkane) is:
A.

less likely to be a liquid at room temperature
because of the increased freedom of rotation about
carbon–carbon bonds.
B. less likely to be a liquid at room temperature
because of its longer carbon chain.
C. more likely to be a liquid at room temperature
because of the increased freedom of rotation about
carbon–carbon bonds.
D. more likely to be liquid at room temperature because
of its longer carbon chain.

2.

Under which condition is the normal boiling point of
dimethyl ether determined?
A.
B.
C.
D.
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An external pressure below 760 torr
An external pressure at 760 torr
An external pressure above 760 torr
A temperature below 249 K

© The Princeton Review, Inc.

The central oxygen in dimethyl ether (CH3OCH3) most
likely demonstrates:
A.
B.

Table 1

Propane is a three-carbon member of the group of alkane
hydrocarbons. Alkanes with fewer than three carbons have
boiling points lower than –44°C. Alkanes with more than three
carbons demonstrate increasing boiling point temperatures with
each added carbon atom.

Which of the following statements best applies to the
compounds listed in Table 1?

5.

Propane gas collected over water at room temperature
does not exert fully 100% of the gas pressure in the
collecting tube, because part of the contribution to gas
pressure in the tube:
A.
B.
C.
D.

is lost in the form of CO2.
is lost through propane vaporization.
derives from the liquid phase of propane.
derives from the vapor pressure of water.

General Chemistry

Passage 20 (Questions 1-6)

1.

The size of an atom or ion depends upon the domain of the
outermost valence electrons. Advancing through the periodic
table, atoms increase in size as new electronic shells begin to be
filled; however, the orbital extent of subshells within the same
shell are approximately equal. Therefore, filling the np or nd after
the ns has been filled does not increase the size of the atom, but
placing electrons in the n+1 shell [(n+1)s, (n+1)p, etc.] would
substantially increase the size of the atom.

A.

Due to their smaller size, it is more difficult to
prevent potassium ions from passing across the
membrane than sodium ions.
B. Chloride ions are often mistaken for sodium ions
because they have similar sizes.
C. Since membranes are less permeable to larger ions,
sodium ions will leak through the membrane faster
than potassium ions.
D. Calcium ions are larger than either sodium or
potassium ions.

Since subshells in the same electronic shell have the same
orbital domain, atomic sizes in a given periodic row would be
expected to remain relatively constant, with increasing electronelectron repulsion swelling the atom slightly. Yet on the contrary,
elements in the same period decrease in size proceeding from left
to right since the increasing nuclear charge draws the electrons
closer to the nucleus.
The addition or removal of electrons from a neutral atom has
a drastic effect upon the final size of the ion.

2.

Based on the information in the passage, which one of the
following atoms has the smallest radius?
A.
B.
C.
D.

Anions have more electrons than protons. Consequently, each
electron experiences less nuclear charge, hence can orbit further
away from the nucleus. The addition of an electron to an atom
can increase its final size by as much as sixty percent.
On the other hand, cations have more protons than electrons,
and therefore the electrons experience more nuclear charge and
are reeled in closer to the nucleus. The diameter of a singlycharged cation is typically forty percent smaller than that of the
corresponding neutral atom.

Cellular membranes are selective towards sodium and
potassium ions. Given that transmembrane channels
(which are sensitive to ionic size) can discriminate
between these ions, thereby actively transporting or
excluding these ions at will, which one of the following
statements is true?

3.

A sulfur atom has a radius of about 1.0 angstrom (Å). If
every additional electron increases the previous atomic/
ionic size by thirty percent, what is the size of a sulfide
ion?
A.
B.
C.
D.

Removal (or addition) of a second electron from (or to)
an ionic species will affect the previous ionic size in the same
manner as did the removal (or addition) of the first electron. As
such, highly charged ions are either very large or very small.
4.

Oxygen
Lithium
Fluorine
Helium

1.3 Å
1.6 Å
1.7 Å
2.0 Å

Based upon the fact that the diffusion rate of ions through
a cell membrane is inversely proportional to the size of
the ion, which one of the following ions would passively
pass through a cell membrane most easily?
A.
B.
C.
D.

Ca2+
Cl–
H+
Ba2+
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Identify the graph that best illustrates the trend of atomic
size based upon atomic number, Z.

Passage 21 (Questions 1-6)

A.

An isolated atom can undergo one of two processes: either
the removal of or the capture of, an additional valence electron.
Both ionization and electron capture are energetically favorable
when either of these processes would result in the formation of
a closed-shell configuration. Alternatively, these processes are
energetically costly when pre-existing closed-shell stability is
compromised. Ionization is always an endothermic process:

size

B.

size

5.

Z

Z
C.

D.

size

size

atom + energy → cation + e–

Z

Z

Ionization energy is primarily a function of atomic size.
However, variations in shell stability of the initial versus ionized
species have second-order effects.

6.

Some toothpastes include strontium nitrate as an active
ingredient because strontium ions can competitively bind
to enzymes crucial for transmittance of sensory nerve
impulses. These toothpastes therefore reduce the pain
associated with sensitive gums. The ion that strontium is
mimicking in the enzymatic cleft is:
A.
B.
C.
D.

H+.
Ca2+.
acetylcholine.
F–.

First Ionization Energy (kJ/mol)

He
Ne
2000
Ar
1500
1000
500

Li

Na
5

10

K
15

20

25

30

Atomic Number
The energies required to ionize successive electrons in
a single atom are more difficult to predict. Atoms no longer
obey the periodicity displayed above after the first ionization
energy. However, it becomes more and more difficult to remove
successive electrons due to the increasingly stronger electrostatic
attraction of the nucleus.
In contrast to ionization, the initial capture of one additional
valence electron is usually an exothermic process:
atom + e– → anion + energy
The energy associated with this capture is referred to as the
electron affinity of that atom. Electron affinity follows the same
general trend as ionization energy. As with ionization energy,
periodicity is obscured with successive additions of electrons to
an anion.
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General Chemistry

Successive Ionization Energies (kJ/mol)
1
H

2

3

4

5

3.

6

A.
B.
C.
D.

1310

He 2370 5220
Li

520 7300 11,810

Be

900 7150 14,850

21,000

B

800 2430

3660

25,020

32,820

C

1090 2350

4620

6220

37,820

47,260

4.

Table 1

first e– second e–
H

–72

large positive

O

–142

+844

F

–344

large positive

5.

Table 2

6.
What is the periodic trend of ionization energies for the
elements?
A.
B.
C.
D.
2.

Decreases to the right, increases downwards.
Increases to the right, increases upwards.
Increases to the left, decreases upwards.
Increases to the right, increases downwards.

Which one of the following best explains the drastic
change in the nature of the electron affinity of O– as
opposed to that of atomic oxygen?

[Ar] 4s23d 9
[Ar] 4s23d 84p1
[Ar] 4s23d10
[Ar] 4s13d10

Which one of the following species has the most negative
electron affinity?
A.
B.
C.
D.

As Table 2 indicates, the addition of successive electrons
can completely contrast the initial capture and become an
endothermic process.

Helium
Oxygen
Fluorine
Hydrogen

Given that the electron configuration of nickel is [Ar]
4s23d 8, what would be the electron configuration of the
Ni– ion?
A.
B.
C.
D.

Electron Affinity (kJ/mol)

1.

Which one of the following atoms has the least tendency
to gain another electron?

K+
Be3+
O–
O2–

Why is the ionization energy of fluorine greater than that
of lithium?
A.

The valence 2d electrons of fluorine are more stable
(have less energy) than the 2s electrons of lithium.
B. The fluorine electrons have more energy levels
to reach before n = infinity than do the lithium
electrons.
C. The valence electrons of lithium are farther from the
nucleus than are the valence electrons of fluorine.
D. All of the above.

A.

The second electron completes the octet of the
oxygen ion, thereby releasing more energy than the
initial electron.
B. The electrons are more tightly held by the smaller O–
ion than to the original large O atom.
C. Electrostatic repulsion makes it difficult to combine
two particles with the same charge.
D. Electrons can be found within the nucleus.
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Passage 22 (Questions 1-8)

1.

Oxygen transport in multicellular animals is facilitated by
specialized oxygen-bearing proteins. One feature common to
all oxygen-bearing proteins is the utilization of transition metal
ions in the protein binding site. Some transition metal ions have
a unique ability to form weak covalent bonds with molecular
oxygen. Oxygen-metal covalent bonds must be weak to ensure
the reversibility of binding. Other molecules, like cyanide and
carbon monoxide, form strong covalent bonds with transition
metal ions. As a result, exposure to CN– or CO is often fatal for
anaerobic organisms.

A.
B.
C.
D.
2.

3.

H
H
O

His
His
His

His

O
Fe

Fe His
O
O
His
O
O
C
C
Asp
Glu
Fe

O2

His
Fe
His
O
O
His
His
O
O
C
Asp
C
Glu

deoxyhemerythrin

4.

oxyhemerythrin

The metal ions are coordinated to five histidine residues, and
in this way, are anchored to the parent protein.

A.

His
Cu

O2

His

His

O
Cu

oxyhemocyanin

His
His

Amino acid structures:
Glutamic acid (Glu) Aspartic acid (Asp)
O

O
H3 N

CH

C=O

CH2
N
NH
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H3 N

CH

C=O

cysteine
CH2
SH

C.

His

Histidine (His)

B.

OH

His
Cu
His
O

deoxyhemocyanin

tyrosine
CH2

His

His
Cu
His

ionic bonding.
dipole–dipole interactions.
metallic bonding.
coordinate covalent bonding.

Which of the following amino acid residues CANNOT
form a coordinate covalent bond with a transition metal
ion in a protein?

Hemocyanin is another oxygen-storage protein that is found
in insects. Although it is similar to hemerythrin in gross structure,
hemocyanin utilizes a pair of copper ions in its binding site. In
the oxy form, molecular oxygen bridges the copper ions.
His

Trigonal planar
Trigonal pyramid
Tetrahedral
Square planar

The force binding the oxygen in hemerythrin and
hemocyanin is best described as:
A.
B.
C.
D.

O

Lewis acid.
Lewis base.
oxidant.
reductant.

What is the geometry of the copper ions in
oxyhemocyanin?
A.
B.
C.
D.

Hemerythrin is an oxygen-storage protein found in marine
invertebrates. The protein active site consists of a pair of iron
ions which are bridged by an oxygen atom and two carboxylate
groups.
O

When oxygen is binding to the iron atom in hemerythrin,
it is acting as a(n):

O
H3N

CH

(CH2)2

CH2

C=O

C=O

O

O

C=O

phenyl
alanine
CH2

D.

serine
CH2
OH

General Chemistry

5.

Which one of the following statements is NOT true?

Passage 23 (Questions 1-7)

A.
B.

Urea is a metabolic waste product of protein oxidation in
mammals.

Hydrogen bonding helps to bind O2 in hemerythrin.
The O to O bond distance decreases when O2 is
bound to hemocyanin.
C. Carbon dioxide doesn’t destroy metalloproteins.
D. The charge distribution in the carboxylate group
COO– is distributed evenly between both oxygens.

6.

B.
C.
D.

C

O

C

O

C

O

C

O

The dihedral angle of the Cu—O—O bond is:
A.
B.
C.
D.

8.

H2N

less than 90°.
equal to 90°.
between 90° and 120°.
greater than 120°.

C

NH2

Urea (Structure A)

Identify the most reasonable resonance structure for
carbon monoxide:
A.

7.

O

In humans, urea is removed from the body while dissolved in
urine and perspiration. Urea has little metabolic use to mammals
because it has a low amount of usable bond energy. Internal
resonance is responsible for the molecule’s low energy and high
stability.
O
C

H2N

O

Urea
(Structure A)
NH2

Urea (Structure B)

H2N

C

NH2

Urea (Structure C)

Nitrogen has the ability to donate its pair of nonbonding
electrons to the formation of a fourth covalent bond. In urea,
these electrons give rise to a second covalent bond (π bond) with
the carbon atom. Simultaneously, the oxygen atom withdraws
the π electrons in the C=O bond and places them within a third
nonbonding orbital.

The geometry of both iron ions in oxyhemerythrin is:
A.
B.
C.
D.

octahedral.
square planar.
trigonal bipyramid.
hexagonal.

1.

What are the charges of the oxygen and π-bonded
nitrogen, respectively, in Structure C?
A.
B.
C.
D.

2.

–1, 0
–1, +1
+1, –1
+1, 0

Which one of the following statements is true?
A.
B.

Urea may extensively hydrogen bond with water.
The carbon atom in urea may participate in five
bonds simultaneously.
C. The π bonding electrons in the carbon–oxygen bond
are used to form a carbon–nitrogen π bond.
D. Structure A is the most stable resonance structure of
urea because nitrogen has a higher electronegativity
than oxygen.

© The Princeton Review, Inc.
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3.

What is the hybridization of the oxygen atom in
Structures A and B?
A.
B.
C.
D.

4.

Aromatic compounds, such as benzene, are susceptible to
attack from atoms or molecules having some positive charge
(called electrophiles). For example, benzene reacts with a
mixture of nitric acid and sulfuric acid to form the initial product
nitrobenzene:

H

The shape of urea is:
A.
B.
C.
D.

5.

sp and sp
sp and sp2
sp2 and sp3
sp3 and sp4

Passage 24 (Questions 1-7)

trigonal planar.
trigonal pyramid.
trigonal bipyramid.
always changing.

A theoretical chemist once postulated that urea existed
entirely as Structure A, and that Structures B and C never
occurred. Later, an experimental chemist disproved this
suggestion by measuring the actual bond lengths in urea.
What did the experimentalist find?
A.

The carbon–oxygen and carbon–nitrogen bonds
were shorter than those predicted by the theoretical
chemist.
B. The carbon–oxygen bond was shorter, and the
carbon–nitrogen bond was longer, than those
predicted by the theoretical chemist.
C. The carbon–oxygen and carbon–nitrogen bonds
were longer than those predicted by the theoretical
chemist.
D. None of the above

H

H

H
H

7.

carbohydrate.
lipid.
fatty acid.
amino acid.

What is the mass percent of carbon in urea?
A.
B.
C.
D.

15%
20%
25%
33%

NO2
H

H

nitrobenzene

benzene

The reaction intermediate is stabilized by resonance; the
three resonance structures for the intermediate are:
NO2

NO2

NO2

H

H

H

For more complex molecules, electrophilic substitution to
a functionalized benzene system is strongly influenced by the
nature of the ring substituent; the location of electrophilic attack
(regioselectivity) and rate of substitution depend upon the type of
ring substituent. For example, the presence of the hydroxy group
in phenol provides a fourth resonance structure to the reaction
intermediate. As a result, when present, the OH group activates
the ring to further substitution.
resonance structures
Y+

HO

Urea represents the oxidized fragment of a(n):
A.
B.
C.
D.

H

H

HO

phenol
6.

H

H

HNO3 and H2SO4

HO

Y

–H+

HO

para-Y-phenol

Y

HO

H
Y

HO

H

Y
H
Y
H

However, the fourth resonance structure is only accessible
when the addition is to the 2 (ortho) or 4 (para) position.
Other groups strongly inhibit electrophilic addition by
destabilizing the resonant intermediates. In nitro benzene, the
nitro group deactivates the ring to further addition. The presence
of the deactivating group has the least effect upon the 3 (meta)
position, so whenever addition does occur, it occurs with this
regioselectivity.

Y
NO2
nitrobenzene

304

|

© The Princeton Review, Inc.

Y+
∆

NO2
meta-Y-nitrobenzene

General Chemistry

1.

Identify the molecule which is responsible for attacking
benzene to make nitrobenzene.
A.
B.
C.
D.

2.

4.

NO3–
NO2–
NO2+
SO3+

Ortho-nitrophenol experiences less intramolecular
hydrogen bonding because the hydroxy and nitro
group are on opposite sides of the ring.
B. Ortho-nitrophenol experiences less intermolecular
forces because the hydroxy and nitro groups do not
interact via intramolecular hydrogen bonds.
C. Ortho-nitrophenol experiences less intermolecular
forces because the hydroxy and nitro groups have a
strong intramolecular hydrogen bond.
D. Neither molecule can experience hydrogen bonding.

Trigonal planar
Trigonal pyramid
Tetrahedral
Bent

Most often, ortho-para directing groups have an atom
with nonbonding electrons directly attached to the
aromatic ring. Based upon this trend, which one of the
following benzene derivatives is meta-directing?
A.

H2N

C.

H3CHN

NH2

CH3

B.

HO

D.

HOOC

B.

O
C–OH

O
C–OH

O
C–OH
		

D.

The nitrification of toluene, C6H5CH3, produces two
products, ortho-nitrotoluene and para-nitrotoluene. An
equal mixture of these compounds should melt at a
temperature:
A.

equal to the average of both compounds’ melting
points.
B. greater than the melting point of either pure
compound.
C. lower than the melting point of either pure
compound.
D. lower than the melting point of ortho-nitrotoluene
but higher than that of para-nitrotoluene.

COOH

		
C.

6.

F

Which one of the following is NOT a legitimate
resonance structure for benzoic acid, C6H5COOH?
A.

Which one of the following statements correctly explains
why ortho-nitrophenol has a lower melting point than
para-nitrophenol?
A.

What is the shape of the nitrate ion?
A.
B.
C.
D.

3.

5.

7.

During an electrophilic substitution reaction, what are the
initial, the intermediate, and the final hybridizations of the
ring carbon that is being attacked?
A.
B.
C.
D.

sp2, sp2, sp2
sp2, sp2, sp3
sp2, sp3, sp2
sp3, sp3, sp3

O
C–O
H
H
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Passage 25 (Questions 1-7)

1.

Several different toxic substances can be found under
the average kitchen sink. Oven cleaners and clogged-drain
cleansers are effective at dissolving organic matter such as oven
grease (which is just fat), hair, and skin because they contain
concentrated sodium hydroxide. Just like all aqueous strong
bases, sodium hydroxide hydrolyzes the peptide and ester
linkages present in proteins and fats.

A.

If each iron ion in hemoglobin can only bind to one
ligand at a time, every hemoglobin molecule must
contain four iron centers.
B. Peptide bonds link together amino acids.
C. An ester is composed of a fatty acid part and an
amine part.
D. Fat and protein hydrolysis can occur in the presence
of water.

O

H O
R—N—C—R2
peptide bond

R—NH2

–

O—C—R2

free amino acids

–

OH(aq)

O
2

2.

O
3

R —O—C—R
ester linkage

2

The electron density around nitrogen is reduced in
chloroamine compared to ammonia.
B. Chlorine donates electron density to the nitrogen
atom in chloroamine.
C. Chlorine acts as the Lewis base in chloroamine.
D. Since chlorine atoms are much larger than hydrogen
atoms, ammonia experiences less steric hindrance in
coordination complexes.

R —OH O—C—R3
free glycerol and fatty acid

Ammonia, a gas at room temperature, can be highly toxic
when inhaled because of its basic properties. In addition, it
is a strong ligand capable of displacing diatomic oxygen from
hemoglobin in a manner similar to that of carbon monoxide.
4 NH3(g)
+

4 O2(g)
+

Hb·4 O2(aq)

Hb·4 NH3(aq)

Yet most household deaths that involve chemicals are due
to the toxic gases formed when bleach and ammonia are mixed
together. Highly insidious vapors, seeded with hydrazine:
H2NNH2, chloroamine: ClNH2, and hydrogen chloride: HCl, are
released from the solution.
nNaOCl(aq) + nNH3(aq)

H2NNH2(aq) + ClNH2(aq) + HCl(aq)

|
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An experiment demonstrates that chloroamine is a
stronger ligand than ammonia. Why might this be so?
A.

–

Household bleach is a 5% by mass solution of sodium
hypochlorite (NaClO) and water. The hypochlorite ion is a
mild oxidizing agent and toxic when taken internally. Low
concentrations of chlorine gas may also be found dissolved in
bleach solutions.

306

Based upon the passage, which one of the following
statements is INCORRECT?

3.

Ammonium chloride is also formed when bleach and
ammonia are mixed together. What is the phase of pure
ammonium chloride at room temperature?
A.
B.
C.
D.

4.

Solid
Liquid
Gas
Plasma

An electrolyte is a compound that dissociates and yields
ions in solution. Which of the following compounds are
NOT electrolytes?
I. Hydrazine
II. Chloroamine
III. Hydrogen chloride
A.
B.
C.
D.

I only
I and II only
II only
II and III only

General Chemistry

5.

Which one of the following statements is true?

Passage 26 (Questions 1-7)

A.

Many of the most essential proteins in humans employ
transition metal complexes in their active sites. Iron, as the
ferrous ion iron(II), is the predominant transition metal used in
human proteins. In fact, higher organisms have evolved a class
of unusual ligands called porphyrins to enhance the versatility of
iron’s chemistry.

Oxygen is a better Lewis base than either ammonia
or CO.
B. Hydrazine experiences dipole interactions, not
hydrogen bonds.
C. Hydrazine cannot act as a ligand.
D. At room temperature, the vapor pressure of ammonia
is greater than 760 torr.

6.

The shapes of ammonia and chloroamine are identical.
Which one of the following molecules will also have a
trigonal pyramid shape?
A.
B.
C.
D.

Hypochlorous acid, HOCl
HCl
Iodine trifluoride, IF3
Hydronium ion, H3O+

One example of a ferroprotein is hemoglobin. The oxygen
binding site in hemoglobin is a heme unit consisting of a
porphyrin ligand, protoporphyrin IX, bound to a ferrous ion:

protoporphyrin IX

N

HN

NH
7.

The formal charges of the atoms in the hypochlorite ion
ClO– are:
A.
B.
C.
D.

N
COOH

HOOC

+1 for chlorine, –2 for oxygen.
–1 for chlorine, 0 for oxygen.
0 for chlorine, –1 for oxygen.
–1/2 for both atoms.

+ ferrous ion – 2 H+
2+
heme unit
N

N

Fe
N
HOOC

N
COOH

In hemoglobin, each heme unit is nestled in a parent protein
to which it is anchored by a single coordinated histidine residue;
oxygen binding occurs at the sixth open coordination site.
The chemistry of the porphyrins is unusual. Porphyrins
are fully-conjugated, flat tetradentate ligands. Their extensive
conjugation allows them to undergo electronic transitions at
visible wavelengths that give porphyrins intense color. The heme
unit strongly absorbs green light (λ = 550 nm) and is responsible
for the coloration of the blood. Colors come in opposite pairs,
red-green, orange-blue, and yellow-violet. Depletion of one of
the colors in a pair will intensify the perception of the other color
in the pair.
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1.

Protoporphyrin IX has three absorbances in the visible
region, with the most intense one at λ = 405 nm. What
color is protoporphyrin IX?
A.
B.
C.
D.

2.

3.

|

tetrahedral.
spherical.
square planar.
octahedral.

Classify the reaction type between a ferrous ion and
protoporphyrin IX.
A.
B.
C.
D.

308

Less than 6
Equal to 6
Greater than 6
Cannot be determined

The configuration of the coordinate covalent bonds
around the iron ion in heme is:
A.
B.
C.
D.

5.

K+
Fe3+
Cu2+
Mg2+

A laboratory technician prepared 0.10 gram of heme
solution from protoporphyrin IX and ferrous nitrate, as
illustrated in the passage. If the initial pH of the solution
was 6, what was the final pH of the solution?
A.
B.
C.
D.

4.

Green
Blue
Violet
Yellow

The ferrous ion fits snugly inside protoporphyrin’s “donut
hole”. Among the following four, identify the ion that
cannot form a protoporphyrin-metal complex due to
excessive size.
A.
B.
C.
D.

6.

Precipitation reaction
Lewis acid–base reaction
Oxidation–reduction reaction
Single displacement reaction

© The Princeton Review, Inc.

Another important heme protein is catalase, an enzyme
which oxidizes oxygen atoms in highly reactive
compounds. Which of the following reactions could be
catalyzed by catalase?
A.
B.
C.
D.

7.

O2 → 2 H2O
O2 → 2 O2–
H2O2 → O2
H2O2 → 2 H2O

Some evidence indicates that while coordinated with the
iron in the heme unit, diatomic oxygen is also being held
in the protein through a hydrogen-bonding interaction
with an amino acid residue protruding from the parent
protein. Which one of the following amino acid residues
is a possible candidate?
A.

phenylalanine

B.

alanine

CH3
		
C.

cysteine

D.

tyrosine

SH

		

OH

General Chemistry

Passage 27 (Questions 1-5)

1.

Radicals are a class of chemical species that have an
odd number of electrons. As their name implies, radicals are
extremely reactive due to chemical tendencies driven by their
unpaired electron. In humans, enzymes have been discovered
that actually produce radicals for cellular defense and neural
transmission. Yet even with this discovery, the preponderance of
in vivo radicals are unwanted toxins produced as a by-product of
everyday cellular metabolism.

A.
B.
C.
D.
2.

3.

Radicals readily react with atoms or molecules having lone
pairs of electrons or extensive π (double-bond) systems.
R +

Cl

R +

Radicals have atoms that are highly charged.
Radicals always involve highly electronegative
atoms.
C. Radicals have an atom without an octet.
D. The net electron magnetic spin in a radical is zero.

Cl

Most cancerous cells are believed to arise when radical
species inadvertently attack and disable the gene that limits cell
replication. Once this gene is turned off, the cell reproduces
uncontrollably and loses all useful function for the parent
organism. So in some respects, the term carcinogen is analogous
to the term radical-maker.
However, healthy cells are equipped with enzymes and
molecules that can quench radicals before they do any harm. One
class of molecules, called carotenoids are adept at reacting with
radicals to form much less reactive species.
A carotenoid (vitamin A)
CH3

CH3
CH2OH

CH3

+

very reactive radical

According to the passage, radicals can also be classified
as strong:
A.
B.
C.
D.

5.

reductants.
oxidants.
electrolytes.
Lewis bases.

Why is the vitamin A radical so much more stable than
the hydroxyl radical?
A.

The hydroxyl radical has less energy than the
vitamin A radical.
B. The hydroxyl radical has a greater molecular mass.
C. The hydroxyl radical is not stabilized by internal
resonance.
D. The hydroxyl radical is not very soluble in the
aqueous medium within cells.

OH

CH3

CH3

Why are radical species very reactive?
A.
B.

4.

CH3

sp
sp2
sp3
none of the above

R +

R +

CH3

N2O
OCl2
H2O2
BrO3

If all the dihedral bond angles in •CH3 are 120°, what is
the hybridization of the carbon atom?
A.
B.
C.
D.

Most frequently produced in vivo free radicals:
nitric oxide, NO
hydroxyl radical, OH
peroxyradical, HO2
nitrogen dioxide, NO2

Which one of the following molecules is a free radical?

CH3
CH2OH

CH3
CH3

+

less reactive radical

OH
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Passage 28 (Questions 1-6)

1.

A.
B.
C.
D.

Upon solidification, the molecules of a few substances do
not align themselves into a regular, crystalline arrangement, but
instead remain disorganized. Compounds of this type are called
amorphous solids, an example of which is silica glass.
Ideally, silica glass may be obtained from melting quartz
sand, SiO2, and then allowing the melt to solidify. However, in
practice, glass is not made in this fashion because the melting
point of quartz sand is nearly 2000 K. Instead, a variety of
inorganic salts may be added to silica to reduce its melting point
to a more manageable 1000 K.
Glass type
soda-lime-silica

borosilicate

B2O3

Silica glass is resistant to all common acids except
hydrofluoric acid (HF), which reacts with the glass to
form H2O and a film of SiF4. Silicon tetrafluoride is:
A.
B.
C.
D.

3.

(very few)

The most inexpensive and widely produced glass is sodalime-silica (SLS) glass. While soda ash (Na2O) and lime (CaO)
are not additives in SLS glass, they are produced, in situ, by the
thermal decomposition of sodium and calcium carbonate when
the glass is molten. One of the limitations of SLS glass is that this
material expands and cools unevenly. Therefore, when exposed
to sudden temperature fluctuations, SLS glass tends to shatter.
Alternative glasses are used in these situations. Glasses such
as borosilicate glass (Pyrex®) and Vycor® experience minimal
deformation with temperature change and are extremely resistant
to the stresses associated with heating and cooling.

4.

soda-lime-silica

15.0

A.
B.
C.
D.

lead crystal

16.0

borosilicate

6.1

Vycor®

1.4

5.

© The Princeton Review, Inc.

CuO
FeO
TiO2
Mn2O3

Based solely upon their relative intermolecular attractions,
which one of the following ionic solids might have the
highest melting point?
Na2O
BaO
KF
AgCl

Which one of the following is NOT characteristic of
heating borosilicate glass?
A.
B.
C.

The density of the glass decreases.
The average molecular mass of the glass decreases.
The amount of intermolecular spacing in the glass
increases.
D. The concentration of dissolved impurities remains
the same.

6.

A gas is produced during the production of SLS glass.
What is it?
A.
B.
C.
D.

|

a polar molecule.
a coordination complex.
an ionic compound.
nonpolar.

Which one of the following transition metal oxides is
NOT colored?
A.
B.
C.
D.

Expandability relative
to pure silica glass

Transition metal oxides may be added to a glass to give
it color. Most transition metals are vividly colored because
they contain partially filled d orbitals whose electrons undergo
transitions at visible wavelengths. Stained glass windows are
among the most technologically advanced and durable art forms
of the millennium.

310

Linear
Trigonal planar
Trigonal pyramid
Tetrahedral

Na2CO3, CaCO3
PbO

Glass type

2.

Additives

lead crystal

Vycor®

What is the shape of the carbonate ion, CO32– ?

O2(g)
N2(g)
H2(g)
CO2(g)

General Chemistry

Passage 29 (Questions 1-6)

2.

Transition metal complexes have unique chemical and
physical properties. One of the most obvious is that of color.
With the exception of highly conjugated organic molecules,
nearly all other chemical compounds have no color. Color is just
one consequence of the effect of six ligands upon the electronic
structure of a transition metal ion.

Energy

In an octahedral coordination complex, the electron clouds of
the bonding ligands repel the metal ion’s d orbitals, driving the
energy of some d orbitals (the dz2 and dx2–y2) higher and the energy
of the other d orbitals (the dxy, dyz, and dxz) lower. The repulsion
exercised by the ligands’ electron clouds, called the crystal field,
makes the d orbitals nondegenerate.

d orbitals in a
free metal ion

dz2, dx2 – y2
∆0

A.
B.
C.
D.
3.

4.

5.

The magnitude of ∆0 is proportional to both the electron
density of the ligands and the positive character of the metal ion.
The spectrochemical series is a ranking of ligands based upon
their ability to influence ∆0; ligands on the left are strong crystal
field ligands that give large ∆0:
Spectrochemical series:
–

CN > NH3 > H2O > –OH > F– > I–

Note that colors are classified in opposite pairs: red–green,
orange–blue, and yellow–violet. A deficiency in one of these
colors intensifies the appearance of the other pair-member. For
example, a complex with a D0 corresponding to a photon whose
wavelength is 420 nm (violet) appears yellow.

1.

Cr(H2O)6 2+
Cr(NH3)62+
CrF63–
Cr(NH3)63+

A blue transition metal complex has a ∆0 that corresponds
to:
A.
B.
C.
D.

6.

has a greater charge.
has a greater charge density.
has more valence electrons.
is a weaker base.

Which one of the following has the greatest crystal field
energy?
A.
B.
C.
D.

dxy, dyz, dxz

have less energy.
more stable.
less stable.
have less energy and less stability.

The fluoride ion is a stronger crystal field ligand than the
iodide ion because the fluoride ion:
A.
B.
C.
D.

d orbitals in an
octahedral complex

The energy gap between the two sets of d orbitals, ∆0, is
called the crystal field splitting energy. Unlike the first electronic
transition of other compounds (which corresponds to UV
photons), ∆0 corresponds to photons of visible wavelengths.

Apparently, the formation of a coordination complex
makes the dz2 and dx2–y2 orbitals of the metal:

red photons.
orange photons.
green photons.
blue photons.

Sodium-vapor street lights are bright yellow. This means
that the majority of photons being emitted by the lamps
are:
A.
B.
C.
D.

red.
yellow.
green.
violet.

The term degenerate means:
A.
B.
C.
D.

to be too small.
to be too large.
to have equal potential energy.
to have equal charge.
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Passage 30 (Questions 1-6)

1.

Cells exist in a chemically regulated envelope of electrolytic
fluid delineated by the cell membrane. The cell membrane acts as
a semi-permeable barrier, allowing only the smallest compounds
to passively pass through. A schematic cross-section of a region
of a typical eukaryotic cellular membrane is presented below:
Schematic cross-section of eukaryotic
cell membrane

What is responsible for holding together the long,
aliphatic hydrocarbon chains in the bilayer?
A.
B.
C.
D.

2.

Hydrophobic force
Hydrophilic force
van der Waals forces
Both A and C

The function of the glycolipid labeled in the schematic
CANNOT be one of:

Extracellular environment
Band 3
dimer

A.
B.
C.
D.

Glycolipid
antigen

Calcium pump

3.

phospholipid
bilayer

Although the shape (called secondary and tertiary
structure) of the calcium pump protein is highly complex,
it would be logical to assume that an amino acid residue
present within the channel might be:
A.

The bulk constituency of the cell membrane is a phospholipid
bilayer. These molecules assume a bilayer conformation due to
the hydrophilic nature of the fluid inside and outside the cell;
they are not covalently cross-linked.

o

O
P

o

O

o

=

HO

=

General structure of a phospholipid

o

O–
Therefore, cell membranes may disintegrate in organic
solvents and in solutions containing high concentrations of
surfactants (detergents). However, the rigidity of the membrane
is enhanced by the presence of an internal network of anchoring
proteins (spectrin and ankyrin) which are not shown in this
schematic.
Proteins, glycoproteins, and glycolipids are embedded within
the bilayer to serve as cellular recognition sites, extracellular
chemical sensors, and selective transmembrane channels. The
transmembrane channels selectively facilitate the transport of
ions and nutrients across the membrane.

312

|

© The Princeton Review, Inc.

phenyalanine
R–CH2–

proteins
Intracellular environment

cell recognition.
chemical recognition.
intercellular anchoring.
active transport.

B.

lysine
+
R–(CH2)4–NH3

C.

glutamic acid
R–(CH2)2–COO –

D. cysteine
R–CH2–SH

General Chemistry

A.
B.
C.
D.
5.

Quantum mechanics dictates that the probability of finding an
electron is greatest in one of an infinite number of energy levels.
For example, the electronic energy levels for a Bohr atom are:

What is the oxidation state of the phosphorous in a
phospholipid?
A.
B.
C.
D.

6.

H+
K+
Mg2+
Ti3+

Passage 31 (Questions 1-7)

+3
+4
+5
+6

Which one of the following statements is correct?

n=?
n=3
n=2
n=1

energy

Which of the following ions would have the greatest rate
of transmembrane diffusion?

nucleus
The electron pair in a covalent bond is also quantized and thus
found in one of an infinite number of molecular electronic energy
levels. Yet all bonding electrons exercise another mode of motion
called vibration. Covalent bonds are not rigid; they oscillate and
vibrate to and fro with quantized frequencies. Therefore each
electronic energy level of a bond is actually composed of an
infinite number of closely spaced vibrational energy levels:

A.

Due to their charge, deprotonated phosphate groups
should cluster together in a stable arrangement.
B. A high concentration of cations should be found near
the surface of the cell membrane.
C. Transmembrane proteins should be entirely
composed of hydrophilic amino acid residues.
D. The only force which maintains a hydrous shell
around the phosphate ion is hydrogen bonding.

energy

4.

n=?
n=3
n=2

v = max
v=3
v=2
v=1

n=1

Vibrational energy levels are most often illustrated based
upon their relationship to the stretching, bending, and contraction
of a covalent bond. These diagrams are called Morse potential
diagrams:

v = max
v=4
v=3
v=2
v=1

Potential
energy

R
where R is the covalent bond length. The bond dissociation
energy is the energy required to go from the occupied vibration
energy level to v = max.

© The Princeton Review, Inc.

|

313

MCAT Science Workbook

1.

If the electronic transition of the bonding electrons in HCl
corresponds to UV photons, then the vibrational transition
of HCl corresponds to:
A.
B.
C.
D.

2.

H+
He2+
Li+
Be3+

The dissociation energy of C=O is smaller than for
C–O.
B. The average R for each vibrational energy level
would be smaller for C=O than for C–O.
C. The v = 1 to v = max transition for C=O is smaller
than for C–O.
D. The C=O bond does not vibrate, while the C–O bond
does.

6.

reduce the energy of the molecule.
increase the stability of the molecule.
decrease the amount of additional energy required to
break the bond.
D. emit energy to the surroundings.

Which one of the following gases will have no vibrational
modes?
A.
B.
C.
D.

The vibrational transition v = 2 to v = 1 does NOT:
A.
B.
C.

How would the Morse potential diagram of a C=O bond
differ from that of a C–O bond?
A.

x-rays.
UV photons.
infrared photons.
photons of infinite energy.

Which of the following is a Bohr atom?
A.
B.
C.
D.

3.

5.

7.

N2O is a gas with several complex vibrational modes (that
is, it is not symmetric). What is the Lewis dot structure of
nitrous oxide?
A.

4.

According to the Morse potential diagrams, which one of
the following statements is true?

B.

A.

C.

The stability of a bond is inversely proportional its
energy.
B. The change in the length of an oscillating bond
decreases with increasing energy.
C. The change in energy between adjacent vibrational
energy levels increases at higher energies.
D. A catalyst increases the heat produced when a bond
is broken.
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H2
Ne
O2
UF6

N

O

N
N

D.

N
N

N
O

N

N

O
O

General Chemistry

Passage 32 (Questions 1-9)
***ADVANCED PASSAGE***

O

A young scientist has developed a method for detecting the
concentration of mercury present in soil samples. He argues that
not only will this method detect very low mercury concentrations,
but it will also distinguish between inorganic and organic
mercury compounds—an important consideration, because
the toxicity of organomercuric compounds, such as dimethyl
mercury, is far greater than that of insoluble mercuric minerals
like HgCl2, HgS, and HgO. The scientist’s analytical technique
is outlined below.
Test for organic and inorganic mercury
5 gram soil
sample

Extract with
0.1 M HNO3
and hexane.
aqueous
layer

B

A
hexane
layer

Add 18-crown-6 ether
dissolved in benzene
and extract.
aqueous
layer

D

Evaporate
to dryness

Dry with
Na2SO4

Reflux with 8 M
HNO3 for 1 hour.

C
Evaporate
to dryness

O

O

O

O
O

Structure of 18-crown-6
ether with chelated cation
The aqueous layer in the first extract is treated with 0.5 gram
of a crown ether dissolved in benzene. The purpose of the crown
ether is to chelate large radius cations present in solution (such as
sodium, potassium, calcium, and barium) and carry them into the
organic layer. This bilayer solution is shaken and then separated.
The aqueous layer is evaporated to dryness, and then analyzed
via AA.

1.

Chelators, also called ligands, are molecules which stick
to metal ions through a strong dipole-ion attraction in
which an electron lone pair of the chelator is partially
donated to the metal. This lone pair forms a highly polar,
covalent bond called a coordinate covalent bond, between
the metal ion and the ligand. Which of the following
statements is therefore true?
A.
B.

A ligand must be a Lewis base.
The positive character of a metal ion increases when
it is chelated.
C. Methane is a good ligand.
D. Due to electronegativity, the fluoride ion is a much
better ligand than is the nitrogen atom in ammonia.

The first step is to extract a 5-gram soil sample with 50 mL
of hexane and 50 mL of dilute nitric acid. The organic layer is
removed, dried, and then refluxed with a 1:1 mixture of conc.
HNO3 and water. The water layer is removed, evaporated to
dryness, and then quantitatively analyzed using AA (Atomic
Absorption Spectroscopy).
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2.

Why is dimethyl mercury, a nonpolar molecule, more
toxic than inorganic mercury salts?

6.

A.
B.
C.
D.

A.

The interior of cellular membranes is highly
hydrophilic, hence is highly permeable to ions.
B. Almost all mercury salts, with the exception of
Hg(NO3)2, are very soluble, hence are easily purged
by the excretory system.
C. The solubility of dimethyl mercury is enhanced in
the high pH of the stomach.
D. Since the interior of cellular membranes is
hydrophobic, toxic non-polar molecules can rapidly
accumulate in and damage these sensitive structures.

3.

4.

|

–1
0
+1
Greater than zero but less than one

The molarity of conc. nitric acid is:
A.
B.
C.
D.

316

1 M NaNO3 and 5 M HCl
Pure water and 1 M NaOH
Benzene and 0.1 M HCl
Hexane and benzene

4 M.
8 M.
16 M.
indeterminable from the given information.

© The Princeton Review, Inc.

Solution A only
Solutions A and C
Solution B only
Solutions B and D

Based upon information presented in the passage, which
of the following statements is NOT true?
A.

The ionic radius of mercury is not equal to the radius
of K+.
B. Insoluble mercury salts have a greater solubility in
solutions of nitric acid.
C. Crown ethers increase the organic solubility of
cations by encapsulating the ion with a relatively
nonpolar shell.
D. Mercury salts are highly volatile.

8.

What is the mass percent of oxygen in (metal-free)
18-crown-6 ether?
A.
B.
C.
D.

Assume that the cation in the crown ether is a potassium
ion. What is the charge of the crown ether–K+ complex?
A.
B.
C.
D.

5.

7.

An extraction requires the use of two solvents which are
immiscible (i.e., won’t dissolve) in one another. Thus all
extractions have two distinct solution layers. Which of the
following solvent systems can be used for an extraction?
A.
B.
C.
D.

In which solution(s) would you find (CH3)2Hg?

9.

25%
36%
50%
60%

What is the purpose of refluxing the hexane solution with
8 M nitric acid for one hour?
A.

To reduce all organometallic compounds to methane
and metal.
B. To oxidize all organometallic compounds to CO2,
water, and metal ions.
C. To nitrate (i.e., create R–NO2 groups in) the
organometallic compounds.
D. To increase the hydrophobic nature of
organometallic compounds.

General Chemistry

Passage 33 (Questions 1-5)
Strong electrolytes dissociate completely in water to form
ions. For example, when HCl is placed in water, it dissociates as
follows:

Molality DTf (°C)

iobserved ipredicted

NaCl

0.001

0.036

1.94

2

0.1

0.348

1.87

2

0.01

0.036

1.94

2

0.1

0.352

1.89

2

0.01

0.050

2.70

3

0.1

0.470

2.53

3

0.01

0.050

2.69

3

0.1

0.432

2.32

3

0.03

0.220

4.00

4

HCl

HCl(g) + H2O(l)  H3O+(aq) + Cl–(aq)

BaCl2

Reaction 1

K2SO4

One mole of HCl dissociates into two moles of ions. Similarly,
the ionic substances NaCl and K2SO4 yield two and three moles
of ions, respectively, when dissolved in water. The latter is given
in the equation below:

LaCl3

0.1
CH3COOH 0.01

K2SO4(s) + H2O(l)  2 K (aq) + SO4 (aq)
+

Solute

2–

0.1

Reaction 2
The freezing point depression of a solution is directly
proportional to the number of moles of particles dissolved in
the solution. Since strong electrolytes, such as strong acids and
freely soluble salts, dissociate almost completely, the freezing
point depression is close to a whole number multiple (i) of
the moles of electrolyte dissolved in solution. The following
equation expresses this relationship:

0.650

3.50

4

0.019

1.04

>1

0.190

1.02

>1

Table 1
1.

When one mole of LaCl3 is dissolved in 33 L of water,
how many moles of ions are produced?
A.
B.
C.
D.

∆Tf = kfmi

2
3
4
5

Equation 1
2.
where m is the molality of the electrolyte, kf is the molal
freezing point depression constant of water (–1.86°C/m), and
i equals the number of moles of ions produced when a mole
of electrolyte dissociates. However, estimates of i based on
colligative properties show a slightly lower value than predicted
since dissociated ions may form ion pairs. If some ions clump
together, then the number of free particles in solution is less than
the expected value.

All of the following properties of solutions depend on
the number, not the kind, of solute particles present,
EXCEPT:
A.
B.
C.
D.

boiling point elevation.
freezing point depression.
density.
vapor pressure depression.
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3.

HCl and NaCl both produce a greater boiling point
elevation than does acetic acid, because:
A.

in solution, HCl and NaCl remain in dynamic
equilibrium with their ions.
B. unlike acetic acid, HCl and NaCl both dissociate
completely in water.
C. HCl and NaCl produce more heat upon dissociation
than does acetic acid.
D. HCl and NaCl are present in greater concentration
than is acetic acid.

Passage 34 (Questions 1-6)
With reference to most substances, phase changes are related
to temperature and pressure according to the standard phase
diagram shown in Figure 1.
Pure solvent

SOLID

LIQUID

As the molality of an electrolyte increases, why does
iobserved decrease?
GAS

More free ions begin to pair up.
More of the particles in solution are neutral,
undissociated molecules.
C. The number of particles in solution decreases as
molality increases.
D. The number of particles in solution increases as
molality increases.

A solution is prepared containing 15 g of NaCl and 200 g
of H2O. An additional 100 g of water is added. If the
molality of the resulting solution is 0.87 m, at what
temperature will the solution freeze?

In a laboratory, the following study was performed to
determine the variance in phase change temperature for solutions
of different molalities.

A.
B.

5.

Boiling point
of solution

Pressure

4.

Solution

Boiling point of solvent

A.
B.
C.
D.

–4.9°C
–3.2°C
–2.4°C
–1.6°C

Freezing point of solution
Freezing point of solvent
f.p. depression

Temperature
Figure 1

Experiment 1
Various antifreeze products were added to H2O in an
automobile radiator. Each solution was cooled and its freezing
point depression was determined as shown in Table 1.
Products

Molality of ∆T (freezing point
products
depression)

1

1.6

3

2

2.2

4

3

3.8

7

4

5.4

10

5

8.1

15

Table 1
The researcher then determined the expected Tf of the
solution by using the following equation, where ∆Tf = freezing
point depression, kf = constant (specific for each solvent), and m
= molality of solute:
∆Tf = kfm
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General Chemistry

3.

Experiment 2
The various products were again added to H2O in an
automobile radiator. Each solution was then heated and its
boiling point elevation was determined as shown in Table 2.
Products

A.

the resulting solution will show decreased boiling
point elevation.
B. the resulting solution will show decreased freezing
point depression.
C. the resulting solution will show increased freezing
point depression.
D. the resulting solution will have a higher freezing
point.

Molality of ∆T (Boiling point
elevation)
products

1

1.6

0.8

2

2.2

1.1

3

3.8

1.9

4

5.4

2.8

5

8.1

4.1

6

9.7

4.9

4.

5.

∆Tb = kbm

1.

When a liquid has vapor pressure equal to atmospheric
pressure, it:
A.
B.
C.
D.

2.

Two aqueous solutions are prepared, one of sodium
chloride (NaCl) and one of calcium chloride (CaCl2).
If the solutions are initially prepared with equal molar
concentrations of solute, which solution will experience
the greater boiling point elevation?
The sodium chloride solution because the solute
dissociates into monovalent ions.
B. The sodium chloride solution because each solute
unit has a relatively greater molecular weight.
C. The calcium chloride solution because each solute
unit has a relatively greater molecular weight.
D. The calcium chloride solution because each solute
unit produces a relatively greater number of soluble
ions.

boils.
freezes.
sublimes.
melts.

hydrogen bonding.
London dispersion forces.
freezing point depression.
ionic bonding.

0.54°C/m
1.51°C/m
1.85°C/m
2.40°C/m

A.

The fact that water is less dense as a solid than as a liquid
is most likely attributable to:
A.
B.
C.
D.

In Experiment 1, the kf value was approximately equal to
which of the following?
A.
B.
C.
D.

Table 2
The researcher then determined the expected Tb of the
solution by using the following equation, where ∆Tb = boiling
point elevation, kb = constant (specific for each solvent), and m =
molality of solute:

Antifreeze is separated from water and replaced with an
equal mass of Substance X. If Substance X is soluble and
has a lower molecular weight than the antifreeze, then:

6.

Under equilibrium conditions, which of the following
statements is true of the rate at which molecules enter the
gaseous state from the liquid state?
A.

It is greater than the rate at which molecules enter
the liquid state from the gaseous state.
B. It is equal to the rate at which molecules enter the
liquid state from the gaseous state.
C. It is less than the rate at which molecules enter the
liquid state from the gaseous state.
D. It cannot be compared with the rate at which
molecules enter the liquid state from the gaseous
state.
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Passage 35 (Questions 1-6)

2.

Common laboratory liquids often display unique phaserelated properties. Table 1 below lists two such properties for
several of these liquids: enthalpy of vaporization (∆Hvap) and
boiling point (BP).
Substance

Formula

A.
B.
C.

Ethanol will undergo a phase change to form a liquid.
Ethanol will undergo a phase change to form a gas.
Ethanol molecules will exhibit greater average
kinetic energy.
D. Ethanol molecules will exert a greater total vapor
pressure.

DHvap BP (at 1 atm)

Benzene

C6H6

30.8

80.2°C

Ethanol

C2H5OH

39.2

78.3

Diethyl Ether C2H5OC2H5 26.0

34.6

Mercury

Hg

59.3*

Methane

CH4

10.4

–164

Water

H2O

40.7

100

At 1 atm of pressure, the temperature of ethanol gas is
reduced from 100°C to 78°C. Which of the following
events is most likely to occur?

3.

356.9

Which of the following best illustrates the relationship
between temperature (T) and vapor pressure (P) for
ethanol and for diethyl ether?
A.

B.
P

*Mercury has a lower heat of vaporization per gram than does water,
but a higher heat of vaporization per mole.

On what basis does water have a higher heat of
vaporization than mercury?
A.
B.
C.
D.
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On a per mole basis
In terms of enthalpy of condensation
In terms of enthalpy of vaporization
On a per gram basis
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P
ethanol

T

The boiling point of water, normally calculated at standard
atmospheric pressure, is nearly 0°C when the external pressure
is reduced to zero.

1.

diethyl ether

diethyl ether

Table 1

Both ethanol and diethyl ether exhibit lower boiling point
temperatures under lower pressure conditions. While ether
shows a 0°C boiling point between 170 and 200 mmHg, the
boiling point of ethanol is still above 40°C in this pressure range.
The vaporization of water absorbs much more heat than does the
melting of ice. Under standard conditions, the heat of fusion for
water is 6 kJ/mol. The heat of vaporization for water under these
conditions is almost seven times greater (40.7 kJ/mol).

ethanol

C.

T
D.

ethanol
P

P

ethanol
diethyl ether

diethyl ether
T

4.

T

Which of the following best explains why the boiling
point of water decreases with increasing altitude?
A.

Increasing altitude is accompanied by an increase in
pressure.
B. Increasing altitude is accompanied by an increase in
escape velocity.
C. Increasing altitude is accompanied by a decrease in
temperature.
D. Increasing altitude is accompanied by a decrease in
pressure.

General Chemistry

According to the passage, the vaporization of water
requires more heat than does the melting of ice. The most
likely explanation for this is that:
A.
B.
C.

ice has a smaller heat capacity than does steam.
ice has a larger heat capacity than does steam.
melting requires that only a fraction of
intermolecular forces be broken while vaporization
requires complete separation of molecules.
D. the temperature of ice must be raised less than does
the temperature of water to achieve a phase change.

6.

Diethyl ether has a lower boiling point than does ethanol
because:
A.

ethanol has a greater molecular weight than diethyl
ether.
B. ethanol undergoes hydrogen bonding, while diethyl
ether only experiences van der Waals attractions.
C. ethanol undergoes hydrogen bonding, while diethyl
ether experiences no intermolecular interactions.
D. the central oxygen atom in diethyl ether causes it to
be more polar than ethanol.

Passage 36 (Questions 1-7)
The phase diagram in Figure 1 describes the state of sulfur
under various conditions of temperature and pressure. As shown
in the phase diagram, sulfur may assume two different crystalline
forms in the solid state: rhombic sulfur and monoclinic sulfur.

F
Solid (rhombic)
Pressure (atm)

5.

E
Liquid

Solid
(monoclinic)

B

1.0

D

C

Vapor

A
95.5

119

151

Temperature (°C)
Figure 1 Phase diagram for sulfur (not to scale)
The stable form of sulfur at room temperature and 1 atm of
pressure is rhombic sulfur, in which sulfur forms crystalline units
characterized by rhombohedral geometrical symmetry. When
heated slowly at constant pressure to a temperature above 95.5°C,
rhombic sulfur is transformed to solid monoclinic sulfur, another
crystal, stable under that set of conditions. The transformation
between the two solid forms must be undertaken slowly. Rapid
heating might produce incomplete transformation and melting.
The phase diagram for sulfur reveals two triple points
corresponding to temperatures of 95.5°C and 119°C.
(Note: For sulfur, the heat of fusion, ∆Hfus, is 38.1 J/g, and the
heat of vaporization, ∆Hvap, is 326 J/g.)
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1.

Which segments of the phase diagram represent the
sublimation of sulfur?
A.
B.
C.
D.

2.

|

76.2 J
652 J
1905 J
16,300 J

Which of the following describes the progression of
phase changes undergone by sulfur held at a constant
temperature of 100°C as the pressure is gradually
increased from 0.25 atm to 3 atm?
A.
B.
C.
D.

322

		

6.

Vapor, liquid, monoclinic solid
Vapor, liquid, rhombic solid
Vapor, rhombic solid, monoclinic solid
Vapor, monoclinic solid, rhombic solid

© The Princeton Review, Inc.

–594.1 kJ/mol
–0.1 kJ/mol
0.1 kJ/mol
594.1 kJ/mol

Which one of the following is the most stable state of
sulfur at STP?
A.
B.
C.
D.

7.

∆H° = –297.0 kJ/M
∆H° = –297.1 kJ/M

where ∆H° is the standard heat of reaction, what is the
enthalpy change in the transformation of S(rhombic) to
S(monoclinic)?
A.
B.
C.
D.

How much heat is required to transform 50 g of monoclinic sulfur to the liquid phase at 119°C and 1 atm?
A.
B.
C.
D.

4.

Rhombic solid, liquid, and vapor
Rhombic solid, monoclinic solid, and liquid
Monoclinic solid, liquid, and vapor
Monoclinic solid only

Based on the following thermochemical data,
S(rhombic) + O2(g) → SO2(g)
S(monoclinic) + O2(g) → SO2(g)

At Point C, which of the following phases are in
equilibrium?
A.
B.
C.
D.

3.

AB and BC
BC and CD
AB and CD
CE and EF

5.

S(rhombic)
S(monoclinic)
S(liquid)
S(vapor)

A sample of sulfur vapor at a temperature of 100°C exerts
a pressure of 0.75 atm on the walls of its container. If
a researcher raises the temperature in the container to
200°C while holding all other factors constant, what will
be the resulting pressure in the container due to the sulfur
vapor?
A.
B.
C.
D.

0.38 atm
0.77 atm
0.95 atm
1.50 atm

General Chemistry

Passage 37 (Questions 1-6)

Experiment 3

A physical chemist conducted the following experiments in
order to study the relation between temperature changes and the
resulting changes in vapor pressure of various substances.

Various substances were heated in an insulated container to
find their boiling points. These results are shown in Table 1.

Experiment 1
Water was placed in an insulated container. The temperature
was increased from –10.1°C to 100°C, under various conditions
of pressure. Results gave rise to the phase diagram shown in
Figure 1.

Pressure (torr)

C
D

Y
X

2.1

A
Z

B
–10.1

0.01

Normal BP (°C)

H2

–253

N2

–196

O2

–183

CO2

–78 (sublimes)

NH3

–33

H 2O

100
Table 1

1.

4.6

Substance

The portion of Figure 1 that corresponds to the gas phase
of water is denoted by:
A.
B.
C.
D.

100

A.
X.
Y.
Z.

Temperature (°C)
2.
Figure 1 Phase diagram for water (not to scale)
Experiment 2

A liquid situated in a gaseous medium reaches its boiling
point when:
A.

its temperature equals that of the surrounding
medium.
B. its vapor pressure equals that of the surrounding
medium.
C. its density equals that of the surrounding medium.
D. its heat capacity equals that of the surrounding
medium.

Experiment 1 was repeated using carbon dioxide and a
temperature range of –78.5°C to 0°C. The results gave rise to the
phase diagram shown in Figure 2.

C
Pressure (atm)

D
Y
X
5.1
1.0

Z

–78.5

–56.7

A researcher adds 30 J of energy to a sample of water of
0°C and detects no change in temperature. Which of the
following best explains this observation?
A.

A
B

3.

0

Temperature (°C)

The energy is dissipated by friction between the
water and the walls of the container.
B. The energy is used to decrease the entropy of the
water.
C. The energy is used to raise the Gibbs free energy
associated with the water.
D. The energy is used to break intermolecular forces
between water molecules.

Figure 2 Phase diagram for carbon dioxide (not to
scale)
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4.

In Experiment 3, the water sample was initially
contaminated with trace amounts of sodium chloride such
that the observed boiling point was elevated by 1.02°C.
What was the molality of the NaCl in the sample? (The
molal boiling point elevation constant of water is
0.51°C/m.)
A.
B.
C.
D.

5.

When temperature is increased and pressure is held fixed
across phase changes in Experiment 2:
A.
B.
C.
D.

6.

0.5 m
1.0 m
2.0 m
4.0 m

∆S is negative and ∆H is positive.
∆S is negative and ∆H is negative.
∆S is positive and ∆H is positive.
∆S is positive and ∆H is negative.

Which of the following could be used to explain why the
segment AC in Figure 1 has a negative slope whereas AC
in Figure 2 has a positive slope?
A.

Ice is less dense than liquid water in the vicinity of
the liquid-solid equilibrium curve; this is not so for
carbon dioxide.
B. Carbon dioxide sublimes more easily than does
water.
C. Water is a linear molecule, whereas carbon dioxide
has a bent structure.
D. Water has a higher boiling point than carbon dioxide.

Passage 38 (Questions 1-5)
As a part of ongoing human metabolism, oxygen combines
with fuels to yield ATP, CO2, and H2O. Hence the tissues tend
constantly to reduce the blood’s oxygen concentration and
increase its carbon dioxide concentration. The lungs serve
to replenish the blood’s oxygen supply and to empty it of
accumulated carbon dioxide via the process of passive diffusion.
During inspiration, contraction of the diaphragm produces
negative pressure change in the lungs, and air therefore moves
from the atmosphere into the lungs. At the level of the alveoli,
carbon dioxide continuously moves from capillary blood into the
lungs, and oxygen moves from the lungs into the blood. The net
result is that the partial pressure of oxygen in the lungs is 100
torr, which is 59 torr less than the partial pressure of oxygen in
the atmosphere. Partial pressure of carbon dioxide in the lungs is
40 torr greater than in the atmosphere.
The partial pressure of an inspired gas can be determined
by applying the equation PV = nRT, the ideal gas law. Here,
P represents the partial pressure of the gas, and R is the gas
constant, 0.0821 L-atm/mol-K.
The total pressure of gases in the lungs is the sum of the
partial pressures of each of the individual gases. Equation 1
below shows the result of substituting values for partial pressures
into the ideal gas law equation:
Pt = (n1 + n2 + n3 + . . .)RT/V
Equation 1
Pt represents the total pressure of the gases, and the n’s denote
the numbers of moles of the individual, nonreactive gases. As air
passes from the atmosphere to the alveoli, the partial pressures
of both nitrogen and oxygen decrease (although nitrogen is not
absorbed by the alveoli to any appreciable extent).
Pressure (torr)
Gas Atmosphere

Inspired Alveolar
air
air

N2

595

564

573

O2

159

149

100

H2O

6

47

47

CO2

0

0

40

Table 1
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General Chemistry

1.

As inspired air moves from the atmosphere to the lungs
then immediately after a gas exchange event, the partial
pressure of:

4.

A.

A.

oxygen increases and that of carbon dioxide
increases.
B. oxygen increases and that of carbon dioxide
decreases.
C. oxygen decreases and that of carbon dioxide
increases.
D. oxygen decreases and that of carbon dioxide
decreases.

2.

C.

Oxygen, because nitrogen is less reactive than
oxygen in the gaseous state.
B. Oxygen, because it diffuses from lung to capillary.
C. Nitrogen, because nitrogen is not soluble in the
bloodstream.
D. Nitrogen, because the proportionally lesser partial
pressure decrease corresponds to a proportionally
greater decrease in molar quantity.

D.

P

P

n

5.

A.

P

n

Concentration gradients
Different values for the gas constant
Greater permeability of oxygen
Decreased volumes of gases in the bloodstream

Between the time it is inhaled from the atmosphere and
the time it is exhaled, air experiences a greater decrease in
molar quantity of which gas: oxygen or nitrogen?

B.

P

Which of the following causes the exchange of oxygen
and carbon dioxide between the lungs and bloodstream?
A.
B.
C.
D.

3.

The relationship between the partial pressure of a gas
(P) and the number of moles of that gas (n) is best
represented by which of the following graphs?

n

Which one of the following expressions can be used to
compare atmospheric air and alveolar air and calculate the
reduction in the number of moles of oxygen present in the
alveoli?
A.
B.
C.
D.

(V / RT)(100)
(V / RT)(149 – 100)
(V / RT)(159 – 100)
(V / RT)(159 – 149)
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Passage 39 (Questions 1-6)

Properties of Benzene

For a given substance, the solid phase may offer more than
one form, that is, more than one allotrope. Separate allotropes
differ in their interatomic or intermolecular arrangements and in
the attractive forces among their atoms or molecules. For a given
solid, an allotrope with stronger intermolecular forces tends to
produce a harder, less easily disrupted sample. An allotrope with
weaker intermolecular forces tends to produce a softer, more
easily disrupted sample.
Carbon exists in several allotropic forms, including diamond,
graphite, carbon black, and charcoal. In a sample of diamond,
each carbon atom forms four sp3 hybridized orbitals and a σ bond
with each of four other carbon atoms. A sample of graphite, on
the other hand, consists of many planar sheets of carbon atoms in
which individual atoms are strongly bonded together.

1.

as
G
id
A

Heat added
Figure 1
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0.415 cal/g°C

Heat of fusion:

30.4 cal/g

Heat of vaporization:

94.3 cal/g

Which one of the following graphs best depicts the
relationship between the strength of the intermolecular
force, F, between graphite sheets and the distance, r,
between them?
A.

B.

F

F

r
C.

F

r

2.

r
D.

F

r

The most likely explanation for the fact that diamond is
harder than graphite is that:
A.
B.

Li
qu

Temperature (°C)

5.5

Specific heat of C6H6(l):

Table 1

Carbon forms a wide variety of compounds, many of which
are not in solid form at room temperature. For example, benzene
(C6H6) is a highly volatile hydrocarbon with a boiling point of
80.1°C at 1 atm. Figure 1 shows the temperature of benzene
plotted against the amount of heat added to the liquid. Table 1
sets forth data concerning various properties of benzene. When
a small amount of a nonvolatile solute is added to benzene, the
vapor pressure of the solution decreases slightly. The extent to
which a nonvolatile solute lowers a solvent’s vapor pressure is
proportional to its concentration.

80.1

0.877 g/cm3

Specific heat of C6H6(g): 0.249 cal/g°C

Individual sheets are themselves held together by
intermolecular forces. The intermolecular forces are stronger
when the sheets are closer together and weaker when they are
farther apart.

B

Density:

all of the bonds in graphite are weak.
the attraction between sheets of graphite is relatively
weak.
C. graphite has stronger interplanar hybrid bonds.
D. all carbon atoms of graphite are more tightly bonded
in a three-dimensional network.

General Chemistry

3.

At 1 atm, which will require more energy: raising the
temperature of benzene from 25°C to 35°C, or from 75°C
to 85°C?

5.

A.

25°C to 35°C, because the heat of vaporization must
also be added to the total energy required to raise the
temperature
B. 25°C to 35°C, because it takes more energy to raise
the benzene ten degrees at a lower temperature
C. 75°C to 85°C, because the intermolecular forces of
benzene are stronger at lower temperatures
D. 75°C to 85°C, because the heat of vaporization must
be added to the total energy required to raise the
temperature

4.

Which of the following figures best represents the
dependence of the vapor pressure, P, of a liquid on its
temperature, T, for a sample of pure solvent (I) and
another sample of pure solvent (II) that contains a small
amount of nonvolatile solute?
A.
II

P

I and II

I
T

T

C.

D.
P

negative, because intermolecular forces are broken
in the process.
B. negative, because intermolecular forces are formed
in the process.
C. positive, because intermolecular forces are broken in
the process.
D. positive, because intermolecular forces are formed in
the process.

6.

A chemist wishes to confirm the accuracy of the
value reported in Table 1 for benzene’s enthalpy of
vaporization. She selects a sample of benzene, and at time
1 begins heating it. At time 2, the sample has reached a
temperature of 80.1°C. At this point, the chemist should
now:
A.

P

I

II

II
T

A.

stop heating and determine the quantity of heat
consumed between times 1 and 2.
B. continue heating and determine the quantity of heat
consumed between time 2 and the time at which the
entire sample reaches the gas phase.
C. continue heating and determine the quantity of heat
consumed between time 1 and the time at which the
entire sample reaches the gas phase.
D. stop heating and determine the quantity of heat
evolved as the sample cools to room temperature.

B.
P

A sample of benzene undergoes a phase change from
gas to liquid. The enthalpy change associated with this
process is:

I
T

© The Princeton Review, Inc.

|

327

MCAT Science Workbook

Compound

Freezing Temperature
(°C)

#1

–0.55

#2

–0.35

#3

–0.10

#4

–1.12

#5

–0.68

Experimental error did not exceed ± 0.1°C.
Table 1

3.

Identify Compound #4.
A.
B.
C.
D.

4.

A.

ΔTFP = i × m × kF

1.

Which one of the following statements regarding
Compound #3 must be true?
A.
B.

It is an ionic compound.
It is a covalent compound with low molecular
weight.
C. It is a covalent compound with high molecular
weight.
D. It did not completely dissolve.
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Calcium chloride
Glucose
Methanol
Sodium chloride

The most common antifreeze in use today is ethylene
glycol, HOCH2CH2OH, a liquid with a freezing point
of –13°C. Based upon the concept of freezing point
depression, which one of the following plots correctly
illustrates the freezing points of several different mixtures
of water and ethylene glycol?

The tested compounds were found to obey the normal
freezing point depression equation

where i is the number of moles of particles formed per mole of
solute, m is the molality of the solution, and kF is 1.86 kg⋅°C/mol
for water.

–1.27°C.
–0.55°C
–1.10°C
indeterminable.

B.
0

temp (°C)

The experiment consisted of adding one mole of each
compound to five liters of water at room temperature. The
solutions were cooled and their freezing points recorded:

A.
B.
C.
D.

–13
0

1.0
mole fraction
of water

C.

0

temp (°C)

A chemical manufacturer tested five compounds to determine
their marketability as antifreeze additives for automobile coolant
systems. All tested compounds were solids or liquids at room
temperature and were non-flammable. The first three compounds
were covalent compounds, while the remaining two were
inorganic salts.

If a technician spilled half of the five liter solution
immediately after Compound #1 completely dissolved,
the measured freezing point of the remaining solution
would be:

–13
0

1.0
mole fraction
of water

D.
0
–13
0

1.0
mole fraction
of water

0

temp (°C)

2.

temp (°C)

Passage 40 (Questions 1-7)

–13
0

1.0
mole fraction
of water

General Chemistry

5.

How do dissolved impurities lower the freezing point of a
liquid?
A.

They increase the density of the solution, which
favors the solid phase.
B. They increase the number and strength of
intermolecular attractions in a solution.
C. They inhibit crystal formation and alignment.
D. They lower the vapor pressure of the liquid.

6.

Passage 41 (Questions 1-6)
Rocket engines work on the simple principle that momentum
is conserved in an explosion. For example, if a stationary (zero
momentum) cannonball explodes, the total momentum of all the
flying pieces of debris is still zero after the explosion.

stationary
cannonball

Which one of the following statements is incorrect?
Explosion

A.

All of the tested antifreezes have some degree of
water solubility.
B. All antifreezes will increase the boiling point of
water.
C. All of the tested antifreezes were inflammable.
D. Dissolved water in a solid will lower the melting
point of that solid.

7.

outgoing
fragments

The molarity and molality for a solution are never equal
when:
A.

the solute occupies a significant volume of the
overall solution.
B. the solute is an ionic compound.
C. the solvent has a density of 1.0 kg L–1
D. the solvent is water.

mass = m = 10 kg
velocity = v = 0 m/s
momentum = p = mv = 0

mass = 3 kg + 3 kg
velocity = –2 m/s = 2 m/s
total momentum = 0

In a chemical rocket engine, a mixture of gases are allowed
to explosively react in a compartment with one open end. The
hot gaseous products escape out the open end with great velocity
(because they’re hot) and propel the rocket in the opposite
direction to conserve momentum.
p

escaping gas

p

–

explosion

rocket

Hot gas escapes with momentum p, so the rocket is pushed
with momentum –p.
The average kinetic energy of the atoms in a sample of matter
is proportional to the absolute temperature of the sample. The
kinetic energy (KE) of a particle is defined by the equation
KE = 12 mv 2
where m is the mass and v is the speed of the particle. Clearly,
particles at rest have zero kinetic energy.
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1.

Identify the correct relationship between the kinetic
energy (KE) and momentum (p) of a gas molecule.
A.
B.
C.
D.

2.

2 × KE = p–1 × velocity
2 × KE = p × velocity–1
2 × KE = p × velocity
2 × KE = (p × velocity)1/2

Given a mixture of equimolar amounts of hydrogen and
oxygen gas under normal pressure, which one of the
following statements is true?
A.

The kinetic energy of the oxygen molecules is less
than that of the hydrogen molecules.
B. The mole fraction of hydrogen is 0.5, and the mass
fraction is 0.06.
C. Due to its larger molecular size, oxygen gas occupies
more volume than hydrogen gas.
D. The momenta of oxygen and hydrogen molecules
are equal.

4.

If ten grams of each of the gases He and Ne were heated
to 1000°C, which one would provide more rocket lift?
A.
B.
C.
D.
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Hydrogen gas will escape about four times faster
than oxygen gas.
B. The regions of escape will be colder than the
surrounding tank.
C. Escaped hydrogen gas will spontaneously explode
upon contact with the air.
D. The condensation of hydrogen and oxygen is an
exothermic process.

6.
2.5 atm
5.0 atm
6.7 atm
7.5 atm

He
Ne
They would provide the same lift.
Unable to predict

© The Princeton Review, Inc.

The space shuttle’s main tank storing the liquid hydrogen
and oxygen fuel has microscopic cracks and holes which
allow a very small amount of the liquid to vaporize and
escape to the environment. Which one of the following
statements is incorrect?
A.

The space shuttle’s liquid rockets use a fuel of liquid
oxygen and hydrogen which react to give water vapor.
The most efficient burn occurs when the ratio of hydrogen
to oxygen gas is about 2 to 1. If one-fourth of the gas in
the rocket nozzle is always water vapor, and the pressure
in the nozzle is 10 atm, what H2 partial pressure should be
maintained for an efficient burn?
A.
B.
C.
D.

3.

5.

Under what conditions does water vapor approach ideal
behavior?
A.
B.
C.
D.

Low pressure, low temperature
Low pressure, high temperature
High pressure, low temperature
High pressure, high temperature

General Chemistry

Passage 42 (Questions 1-7)

1.

Water has some unique physical characteristics. For example,
on the Earth, water is the only substance to exist naturally in
all three phases. Of all liquids, water has the lowest molecular
weight. Furthermore, under ambient pressures, liquid water
becomes less dense upon freezing, yet nearly all other substances
are most dense in the solid phase. This unusual property is
but another consequence of the strong hydrogen bonds that
exist between water molecules. In ice, water molecules align
themselves into a crystalline lattice.

A.
B.
C.
D.
2.

log of pressure (torr)

Which one of the following statements is true?
Standing on a lake that is frozen at 0°C will cause
some of the ice under foot to melt.
B. Reducing the atmospheric pressure over a solution of
water will increase that solution’s vapor pressure.
C. The vapor pressure of sea water is greater than that
of fresh water at any temperature.
D. The triple point of water occurs at a temperature
below 4 K.

The phase of water at –173°C and 102 torr pressure is:
A.
B.
C.
D.

This arrangement leaves atomic-sized cavities between every
six water molecules. It is these cavities that account for the lower
density of the solid as compared with the liquid.

4

ionic interaction in KCl.
ionic interaction in MgCl2.
hydrogen bond in ammonia.
hydrogen bond in hydrogen fluoride.

A.

3.

The phase of pure water is a function of temperature
and pressure. The phase diagram for water illustrates these
dependencies:

Each hydrogen bond in water is stronger than each:

4.

Which one of the following has the highest heat of
vaporization?
A.
B.
C.
D.

Liquid

3

solid.
liquid.
gas.
both solid and liquid

Methane
Hydrogen sulfide
Oxygen
Methanol

Solid

2

5.

1
0

Gas

1

(273 K)

2
3
log of temperature (K)

Moreover, the specific heat, heat of fusion, and heat of
vaporization of water are among the highest found of any nonmetallic substance:
Specific
heat*

Heat of
fusion

What is the minimum amount of energy that must be
added to 20 g of water at 75°C to convert it to steam at
one atmosphere pressure?
A.
B.
C.
D.

20 kJ
30 kJ
40 kJ
50 kJ

Heat of
vaporization

H2O: 4.2 J g–1 K–1 6.00 kJ mol–1 40.7 kJ mol–1
*for liquid water only

These thermal properties are a manifestation of the strong
and extensive intermolecular forces between water molecules.
© The Princeton Review, Inc.
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Passage 43 (Questions 1-7)

A.
B.
C.
D.

An athletic-shoe manufacturer decided to use a cushion
of air to provide a comfortable, shock-absorbing sole for their
next generation of basketball sneakers. The revolutionary
cushion, which we will call the rocket pocket contains 25 cm3
of compressed air (5 atm pressure) sealed in an elastic rubber
envelope.

less than 90°.
between 90° and 109.5°.
equal to 109.5°.
greater than 109.5°.

The densest phase of carbon is the solid phase. However,
carbon has two allotropic forms as a solid: graphite and
diamond, with the latter more dense than the former.
Identify which of the following phase diagrams is that of
elemental carbon.
A.

B.

diamond
liquid
graphite

gas

temperature (K)

liquid

graphite

diamond
gas
temperature (K)

5.5 cm
volume = 25 cc
horizontal cross-sectional area (top surface) = 25 cm2

gas

graphite
pressure (torr)

pressure (torr)

D.

graphite

1.0 cm

liquid

temperature (K)
C.

Rocket pocket cushion

diamond
pressure (torr)

7.

The H−O−H bond in water has an angle:

pressure (torr)

6.

liquid
diamond
gas
temperature (K)

Each sneaker will have a single rocket pocket unit, and tests
show that approximately 98% of an individual’s mass will rest
directly upon the rocket pocket cushions.
Most current high-impact footwear utilizes the shockabsorbent, polymer foams. One limitation of these foams has
been the loss of elasticity and flexibility when exposed to warm
temperatures for prolonged periods of time. So it is hoped that
the rocket pocket technology will increase the longevity of highperformance footwear.

1.

What is the pressure exerted upon each rocket pocket
when a 100 kg basketball player is standing at rest in a
pair of the new sneakers?
A. 0.98 × 100 kg × 9.8 m/s2 × 25 cm2
B. (0.98 × 100 kg × 9.8 m/s2)/(25 cm2)
C. ( 12 × 0.98 × 100 kg × 9.8 m/s2)/(25 cm2)
D. 12 × 0.98 × 100 kg × 9.8 m/s2 × 25 cm2
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General Chemistry

2.

One of the limitations of using a gas as a shock absorbing
cushion is that under high pressures, the gas may liquefy
and lose compressibility. Which of the following gases
would be the best one to use in light of this concern?
A.
B.
C.
D.

3.

Carbon dioxide
Water vapor
Bromine gas
Ammonia gas

The internal gas temperature of a rocket pocket was
measured while a subject wore a pair of the experimental
sneakers. Which plot reflects the measured temperature
(T) when a subject who was first at rest jumped and then
returned to rest?
A.

Bent
Linear
Trigonal planar
Three-membered ring

rest

land

jump

rest

rest

land

jump

rest

7.

T
rest

land

jump

rest

rest

land

jump

rest

Which one of the following statements does NOT support
the conclusion that water shouldn’t be used instead of air
for the rocket pocket?
Water is nearly incompressible.
Water is much denser than air.
Water may freeze under high pressure.
Water may freeze in cold weather.

Less than 22.4 L
Equal to 22.4 L
More than 22.4 L
Unable to determine from the information given

What is the shape of the azide ion, N3–?
A.
B.
C.
D.

D.
T

A.
B.
C.
D.

6.

T

C.

Automotive safety air bags are inflated in less than onehundredth of a second by (diatomic) nitrogen gas. The
nitrogen is produced from sodium azide, NaN3, which
decomposes to sodium nitride, Na3N, from the heat
released in an exothermic reaction between rust and
aluminum powder (called a thermite reaction). What
volume of nitrogen, at STP, will be liberated if one mole
of NaN3 completely decomposes?
A.
B.
C.
D.

B.
T

4.

5.

Tests now show that the rocket pocket’s elastic envelope
begins to develop microscopic holes with prolonged
use. While this is a concern, the holes are so small
that the cushion remains pressurized for at least a year.
Considering that the constituents of dry air are primarily
diatomic nitrogen, diatomic oxygen, argon, and carbon
dioxide, which one of these gases will leak out of the
rocket pocket cushions at the slowest rate?
A.
B.
C.
D.

Nitrogen
Oxygen
Argon
Carbon dioxide
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Passage 44 (Questions 1-7)

1.

A biologist attempted to measure the concentration of
dissolved ions (called electrolytes) in human lymphocytes.
The experimental procedure consisted of immersing four
groups of cells into four aqueous solutions (having different
concentrations) for five minutes. The solutions were prepared by
dissolving decreasing amounts of salt, NaCl, in 250 mL of water.
The diameters of the lymphocytes, measured using an optical
microscope before and after immersion, were carefully recorded.

A.
B.

The most dilute solution was Solution 1.
Osmosis of water is responsible for the results in the
first part of the experiment.
C. The height of the water column on the capillary tube
is proportional to the osmotic pressure.
D. Glucose is not an electrolyte.

2.

Solution change in cellular diameter
1

reduced by 8%

3

increased by 13%

4

Speculate why no cells were recovered from Solution 4.
A.
B.
C.

The cells dissolved in the electrolytic solution.
The cellular membranes ruptured in Solution 4.
The cells shrank to a size undetectable to an optical
microscope.
D. The lymphocyte’s cellular walls collapsed under the
intense osmotic pressure of Solution 4.

reduced by 34%

2

Which one of the following statements is FALSE?

*no cells were recovered

Solutions were labeled in order of concentration.

In a second part of this experiment, the biologist extracted 10
mL of lymphocyte cytoplasm and measured its osmotic pressure
using an osmometer.
initial

3.

A.
B.
C.
D.

final
two hours
water column’s
mass
determines π.
water permeable
membrane

pure H2O
osmometer

The osmotic pressure, π, is equal to the pressure exerted
by the column of water in a capillary tube on the surface of the
bulk solution in the osmometer. Osmotic pressure may also be
calculated using the equation
P = i × ∆M × R × T
where i is the ionizability factor, ∆M is the difference in the
molarities of the solutions, R is the gas constant (= 0.0821 L atm
mol–1 K–1), and T is the temperature.
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4.

Less than 8%
Equal to 8%
Greater than 8%
Cannot be determined without more information

Solution X and Solution Y are identical except for the fact
that their temperatures are 15°C and 30°C respectively.
The osmotic pressure of Solution Y is:
A.
B.
C.
D.

sample solution
pure H2O

Given that lymphocytes are approximately spherical in
shape, what is the change in volume of a lymphocyte in
Solution 2?

half the osmotic pressure of Solution X.
equal to the osmotic pressure of Solution X.
twice the osmotic pressure of Solution X.
None of the above

General Chemistry

5.

Aqueous solutions form a meniscus (curved surface)
in glass capillary tubes due to strong intermolecular
attractions between water molecules and the SiO2 of the
glass. The measured height of the aqueous column in an
osmometer should be from:
A.

the base of the meniscus to the surface of the bulk
liquid.
B. the top of the meniscus to the surface of the bulk
liquid.
C. the average of the top and bottom of the meniscus to
the surface of the bulk liquid.
D. the top of the meniscus to the original height of the
fluid in the capillary tube.

6.

Which one of the following equations is equivalent to
P = iMRT?
A.
B.
C.
D.

7.

PV = iMRT
PV = inRT
PV = n–1iRT
PV–1 = inRT

Which one of the following statements is true?
A.

Water molecules do not pass through an osmotic
membrane when the concentrations of solutes on the
two sides are identical.
B. The osmotic pressure of a solution is independent of
the kinetic energy of the molecules in that solution.
C. In osmosis, the direction of water flow is always into
the solution of higher solute concentration.
D. Osmotic pressure is responsible for forcing solvent
molecules across a semipermeable membrane into
the solution with greater solute concentration.

Passage 45 (Questions 1-7)
Colligative properties only depend upon the number, not the
identity, of dissolved particles in an otherwise pure compound.
For example, the freezing point depression and boiling point
elevation of an aqueous solution are proportional to i·m, the
number of dissolved particles in solution:
ΔTFP = kF · i · m
ΔTBP = kB · i · m
where ΔT is the change in the freezing or boiling point of a
solution, i is the ionizability factor of the solute, m is the molality
of the solution, and k (either kF or kB) is a constant unique to each
compound.
These equations are only accurate when a solution is very
dilute (less than 0.001 m). In more concentrated solutions,
solute molecules may appear to completely dissolve, yet on the
molecular level may continue to associate with one another in
complexes. Regardless of their size, complexing molecules
behave as if they were one particle, and because of this,
complexes exert a smaller than expected effect upon colligative
properties.
Therefore, when more accuracy is required, scientists do
not use the ideal ionizability factor, i; instead, they use a factor
adjusted to compensate for intermolecular complexes. It is
called the van’t Hoff factor, a value that must be measured in the
laboratory since it cannot be predicted theoretically.
molality of aqueous solution
Salt

0.1

0.01 0.001 expected i

NaCl

1.87 1.94 1.97

2.00

KCl

1.85 1.94 1.98

2.00

K2SO4

2.32 2.70 2.84

3.00

MgSO4 1.21 1.53 1.82

2.00

Ionic solutes show the greatest amount of complexing in
concentrated solutions.
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1.

What is the expected ionizability factor of sodium
phosphate, Na3PO4?
A.
B.
C.
D.

2.

5.

A.
B.
C.
D.

2
4
6
8

Which one of the following statements is false?

6.

A.

The molarity of a solution may change with
temperature.
B. The molarity of a solution may change with pressure.
C. The molality of a solution is independent of
temperature and pressure.
D. The molality of a solution is the number of moles of
solute per kg of solution.

3.

Why does MgSO4 have a greater association in water than
does NaCl?
A.

The electrostatic attraction between the magnesium
and sulfate ions is greater than between sodium and
chloride ions.
B. Due to its larger size, the magnesium ion does not
solvate as well as the sodium ion.
C. Metals with d electrons form coordination
complexes.
D. The chloride ion forms stronger hydrogen bonds
with water than does the sulfate ion.

4.

Which of the following interactions is most responsible
for the acetic acid dimer (cluster of two) in glacial acetic
acid?
A.

O
H3C C

B.

H3C

O
H3C C
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C.

Van’t Hoff factors may be measured by all of the
following experiments except a(n):

OH

O

C OH

H3C
O

C OH

A theoretical scientist computed the freezing point
depression of a 0.01 m solution of potassium sulfate
using the expected ionizability factor instead of the actual
van’t Hoff factor. Relative to the experimental result, his
computed result would be:
A.
B.
C.
D.

7.

boiling point elevation experiment.
melting point depression experiment.
osmotic pressure experiment.
density experiment.

10% too high.
10% too low.
30% too high
30% too low.

Under what condition should the ionizability factor of a
salt be equal to its van’t Hoff factor?
A.
B.
C.
D.

High concentrations
Low concentrations
High temperature
Low temperature

General Chemistry

Passage 46 (Questions 1-7)
***ADVANCED PASSAGE***

1.

A.
B.
C.
D.

The structure of a newly synthesized, organic liquid was
elucidated by an analytical chemist. The compound was given
the name pandorium, owing to the fact that this liquid violently
explodes when in contact with atmospheric oxygen.
O

O

2.

HS
pandorium
A physical chemist attempted to construct a vapor pressure
diagram for pandorium. The experimental procedure required
that 5 grams of the liquid be placed under an inert atmosphere
(760 torr pressure) in a sealed one-liter vessel. The liquid was
then heated until it boiled. This temperature was recorded, and
then a vacuum pump was used to slowly reduce the pressure
above the boiling liquid. As the vacuum was gently applied,
the decreasing temperature and pressure of the contents were
recorded every two minutes. The experiment continued until the
pressure inside the flask passed below 25 torr. The results of the
experiment are graphed below:

3.

VP ∝ T
VP ∝ T–1
VP ∝ log T
VP ∝ 10T

Later analysis showed that intermolecular interactions
existed between the thiol (SH) hydrogen and the peroxy
(O−O) bridge. These interactions would constitute:
A.
B.
C.
D.

4.

H2
N2
O2
F2

The pressure at each data point is taken to be equal to the
vapor pressure of the liquid at that temperature. Based
upon these data, which of the following best describes the
dependence of the vapor pressure (VP) of pandorium on
its temperature (T)?
A.
B.
C.
D.

3
log of pressure (torr)

Which one of the following gases could have served as
the inert gas in this experiment?

ionic interactions.
hydrogen bonding.
dipole interactions.
London dispersion forces.

Information in the passage indicates that:

2
A.
B.

the melting point of pandorium is greater than –47°C.
the vapor phase is in constant equilibrium with the
liquid phase throughout the experiment.
C. pandorium has a high density.
D. evaporation is an endothermic process.

1
–50 –25
0
25
temperature of the liquid (°C)

* = initial boiling point of liquid (34°C); no pressure reading
taken—pressure was assumed to be 760 torr.
Two grams of the liquid remained, and its final temperature
was –47°C.
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5.

The chemist made a subtle error when measuring the
initial boiling point of pandorium in the sealed one-liter
vessel. What did the chemist neglect to account for, and
how did this affect the result?
A.

The chemist did not account for the fact that gases
are very soluble in warm liquids; therefore, the
actual pressure was less than 760 torr, so the liquid
boiled at a lower pressure than it should have.
B. The chemist neglected the evaporating liquid and
its contribution to the overall atmospheric pressure;
therefore, the real pressure was greater than 760 torr,
so the liquid boiled at a higher temperature than it
should have.
C. The chemist neglected the fact that gases expand and
increase their pressure when heated; therefore, the
inert atmosphere exerted a higher pressure than 760
torr, so the liquid boiled at a higher temperature than
it should have.
D. Both B and C.

6.

About how many moles of pandorium are in a 5-gram
sample?

Passage 47 (Questions 1-7)
All real gases depart from ideality because intermolecular
forces cause molecules to attract and occupy slightly less volume
than that predicted by the ideal gas law. This departure is most
pronounced when gas molecules are densely packed, that is,
under high pressure and low temperature.
Similarly, aqueous ionic solutions do not behave as if
all of the ions were independent units. Some strong ion-ion
interactions persist and draw the ions into small clusters even
when the salt completely dissolves. In dilute solutions, clusters
have little effect upon properties of the overall solution and are
ignored. However, in very concentrated solutions (greater than
0.1 M), their contribution to the solution’s properties becomes
very significant.
Calcite (CaCO3) is an insoluble ionic solid. The solubility
expression of calcite (Ksp = [Ca2+]·[CO32–]) only applies to dilute
solutions. At higher concentrations, this expression is adjusted by
multiplying each ionic concentration by an activity coefficient, γ.
Therefore, the solubility expression becomes
K sp = ( γ Ca 2+ ⋅ [Ca 2+ ])( γ CO2− ⋅ [CO32− ])
3

7.

0.01
0.03
0.05
0.10

Experiments have quantified the relationship between the
solubility of calcite in various strengths of two different ionic
solutions.

Which one of the following compounds is most likely to
be a solid at room temperature?
A.

OH

OH

Solubility of CaCO3
(millimoles Ca per L)

A.
B.
C.
D.

3.0

MgCl2 solution

2.0
NaCl Solution
1.0

solubility if behaving ideally

0
strength of ionic solution

B.

C.

D.
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OH

OCH3

Keep in mind that the activity coefficient may be considered
a correction factor that accounts for those ions that cluster
with other ions and water molecules and no longer act as
independent particles. An activity coefficient is a function of
temperature, pressure, and concentration. Furthermore, over
most concentrations, the activity coefficient varies inversely with
the concentration of the solution, with typical values being less
than one.

General Chemistry

1.

In very dilute solution, the values of all activity
coefficients approach:
A.
B.
C.
D.

2.

3.

A.
B.
C.
D.
4.

0.1 M NaCl
0.1 M MgCl2
0.1 M KCl
0.1 M CaCl2

Calcite is more soluble in a solution of MgCl2 than in a
solution of NaCl because of a greater degree of clustering.
The ion–ion interaction that is primarily responsible for
this is:
A.
B.
C.
D.

6.

Mg2+–Ca2+.
Mg2+–CO32–.
Na+–CO32–.
Na+–Ca2+.

7.

0.01 M CsCl
0.01 M Al(NO3)3
0.01 M MgSO4
0.01 M Li2CO3

One gram of a salt was added to 200 mL of pure water
and completely dissolved. That salt could have been:
A.
B.
C.
D.

10–2
10–4
10–6
10–8

Calcite will be least soluble in a solution of:

Which one of the following ionic solutions should behave
the most ideally?
A.
B.
C.
D.

0.
0.5.
1.0.
the absolute concentration of the ions.

According to the passage, what is the approximate value
of the solubility constant for calcite in pure water?
A.
B.
C.
D.

5.

AgCl.
PbSO4.
Cd(NO3)2.
BaCO3.

Coulomb’s law states that the electrostatic force between
charged particles is proportional to the product of their
charges and inversely proportional to the square of their
separation distance. Explain why most ionic compounds
are more soluble in hot water than in cold water.
A.
B.

The charge of ions decreases at higher temperatures.
The hydrogen bonding between water molecules
increases with increasing temperature.
C. Molecular vibrations in crystal lattices spread ions
apart at higher temperatures.
D. Solvation shells around ions are more stable because
water molecules at higher temperatures have less
kinetic energy.
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Passage 48 (Questions 1-8)

1.

A general chemistry laboratory exercise required a student
to identify four unknown cations dissolved in a solution. The
procedure for the qualitative analysis read as follows:
“Separate the initial sample into two equal portions. Place one
portion into a test tube and immerse the tube in a boiling water
bath for five minutes. Remove the test tube and allow it to cool to
ambient temperature before beginning the analysis.”

A.
B.
C.
D.
2.

“Follow the schematic given below explicitly. Be sure to
carefully add one reagent at a time and mix the contents of the
test tube. If a precipitate forms, filter the contents, and then
continue the analysis on the remaining filtrate. Keep careful
records of all positive and negative results.”
unknown ions
in solutions
Ag+
Hg2

solid

2+

Cu2+

soln.

Pb

3.

solid
soln.

Bi3+
Al

4.
solid

Zn2+

The sample was initially heated to drive off any
dissolved CO2.
B. All Group II metal sulfates are soluble.
C. The temperature of the sample was initially heated
to about 100°C.
D. All Group II metal carbonates are insoluble.

soln.
Ba

Based on the information in the passage, which one of the
following statements is FALSE?
A.

add H2SO4
solid
soln.

2+

nitrate ion.
sulfate ion.
carbonate ion.
bromide ion.

add H2S and NH3

3+

Fe2+

Adding HCl and smelling for ammonia
Adding NaOH and smelling for ammonia
Precipitating it out with K2CrO4
Precipitating it out with Li2CO3

The second portion of the original sample was
concentrated by evaporation and subsequently used in
a test to identify the anions in solution. In one step, gas
bubbles formed after the addition of conc. HCl. This gas
evolution confirmed the presence of the:
A.
B.
C.
D.

add H2S

one time.
two times.
three times.
four times.

Which of the following tests could be used to identify the
presence of aqueous NH4+?
A.
B.
C.
D.

add HCl
2+

According to the laboratory procedure, a solution
containing lead, barium, silver, and ammonium ions
should be filtered (a total of):

Mg2+
Sr

2+

solid
soln.

Ca

2+

add CO2(g)

Group I ions and NH4+
“Warning: HCl, H2SO4, and NH3 are corrosive to the skin and
eyes. H2S is a toxic gas that should be handled with the utmost
caution.”
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5.

A yellow precipitate formed after Pb(C2H3O2)2 was added
to an unknown solution. The precipitate could be:
A.
B.
C.
D.

lithium acetate.
aluminum acetate.
lead nitrate.
lead bromide.

General Chemistry

6.

The purpose of adding ammonia along with hydrogen
sulfide in step three of the qualitative analysis procedure
was to:
A.

increase the solubility of H2S by lowering its boiling
point.
B. lower the pH.
C. neutralize HCl.
D. form the (NH4)2S precipitate.

7.

Why did the hot sample have to cool before the test
began?
A.
B.
C.

Most insoluble salts are more soluble in hot solution.
HCl is not stable at higher temperatures.
H2S and ammonia are too soluble at high
temperatures.
D. All of the above.

Passage 49 (Questions 1-7)
Over the last decade, atmospheric scientists have observed
a substantial reduction in the concentration of stratospheric
ozone directly attributable to the emission of chlorine-bearing
man-made gases. Ozone reduction has been particularly acute
over Antarctica, leading to an Antarctic “ozone hole” in the
southern hemisphere winters. It is believed that this ozone hole
is a consequence of the presence of polar stratospheric clouds
(PSCs) that are formed from the crystallization of water vapor
and gaseous nitric acid, a process that only occurs at very low
temperatures.
T < 195 K

HNO3(g) + 3 H2O(g)

→

HNO3·3H2O(s)

Nitric acid trihydrate crystals, called NAT crystals, indirectly
catalyze the destruction of O3(g) by producing chlorine gas.
Cl·(g) + HNO3·3H2O(s) → HCl(g) + ·ONO2·3H2O(s)

8.

What is the [Pb2+] achieved after combining 150 g of lead
iodide and 100 mL of water?
A.
B.
C.
D.

< 0.1 M
0.1 M
0.33 M
3.3 M

·ONO ·3H O(s) + Cl·(g) → ClONO ·3H O(s)
2

2

2

2

HCl(g) + ClONO2·3H2O(s) → Cl2(g) + HNO3·3H2O(s)
In the presence of sunlight, Cl2(g) is rapidly photolyzed,
initiating the chain reaction that leads to the loss of O3(g).
Rate magnitude
Cl2(g) + hv → 2 Cl·(g)

seconds

2·[Cl·(g) + O3(g) → ClO·(g) + O2(g)]

minutes

ClO·(g) + ClO·(g) → Cl2O2(g)

hours

Cl2O2(g) + hv → 2 Cl·(g) + O2(g)

seconds

Once produced, Cl· can be recycled, destroying tens to
hundreds of ozone molecules before being removed from the
stratosphere.
Approximate s bond energy between nonmetal atoms:
O–O

140 kJ·mol–1

O–H

465 kJ·mol–1

O–Cl

210 kJ·mol–1

Cl–H

430 kJ·mol–1

Cl–Cl 243 kJ·mol–1
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1.

In the production of chlorine, NAT crystals serve as a:
A.
B.
C.
D.

2.

|

6.

Bent
Linear
Trigonal planar
Trigonal pyramid

© The Princeton Review, Inc.

What is the rate law for the catalyzed destruction of ozone
by chlorine?
A.
B.
C.
D.

7.

What is the shape of the ozone molecule?
A.
B.
C.
D.

342

Water would boil at a temperature lower than 100°C.
The partial pressure of ozone at these altitudes is
greater than 8 torr.
C. Water will freeze at temperatures well above 100°C.
D. Gaseous reactions cannot occur at these low
pressures.

Yellow
Green
Blue
Ultraviolet

–280 kJ/mol
–140 kJ/mol
+140 kJ/mol
+280 kJ/mol

Considering that the atmospheric pressure at stratospheric
altitudes is about 8 torr, which one of the following
statements must be true?
A.
B.

Determine ∆Hrxn for the third step in the chain destruction
of ozone by chlorine.
A.
B.
C.
D.

4.

primary reactant.
secondary reactant.
homogeneous catalyst.
heterogeneous catalyst.

Given that the energies of a red, green, and violet photon
are 170 kJ/mol, 225 kJ/mol, and 290 kJ/mol, respectively,
what is the longest wavelength of visible light than can
initiate the catalytic destruction of ozone?
A.
B.
C.
D.

3.

5.

Rate = k[Cl2]
Rate = k[Cl][O3]
Rate = k[ClO·]2
Rate = k[ClO·]2 / [Cl2O2]

Considering that chlorine can catalyze the destruction
of O3 in the stratosphere, which one of the following
statements must NOT be true?
A.
B.

Chlorine lowers the Ea of the rate-determining step.
Chlorine does not affect the overall energy released
during the destruction of ozone.
C. The concentration of O3 in the stratosphere is greater
than it should be at equilibrium concentrations.
D. None of the above

General Chemistry

Passage 50 (Questions 1-7)
***ADVANCED PASSAGE***

1.

A chemist used the following apparatus to measure some
thermodynamic and kinetic characteristics of three systems of
monatomic gases:

A

A.
B.
C.
D.

B
2.

test gas

initial pressure final internal pressure
in flask B
of apparatus

test 1

M

240 mm Hg

132 mm Hg

test 2

N

620 mm Hg

535 mm Hg

test 3

O

450 mm Hg

148 mm Hg

Z – Z*.
Z* – Z.
Z – Z* + 760 mm Hg.
Z* – Z + 760 mm Hg.

This experiment assumes that:
A.
B.
C.

individual gas molecules exert equal pressures.
the gases are not ideal.
the pressure of a gas is proportional to its
temperature.
D. the volume of a gas is proportional to its temperature.

Some gas mixtures were expected to react while others were
not. In each trial, Flask A was filled with 450 torr of Gas F. The
pressure of the gas in Flask B varied with each trial and was
measured in situ by an attached mercury manometer.
Experiments began when the valve separating the flasks was
opened. In the first set of trials, the final equilibrium pressure of
the mixture was measured with the manometer.

Considering the apparatus utilized in this experiment, if
the height of the liquid in the left and right tubes of the
manometer are Z and Z*, respectively, then the pressure
inside Flask B equals:

3.

Given that Flasks A and B have the same volume, which
of the following gas mixtures did not react?
A.
B.
C.
D.

F and M
F and N
F and O
None of the above

The second phase of the experiment was designed to
determine the rates of the following chemical reaction between
Gases F and P:
2 F(g) + P(g) → F2P(g)
The same apparatus was used to measure the change in
pressure as the reaction proceeded. Six trials were performed in
hopes of elucidating the kinetic characteristics of each reaction
component.
initial
pressure
of P

–(∆pressure*)

510 mm Hg

490 mm Hg

32 mm Hg·m–1

2 630 mm Hg

422 mm Hg

34 mm Hg·m–1

3 705 mm Hg

392 mm Hg

30 mm Hg·m–1

4 528 mm Hg

301 mm Hg

8 mm Hg·m–1

5 258 mm Hg

304 mm Hg

4 mm Hg·m–1

6 263 mm Hg

599 mm Hg

16 mm Hg·m–1

initial
pressure of F
1

*Note: Here, ∆pressure equals the pressure 60 seconds after
the reaction began minus the initial pressure.
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4.

5.

What is the rate law for the reaction of Gas F with Gas P?

Passage 51 (Questions 1-6)

A.
B.
C.
D.

Among the products formed by internal combustion engines
are carbon monoxide (CO) and several oxides of nitrogen, such
as nitrogen monoxide (NO) and nitrogen dioxide (NO2). These
gases enter the air and undergo a number of possible reactions.

The rate constant of a reaction does NOT depend upon:
A.
B.
C.
D.

6.

the temperature of the reaction.
the molecular shape of the reactants.
the activation energy of the reactants.
the free energy of the reaction.

For example, NO is a colorless gas which reacts spontaneously
with oxygen to form NO2, a reddish-brown gas. NO2 can then
react with H2O to form nitric acid, thereby increasing the acidity
of rain. At low temperatures, NO2 molecules can also dimerize to
form dinitrogen tetroxide (N2O4).
Another known atmospheric reaction is the following one
between NO2 and CO:

The melting point of mercury metal is closest to:
A.
B.
C.
D.

7.

Rate = k·[F]
Rate = k·[P]
Rate = k·[F]2·[P]
Rate = k·[F]·[P]2

NO2(g) + CO(g) → NO(g) + CO2(g)

250 K.
300 K.
350 K.
400 K.

Reaction 1
This reaction follows a two-step mechanism:

The vapor pressure of the mercury within the manometer
does NOT depend upon:
A.
B.
C.
D.

dissolved impurities.
temperature.
the external pressure.
the intermolecular forces between mercury atoms.

(1a)

NO2(g) + NO2(g) → NO3(g) + NO(g)

(slow)

(1b)

NO3(g) + CO(g) → NO2(g) + CO2(g)

(fast)

In addition, NO and CO are ozone-depleting compounds.
Before the addition to the atmosphere of chemicals that react with
ozone, the level of ozone present was in equilibrium, maintained
by a photochemical process. Currently the dynamics of the ozone
layer are disrupted by self-propagating chain reactions. One such
mechanism is given below:
(2a)

NO(g) + O3(g) → NO2(g) + O2(g)

(2b)

NO2(g) + O(g) → NO(g) + O2(g)

The net reaction is:
O3(g) + O(g) → 2 O2(g)
Reaction 2
1.

A 1.00 L vessel at 400°C contains the following
equilibrium concentrations: [NO] = 0.1 M, [CO2] =
0.02 M, [NO2] = 0.01 M, and [CO] = 0.1 M. What is the
equilibrium constant of Reaction 1?
A.
B.
C.
D.
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0.5
1.0
2.0
4.0

General Chemistry

2.

Reaction 1 is initially at equilibrium. A consequence of
adding more NO2(g) is that:
A.
B.
C.
D.

3.

the equilibrium constant will increase.
the equilibrium constant will decrease.
the reaction will proceed in the forward direction.
the reaction will proceed in the reverse direction.

NO is an intermediary complex.
Step 1a of the mechanism determines the overall rate
of reaction.
C. Step 1b of the mechanism is the rate-limiting step.
D. The addition of a catalyst would increase the
activation energy.

According to the passage, in the absence of ozone
depleting chemicals, which of the following is necessary
for maintenance of the ozone layer?
A.
B.
C.
D.

5.

One of the most studied reactions in the field of kinetics is
the decomposition of hydrogen iodide, HI. In the absence of
light, HI decomposes by a single elementary reaction:
2 HI → H2 + I2
Reaction 1

Which of the following is true about Reaction 1?
A.
B.

4.

Passage 52 (Questions 1-8)

Water vapor
Nitrogen oxides
Electromagnetic radiation
Atmospheric pressure

Ozone-depleting reactions such as the one given in the
passage are particularly nocuous because the destructive
chemical:
A.
B.
C.

is produced in massive quantities.
is more reactive than ozone.
diffuses quickly into the upper atmosphere where the
ozone layer is located.
D. acts as a catalyst.

Reaction 1 is exothermic and, if uncatalyzed, has an
activation energy of 184 kJ/mol. Various metal surfaces act as
catalysts for this reaction. In the presence of gold and platinum
catalysts, the activation energies for Reaction 1 are 105 kJ/mol
and 59 kJ/mol, respectively.
The decomposition of HI becomes a photochemical reaction
when exposed to light of wavelengths less than 327 nm. The HI
molecule absorbs the photon’s energy, hƒ (where h is Planck’s
constant and ƒ is the frequency of the light). With this energy, the
HI molecule dissociates in a three-step mechanism as shown in
Reactions 2a, b, and c:
(2a)

HI + hƒ → H• + I•

(2b)

H• + HI → H2 + I•

(2c)

2 I• → I2
Reaction 2

In the laboratory, the photochemical decomposition of HI was
studied by monitoring the mole percents of HI, I•, and I2 during
the course of the reaction. As shown in Figure 1, initially there
was only HI present (and light of the appropriate wavelength).

100
HI

6.

In order for the level of ozone to be maintained in
dynamic equilibrium, the rate at which ozone-depleting
processes occur must be:
A.
B.
C.
D.

less than the rate at which ozone is formed.
equal to the rate at which ozone is formed.
greater than the rate at which ozone is formed.
equal to zero.

I

Mole
percent

I2

Reaction coordinate
Figure 1
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1.

Using the experimental data below, which of the
following is the proper rate law expression for
Reaction 1?

A.
B.
C.
D.
2.

Trial

[HI]t=0

Initial Rate (M/s)

1

1.0

5.0 × 10–4

2

2.0

2.0 × 10–3

3

3.0

4.5 × 10–3

4

4.0

8.0 × 10–3

4.

A.

increased initial rate of the forward reaction and
increased equilibrium concentration of HI.
B. increased initial rate of the forward reaction and
increased equilibrium concentration of H2 and I2.
C. decreased initial rate of the reverse reaction and
decreased equilibrium concentration of HI.
D. decreased initial rate of the reverse reaction and
increased equilibrium concentration of H2 and I2.

Rate = k
Rate = k[HI]
Rate = 2k[HI]
Rate = k[HI]2

5.

Keq = [HI] / [H2 ][I2 ]
Keq = [HI]2 / [H2 ][I2]
Keq = [H2][I2] / [HI]
Keq = [H2][I2] / [HI]2

For any reaction, the rate constant k will generally
increase with all of the following EXCEPT:
A.
B.
C.
D.

If Reaction 1 were found to occur as a reversible reaction,
2 HI  H2 + I2, which of the following would be an
expression for the equilibrium constant for this reaction
as written?
A.
B.
C.
D.

Assuming that Reaction 1 is reversible, increased
temperature within the reaction system would most likely
produce:

6.

addition of a catalyst.
increased temperature.
increased concentration of reactants.
decreased activation energy.

Using the table below, what type of light would cause the
photochemical decomposition of HI to occur?
Wavelength range (m)

Common name

1.0 × 10 down to 7.0 × 10
–3

Which one of the following graphs best illustrates the
results of surface catalysts on the reaction profile of
Reaction 1?
A.

Energy

uncatalyzed

B.

Au

Pt

Pt

Au

uncatalyzed D.

uncatalyzed
Pt

Energy

Reaction coord
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Energy

Au
Pt

–7

Red to orange

–7

5.9 × 10 down to 4.8 × 10

Yellow to green

–7

4.8 × 10 down to 4.0 × 10

Blue to violet

4.0 × 10 down to 5.0 × 10

Ultraviolet

–7

–7
–7

A.
B.
C.
D.

Infrared

–8

Infrared
Yellow light
Violet light
Ultraviolet

Reaction coord

Reaction coord
C.

7.0 × 10 down to 6.3 × 10
–7

uncatalyzed

Energy

3.

–7

Au

Reaction coord

7.

Which one of the following changes would cause a
saturated solution of HI(aq) to drive off HI(g)?
A.
B.
C.
D.

The addition of a catalyst
An increase in temperature
An increase in the atmospheric pressure
The neutralization of HI(aq)

General Chemistry

8.

If the photochemical decomposition of HI were studied
by monitoring the mole percents of HI, H, and H2, as
a function of reaction progress, which of the following
graphs would best represent the results?
A.

100
HI
Mole
percent

H2
H

Reaction coordinate
B.

Passage 53 (Questions 1-8)
An atom is in the ground state if all of its electrons occupy
orbitals that correspond to the lowest energy levels available to
them. The ground state for oxygen, for example, is represented by
1s2 2s2 2p4 and that for sulfur is represented by 1s2 2s2 2p6 3s2 3p4.
When an atom in the ground state absorbs energy, an electron
is elevated to a higher energy level, and a dark band appears on
its absorption spectrum. When the excited electron returns to
the ground state, a photon is emitted, producing a bright band
on the emission spectrum. Absorption and emission spectra yield
important information about the energy levels associated with
the electrons of various atoms and ions.
Hydrochloric acid, for example, is created by combining
hydrogen and chlorine gases as shown in Reaction 1:

100
HI
Mole
percent

H2(g) + Cl2(g)  2 HCl(g) ∆H = –92.3 kJ/mol

H2
H

Reaction 1

Reaction coordinate
C.

100
HI
Mole
percent

H
H2

In aqueous solutions of hydrochloric acid (HCl), the electron
configuration of the conjugate base Cl– may be ascertained by
absorption spectroscopy. In the ground state, the chloride ion’s
additional electron occupies the last position in the 3p subshell,
so that the configuration is identical to that of the inert gas, argon:
1s2 2s2 2p6 3s2 3p6.
An unknown hydrogen halide, HX was heated in a solution of
the strong base NaOH. It was observed that on excitation, ions of
the conjugate base revealed the electron configuration 1s2 2s2 2p6
3s2 3p6 4s2 3d10 4p5 5s1.

Reaction coordinate
D.

100
HI
Mole
percent

H2
H

Reaction coordinate
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1.

A.
B.
C.
D.
2.

5.

Br
Br –
Kr
Kr –

Based on the table below, which of the following
conclusions can best be drawn regarding each of the listed
hydrogen halides and the bonding between the associated
hydrogen and halide atoms?
Hydrogen
halide

Bond diss. energy
of hybrid orbital (kJ/mol)

Radius of
halide atom

HF

567

1.33 Å

HCl

431

1.81

HBr

366

1.96

HI

299

2.19

Stronger bonds are associated with smaller halide
atoms.
B. Stronger bonds involve hybrids of greater lengths.
C. Smaller halide atoms display hybrids with greater
lengths.
D. Smaller halide atoms are associated with weaker
bonds.

|
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[H2][Cl2] / [HCl]
[H2][Cl2] / [HCl]2
[HCl] / ([H2][Cl2])
[HCl]2 / ([H2][Cl2])

In a separate experiment, two additional hydrogen halides
were studied. What can best be concluded about the
ground state electron configurations of the two conjugate
bases?
A.
B.
C.
D.

8.

red shift.
no absorption.
bright bands.
dark bands.

A.

348

7.

1s2 2s2 2p4
1s2 2s2 2p5
1s2 2s2 2p3 3s1
1s2 2s2 2p1 3s2

When the unknown conjugate base derived from the
unknown hydrogen halide HX is excited, its absorption
spectrum would most likely show:
A.
B.
C.
D.

For Reaction 1, Keq is best expressed by which of the
following?
A.
B.
C.
D.

Which of the following was most likely the conjugate
base of the unknown hydrogen halide?
A.
B.
C.
D.

4.

0.1
1.0
2.0
7.0

Which one of the following best represents the electron
configuration of an oxygen atom in an excited state?
A.
B.
C.
D.

3.

6.

What is the pH of a 0.1 M solution of HCl?

They have excited electrons.
They are missing electrons.
They are the configurations of two inert gases.
They are the configurations of two metals.

A chemist manufactures gaseous hydrogen chloride by
combining hydrogen and chlorine in a closed container
as shown in Reaction 1. When the reaction reaches
equilibrium, an increase in the temperature of the reaction
container would result in:
A.

an increase in the concentration of hydrogen
chloride due to the increased rate of reaction.
B. an increase in the concentration of hydrogen
chloride due to the decrease in enthalpy associated
with the forward reaction.
C. a decrease in the concentration of hydrogen
chloride due to the increase in molar quantity of gas
associated with the forward reaction.
D. a decrease in the concentration of hydrogen chloride
due to the exothermic nature of the forward reaction.

General Chemistry

Passage 54 (Questions 1-8)

1.

A chemist attempted to measure and contrast the solubilities
of carbon dioxide, hydrogen sulfide, and nitrogen in water, noting
that carbon dioxide and hydrogen sulfide undergo dissociation
reactions in solution:
CO2(g)  CO2(aq)

Kdiss

CO2(aq) + H2O(l)  H2CO3(aq)

(1)

H2CO3(aq)  H+(aq) + HCO3–(aq)

(2)

HCO3 (aq)  H (aq) + CO3 (aq)

(3)

H2S(g)  H2S(aq)

Kdiss

H2S(aq)  H+(aq) + HS–(aq)

(4)

–

+

2–

A.
B.

CO2 and H2S are polar molecules, while N2 is not.
CO2 and H2S produce ions in solution, while N2 does
not.
C. CO2 and H2S are weak acids in water, N2 is not.
D. The covalent bonds in CO2 and H2S are polar, but
those in N2 are not.

2.

The Kdiss of all gases increases with temperature.
The Kdiss is directly proportional to the kinetic energy
of the solvent.
C. Weak acids dissociate more in warmer water.
D. The vapor pressure of dissolved gases increases
rapidly with temperature.

closed-end
manometer
3.

water
inlet

Trial
Set

the dissolution of gas in water is an endothermic
process.
B. the ionization of a weak acid is an exothermic
process.
C. the compression of a gas releases heat.
D. friction converts the kinetic energy of the flowing
water into potential energy.

CO2 1312

2

1307

3

1311

1

H2S 1357

2

1363

3

1363

1

4.

N2

1520

2

1519

3

1521

Approximately how many moles of nitrogen were used in
each trial of the set #3 experiments?
A.
B.
C.
D.

Gas Measured pressure (in torr)

1

During each trial, the temperature of the vessel’s contents
increased by several degrees as the water was added to
the sample of gas. This is because:
A.

10.0 L
vessel
During each trial of the experiment, she evacuated all of the
air from the system and then filled the vessel with one of the
gases above to a pressure of 760 torr at 25°C. Five L of water was
then slowly pumped into the vessel without allowing any of the
gas to escape. After the system was allowed to reach equilibrium
for one hour, the pressure of the gas over the water was recorded.
Each gas was analyzed three times in this manner.

The chemist noted that in all cases, the solubility of the
gases decreased with increasing temperature. Why might
this be so?
A.
B.

She constructed a special 10.0 L airtight vessel equipped
with a very sensitive closed-end manometer.

gas
inlet

Which one of the following statements is NOT a correct
explanation for the observation that CO2 and H2S are
more soluble than N2?

5.

0.1
0.4
0.8
1.0

The addition of sodium hydroxide to the water used in
these experiments would:
A.
B.
C.
D.

increase the solubility of CO2.
decrease the solubility of CO2.
increase the Kdiss of CO2.
decrease the Kdiss of CO2.

Note that the vapor pressure of pure water is 24 torr at 25°C.
© The Princeton Review, Inc.
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6.

Which one of the following conclusions is NOT
supported by the data in this experiment?
A.
B.
C.

At 25°C, CO2 is more soluble than H2S or N2.
Nitrogen gas is completely insoluble in water.
The pH values of the CO2 and H2S solutions are less
than 8.
D. None of CO2, H2S, and N2 reacts violently with
water.

7.

At low pH, a mixture of pure acetaldehyde and ethylene
glycol undergoes a reversible condensation reaction forming a
cyclic acetal.
O
H3C C

precise, but not very accurate.
precise and accurate.
not very precise, but accurate.
neither precise nor accurate.

A fourth set of experiments was performed using
molecular oxygen. If the value of the Kdiss for oxygen in
water was determined to be 0.02 at 25°C, then the value
of Kdiss of O2 could be 0.01 in a solution with:
A.
B.
C.
D.

lower pressure.
higher temperature.
an O2(g) to O2(aq) catalyst.
more water.

+
H

HO

OH

H2C

CH2

H+

If it was later found that the pressure of the nitrogen
atmosphere above the solution should have been 1475 torr,
then the chemist’s results were:
A.
B.
C.
D.

8.

Passage 55 (Questions 1-7)

O

CH2

H3C C H
O

+ H2O
CH2

In an experiment, four mixtures containing different ratios
of pure acetaldehyde and ethylene glycol (given below) were
allowed to react in toluene (using 1.0 mL of sulfuric acid as a
source of a catalytic amount of H+ to initiate the reaction) and
come to equilibrium. Once at equilibrium, the amount of acetal
was recorded. The complete listing of all data in this experiment
follows:
CH3CHO (mol) HOCH2CH2OH (mol) acetal yield (mol)
0.500

0.500

0.270

1.000

0.500

0.360

1.000

1.000

0.545

1.000

1.500

0.650

Note that in each case, a water bath was used to buffer the
reaction temperature near 25°C. It was found that in the absence
of the bath, the reaction vessel warmed significantly.
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General Chemistry

1.

What is the equilibrium expression for the acetal reaction?
A.
B.
C.
D.

2.

3.

6.

Which one of the following statements is NOT correct?
The addition of a catalyst has no effect on a system
which is at equilibrium.
B. The rate constant and the equilibrium constant of a
reaction are directly proportional to one another.
C. Insoluble ionic compounds are electrolytes.
D. Exothermic reactions are shifted to the products at
lower temperatures.

7.

What are the geometries of the carbonyl carbon (the C=O
carbon) in acetaldehyde and then in the acetal?
A.

The initial pH of a solution of sulfuric acid, acetaldehyde,
and ethylene glycol was 1.3. Which one of the following
plots illustrates how the pH of the solution changed as the
solution was allowed to reach equilibrium as acetal and
water were formed?
A.

shift the reaction to the reactants.
shift the reaction to the products.
have no effect.
cause the reaction to stop.

A.

decrease.
increase.
remain the same.
change, but there is not enough information to
predict how.

water.
acetal.
ethylene glycol.
acid.

Increasing the pressure upon the equilibrated acetal
reaction would:
A.
B.
C.
D.

The reaction would be shifted to the reactants by
removing:
A.
B.
C.
D.

4.

[CH3CHO]·[HOCH2CH2OH] / [acetal]·[H2O]
[acetal]·[H2O] / [CH3CHO]·[HOCH2CH2OH]
[acetal] / [CH3CHO]·[HOCH2CH2OH]
[acetal] / [CH3CHO]·[HOCH2CH2OH]·[H+]

If this reaction were heated, then the yield of acetal
would:
A.
B.
C.
D.

5.

Trigonal pyramid in acetaldehyde and trigonal
pyramid in acetal
B. Trigonal pyramid in acetaldehyde and tetrahedral in
acetal
C. Trigonal planar in acetaldehyde and trigonal pyramid
in acetal
D. Trigonal planar in acetaldehyde and tetrahedral in
acetal

B.
pH

pH
Time

Time
D.

C.
pH

pH
Time

Time
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Passage 56 (Questions 1-6)

1.

Many of the daughter elements of nuclear fission are
particularly poisonous because many of these radioactive
elements are actively absorbed by the human body. Radioactive
isotopes are chemically indistinguishable from their stable
cousins, and, as such, are absorbed by cells as if they were normal
nutrients. For example, radioactive iodine, 131I, is absorbed and
concentrated in the thyroid gland.
131

A.

Have victims ingest soluble lead nitrate, because
lead will precipitate out all halogens from solution.
B. Inject victims with 131I to prevent additional
absorption.
C. Have victims ingest solutions containing normal 127I.
D. To increase the decay rate of 131I, boil all food before
consuming it.

I(environment)  131I(thyroid)

Needless to say, chronic exposure to iodine-131 leads to a
high risk of thyroid cancer.

2.

Another potential threat is the absorption of strontium-90.
While only trace amounts of strontium are required by the body,
enzymes often mistake Sr for Ca and incorporate the Sr into the
bone matrix. Once in the bone, strontium usually remains there
until death due to the low solubility of strontium compounds.
strontium compound

Ksp

strontium fluoride

10–6

strontium sulfate

10–7

strontium carbonate

10–9

strontium phosphate

10–28

Radioactive cesium-137 is an additional hazard of nuclear
waste. Unlike iodine and strontium, cesium is not concentrated
in any specific tissue or organ. Instead, 137Cs remains in the
bloodstream and in intercellular fluids that are rich in other
Group I metal ions until it is removed by passive diffusion by
the kidneys. Internally, acute 137Cs exposure is very deleterious.
However, due to its chemical nature, chronic 137Cs exposure can
be effectively curtailed through proper treatment.
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The Chernobyl catastrophe released tons of radioactive
131
I into the environment. What treatment could minimize
the ingestion of 131I on contaminated food?

What is the approximate concentration of strontium ions
in a saturated solution of strontium phosphate?
A.
B.
C.
D.

3.

10–6 M
10–10 M
10–15 M
10–30 M

Which one of the following statements is true?
A.

In humans, Cs+ can be expected to eventually
precipitate out with Cl–.
B. In humans, Cs+ can be expected to precipitate out
with carbonate.
C. Cs+ will concentrate in vesicles rich in Mg+.
D. Cs+ will concentrate in vesicles rich in K+.

4.

If strontium-90 is a beta emitter, then the daughter
element of this decay is:
A.
B.
C.
D.

Kr.
Rb.
90
Y.
91
Sr.
86
90

General Chemistry

5.

Kidney stones form over time as insoluble ionic
compounds gradually precipitate out of solution. It has
been found that these stones do not form in patients with
more acidic urine. Which one of the following salts might
be expected to compose a substantial mass of a kidney
stone?
A.
B.
C.
D.

Passage 57 (Questions 1-7)
Imines are formed from the condensation of a primary or
secondary amine and a ketone or aldehyde. One example of an
imine condensation is the reaction between propylamine and
cyclohexanone:

NH4Cl
Na2CO3
CaCO3
Sr(NO3)2

O
CH3CH2CH2NH2

+

H+
6.

One gram of insoluble Pb131I2 containing only radioactive
131
I was added to 100 mL of water. Then one gram of
soluble NaI (with 127I) was added to the solution and
completely dissolved. Which one of the following
statements is correct?
A.

The addition of Na127I will decrease the amount
of radioactive iodine in solution because of the
common-ion effect.
B. The addition of Na127I has no effect upon the
solubility of Pb131I2.
C. The [131I–] dissolved in solution will increase after
the addition of Na127I because of the dynamic
equilibrium in solution.
D. The addition of Na127I will make the solution reach
critical mass and explode.

CH3CH2CH2N

+

H2O

Imine condensation reactions are catalyzed by acid. Typical
equilibrium constants for these reactions have values between 1
and 10, depending on the nature of the reactants and products.
These reactions are most often carried out at temperatures
between 40°C and 100°C.
The yield of imine product can be maximized by using an
excess of the reactants and/or removing the products as they are
formed. The data for the variability of product yield as a function
of reactant concentrations are given below:
moles of
propylamine

moles of
yield of
cyclohexone imine

1

5

90%

1

10

95%

2

1

78%

2

5

815

Table 1
All reactions were carried out at 90°C in 250 mL of toluene.
(Note: The BP of toluene is 110.6°C at 760 torr.)

1.

Which one of the following statements is true for the
reaction described in the passage?
A.

The equilibrium constant has a different value for
each mixture of propylamine and cyclohexanone.
B. Water appears in the equilibrium expression.
C. Adding propylamine will decrease the number of
moles of imine produced.
D. The equilibrium constant of this reaction is pH
dependent.
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2.

3.

The reaction double arrow indicates:

Passage 58 (Questions 1-8)

A.
B.
C.
D.

Two theoretical chemists attempted to explain the observed
trends of acidity by applying two interpretations of molecular
orbital theory. Consider the pKa’s of some common acids listed
along with each acids conjugate base:

equilibrium.
reversibility.
a redox reaction.
loss of H+.

acid

How many grams of water are produced in the reaction
between 2 moles of propylamine and 1 mole of
cyclohexanone?

H2SO4

A. 5
B. 10
C. 14
D. 18
4.

The theoretical yield of a reaction depends upon the:
A.
B.
C.
D.

concentration of the reagent in excess.
number of catalytic sites.
amount of product recovered.
concentration of the limiting reagent.

pKa conjugate base
<0

HSO4–

H2CrO4 5.0

HCrO4–

H3PO4

2.1

H2PO4–

HF

3.9

F–

HOCl

7.8

ClO–

HCN

9.5

CN–

HIO3

1.2

IO3–

Recall that acids with a pKa < 0 are called strong acids, and
those with a pKa > 0 are called weak acids. The arguments of the
chemists are given below.
Chemist #1:

5.

Which one of the following statements is FALSE?
A.

At 110°C, the vapor pressure of pure toluene is less
than that of pure water.
B. Both propylamine and cyclohexanone may hydrogen
bond with water.
C. Since toluene is a hydrocarbon, it will not be water
soluble.
D. None of the above

6.

The imine product has all of the following EXCEPT:
A.
B.
C.
D.

7.

The forward reaction for the equilibrium system presented
in the passage is characterized as a condensation. The
reverse reaction is best characterized as a(n):
A.
B.
C.
D.
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nonbonding electrons.
intermolecular van der Waals forces.
intermolecular dipole forces.
intermolecular hydrogen bonds.

hydrolysis reaction.
esterification reaction.
elimination reaction.
reduction.

© The Princeton Review, Inc.

“The acidity of a compound is proportional to the polarization
of the H−X bond, where X is some nonmetal element. Complex
acids, such as H2SO4, HClO4, and HNO3 are strong acids
because the H−O bonding electrons are strongly drawn towards
the oxygen. It is generally true that a covalent bond weakens
as its polarization increases. Therefore, one can conclude
that the strength of an acid is proportional to the number of
electronegative atoms in that acid.”
Chemist #2:
“The acidity of a compound is proportional to the number of
stable resonance structures of that acid’s conjugate base. H2SO4,
HClO4, and HNO3 are all strong acids because their respective
conjugate bases exhibit a high degree of resonance stabilization.”

General Chemistry

1.

Which of the following is NOT a strong acid?
A.
B.
C.
D.

2.

6.

Sulfuric acid
Phosphoric acid
Hydrochloric acid
Hydroiodic acid

Perchloric, perbromic, and periodic acids are all potent
oxyhalo-acids with the general empirical formula HXO4.
Which of the following does NOT explain why perfluoric
acid, HFO4, doesn’t exist at all?

A.
B.
C.
D.
7.

A.

Unlike the other halogens, fluorine cannot exceed an
octet of valence electrons.
B. Unlike the other halogens, fluorine has a greater
electronegativity than oxygen.
C. Unlike the other halogens, the fluoride ion is acidic.
D. None of the above

3.

Based upon Chemist #1’s explanation, which one of the
following organic acids should be the strongest?
A.
B.
C.
D.

4.

The pH of a 1.0 M solution of H2SO4 should be:
A.
B.
C.
D.

8.

Chemist #1
Chemist #2
Both Chemist #1 and Chemist #2
Neither Chemist #1 nor Chemist #2

negative.
exactly zero.
positive.
dependent upon the volume of the solution.

Which one of the following statements is true for a 0.005
M HBr solution?
A.

Nearly all of the HBr covalent bonds remain intact
in solution.
B. The pH of this solution is greater than 3.0.
C. The boiling point of this solution will be slightly less
than that of an equal concentration of HF.
D. None of the above.

What is the molarity of the water in a liter of pure water
assuming that the density of water is 1.0 gram per mL?
A.
B.
C.
D.

5.

HOOCCH3
HOOCCF3
HOOCCCl3
HOOCCBr3

Hydrochloric, hydrobromic, and hydroiodic acids are all
strong acids, while hydrofluoric acid is only a weak acid.
Which of the explanations listed above correctly predicts
this trend?

0.0 M
1.0 M
55 M
Undefined

Which one of the following acids would Chemist #2
expect to be the strongest?
A.
B.

OH
CH3CH2OH

C.

OH

D. H2O
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Passage 59 (Questions 1-7)

2.

Nature abounds with fluids having a wide range of pHs.
While most organisms can only survive in a narrow range of pH
centered on neutrality, others only thrive in acidic or alkaline
solutions. A few common liquids and their corresponding pH
values are listed here:

A.
B.
C.
D.

pH
0
2
4

gastric juice
lemon juice
vinegar

3.

blood / seawater
8

12

ammonia-based
window cleansers
4.

14

• The principal acid in citrus fruits is citric acid:
CH2COOH

5.

HO CCOOH
CH2COOH

HF is the conjugate base of F–.
F– is the conjugate acid of HF.
A solution of NaF will have a higher pH than HF.
None of the above

Which of the following ionic compounds will produce an
acidic solution when dissolved in water?
A.
B.
C.
D.

Citric acid is a weak, polyprotic acid having Ka’s of 7.1 ×
10–4, 1.7 × 10–5, and 4.0 × 10–7, respectively.

decrease.
increase.
remain the same.
change, but in an unpredictable manner.

Which one of the following statements is true?
A.
B.
C.
D.

• The strong acidity of gastric juice is attributed to HCl which
is produced by parietal cells present in the stomach lining.

4.
6.
7.
greater than 7.

Given that the dissociation of acetic acid is an exothermic
process, heating vinegar will cause its pH to:
A.
B.
C.
D.

6

10

Heartburn is caused when gastric fluids leak above the
cardiac sphincter into the lower esophagus. If a patient
took an antacid that neutralized 99.9% of the HCl, the pH
of the resulting solution would be:

NaCl
NaF
NH4Cl
KOH

• Vinegar is nothing more than a 2-3% solution of acetic acid.
6.
• The pH of blood and seawater is primarily due to the
presence of the bicarbonate ion, HCO3–, which is a weak base in
solution.

A.
B.
C.
D.

• While ammonia is only a weak base, concentrated solutions
of ammonia can be fairly basic. The pH of industrial ammoniabased cleansers can approach 12.
7.
1.

The [H+] is how many orders of magnitude greater in
lemon juice than in seawater?
A.
B.
C.
D.
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The pH of a solution produced when 10 mL of gastric
juice and 10 mL of pure water are combined is about:
1.
3.
4.
7.

Hydrothermal vents on the ocean bottom expel mildly
acidic solutions. The acidity of these solutions could be
due to the presence of dissolved:
A.
B.
C.
D.

CaCO3.
Na2O.
H2S.
CH4.

General Chemistry

Passage 60 (Questions 1-8)

1.

Cellular membranes consist of a phospholipid bilayer
speckled with transmembrane proteins. Transmembrane
proteins, in turn, are anchored together by an internal network of
filamentous structural polypeptides. Acidic and alkaline pH’s are
hazardous for the cell because the compositional members of the
membrane—the proteins and phospholipids—are hydrolyzed in
the presence of acids and bases. For example, the peptide bonds
that are responsible for stringing amino acids together to form
proteins are hydrolyzed by either H+ or OH–:

R

O
N

H

R′

R

O

R

H+

R

O
NH2

+

O

R = amino acid #1
R′ = amino acid #2
3.
Likewise, the ester linkages that hold a pair of fatty acids and
a phosphate group onto the glycerol (glycerin) backbone to form
a phospholipid are also hydrolyzed in the presence of H+ or OH–:

only the protonated acid can form hydrogen bonds.
ion–dipole interactions are stronger than dipole–
dipole interactions.
C. the deprotonated molecule is more hydrophobic than
the protonated one.
D. the partial positive charge on each oxygen in water is
attracted to the negative charge of the deprotonated
acid.

O

O
hydrolysis

4.

O
OH
+
OH
OH

O

O

Deprotonated carboxylic acids (RCOO–) are much more
soluble in water than the corresponding protonated acid
(RCOOH) because:
A.
B.

O

HO3PO

Contact burns from strong bases are much more serious
than those from equally potent strong acids. Speculate
why.
As opposed to acidic solutions, basic solutions
irreversibly hydrolyze peptides and esters.
B. H+ is a better catalyst than OH−.
C. Due to its smaller size, the hydroxide ion diffuses
through membranes with greater ease than the
hydrogen ion.
D. Sodium and potassium ions catalyze hydrolysis
because these ions are strongly attracted to the
positively charged carbonyl carbon atom.

R′

O

0.1 M HF
0.1 M HNO3
1.0 M HC2H3O2
1.0 M H3PO4

A.

R′

H

2.

HO
R′

OH

N

+

H

–

A.
B.
C.
D.

O
NH2

H2O

If the rate of acid hydrolysis of a protein is directly
proportional to [H+], which one of the following solutions
will digest a polypeptide the fastest?

+

PO43–

O

Since amino acids, glycerol, carboxylate ions, and the
phosphate ion are all water soluble, once hydrolyzed, cellular
proteins and phospholipids just dissolve away.

After a child accidentally consumed 1.0 mL of oven
cleaner (1.0 M NaOH), her mother immediately gave her
49.0 mL of water (which washed all of the NaOH into the
stomach). There, the cleaner reacted with 50 mL of 0.01
M HCl present in the gastric fluid. Assuming no other
acids or bases present in the stomach, determine what you
should do when the child arrives at the emergency room.
A.

Induce vomiting in order to flush out all of the
remaining base.
B. Give the child an antacid.
C. Give the child a couple of glasses of carbonated soda
(soda contains lots of H2CO3).
D. Do nothing since all of the base has already been
diluted and neutralized.
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5.

Among the following, identify the compound with the
highest melting point.
A.
B.
C.
D.

6.

CH3COCH3
CH3CH2OH
CH3COOH
CH3COO–Na+

Ammonia is one of the world’s leading commercially
produced (and consumed) chemicals. Today, ammonia is
synthesized through a series of reactions (called the Haber–
Bosch process) that take place between methane, air (which is
four parts N2, one part O2), and potassium carbonate:

Identify the INCORRECT resonance structure for the
dipeptide illustrated in the passage:
A.

H

O

B.

H

C.

R

R′

H

O

D.

R

R′

H

O

N
R

O
N

N

7.

Passage 61 (Questions 1-8)
***ADVANCED PASSAGE***

7 CH4(g) + 8 N2(g) + 2 O2(g) + 17 H2O(g) + 7 K2CO3(s) 
16 NH3(g) + 14 KHCO3(s)
Yet when production first began some eighty years ago,
ammonia production relied upon the direct reaction between
gaseous hydrogen and nitrogen called the Haber process:
3 H2(g) + N2(g)  2 NH3(g) ∆H = –92.2 kJ

N
R′

R

R′

A student rubbed some 1.0 M sodium hydroxide between
his fingers and noted that it felt extremely slippery. The
NaOH feels slippery because:

Even in the presence of a catalyst, the production of ammonia
in this way is very inefficient at temperatures less than 200°C.
Early experiments were carried out to determine the pressure
and temperature sensitivities of the equilibria between hydrogen,
nitrogen, and ammonia.
Mole percent of Ammonia at Equilibrium

A.

thin sheets of the student’s skin that are dissolving
away readily slide past one another, giving the
sensation of lubrication.
B. sodium ions act as microscopic ball-bearings
allowing the fingers to roll against one another.
C. the hydroxide ion is the most common lubricant used
in industry.
D. solutions of NaOH are very viscous liquids.

8.

The phospholipid hydrolysis in the passage was
performed in:
A.
B.
C.
D.

an acidic solution.
a basic solution.
a nonaqueous solution.
a pure water solution.

Temp
(˚C)

Pressure (atm)
10

50

100

500 1000

200

51

74

82

94

98

300

15

39

52

80

93

400

4

15

25

56

80

500

1.2 6

11

26

57

Experiments concluded that high pressures and high
temperatures are required to sustain the Haber process.

1.

The reaction between hydrogen and oxygen occurs at
an explosive rate, while that of hydrogen and nitrogen
is sluggish at all temperatures. Which of the following
correctly accounts for this?
A.

At any given temperature, nitrogen molecules will
have a lower velocity than oxygen molecules and
thus collide with hydrogen less frequently.
B. The ionization energy for atomic oxygen is less than
that of atomic nitrogen.
C. Molecular nitrogen lacks non-bonding electrons to
interact with the hydrogen molecule directly.
D. The bond dissociation energy of molecular nitrogen
is greater than that of molecular oxygen.
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2.

Decreasing the temperature of an equilibrated reaction
between hydrogen and nitrogen will:
A.
B.
C.
D.

3.

6.

A.
B.
C.
D.

produce more ammonia.
increase the velocity of the gas molecules.
increase the kinetic energy of the gas molecules.
have no effect.

The equilibrium expression for the Haber–Bosch process
is:

7.

A.

[NH3]16·[KHCO3]14 / ([CH4]7·[N2]8·[O2]2·[H2O]17
·[K2CO3]7).
B. [NH3]16 / ([CH4]7·[N2]8·[O2]2·[H2O]17).
C. [NH3]16 / ([CH4]7·[N2]8·[O2]2).
D. [NH3] / ([CH4]7·[N2]8·[O2]2).

4.

Which one of the following energy diagrams illustrates
the uncatalyzed (solid line) and catalyzed (dashed line)
reaction of pure hydrogen and nitrogen?
B.

A.

P.E.

P.E.
React → Prod.
D.

C.

P.E.

In the more complex Haber–Bosch process, the in situ
production of trace amounts of carbon monoxide slowly
poisons (binds to) the metal catalyst. Why does this
occur?
A.
B.
C.
D.

8.

hydrogen by 50%.
nitrogen by 60%.
ammonia by 70%.
the catalyst by 80%.

CO is a toxic molecule.
CO is a strong Lewis acid.
CO forms strong metallic bonds.
CO is a strong ligand.

A chemist determined that the partial pressures of a
mixture of hydrogen, nitrogen, and ammonia were 1
atm, 5 atm, and 2 atm, respectively. The value of the
equilibrium constant for the Haber process is:
A.
B.
C.
D.

0.2 atm–2.
0.4 atm–2.
10.0 atm–2.
indeterminable from the information given.

P.E.
React → Prod.

5.

React → Prod.

The internal mixture of a Haber apparatus at equilibrium
will be most dramatically affected by the reduction of:

React → Prod.

A three-to-one mixture of hydrogen and nitrogen was
rapidly pumped into a Haber apparatus until the internal
pressure was 60 atm at 350°C. A catalyst was then
added, and the system was allowed to reach equilibrium.
The internal pressure was 45 atm. What was the partial
pressure of the ammonia in the final mixture at 350°C?
A.
B.
C.
D.

2.0 atm
5.0 atm
7.5 atm
15.0 atm
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Passage 62 (Questions 1-6)

2.

Ionic solids are compounds composed of ions of opposing
charges which are held together by strong electrostatic attraction.
They tend to be brittle and to have relatively high melting points.
In the solid state, ionic substances are poor conductors, but in
aqueous solutions, the ions are free to conduct electric current.
When ionic compounds are dissolved in water, an
equilibrium between the solid phase and free ions is established.
Ionic compounds that have low solubility in water are called
slightly soluble salts. For example, solid silver chloride enters
the following equilibrium:

A.
B.
C.
D.
3.

Reaction 1

In an experiment, the identity of an unknown slightly soluble
salt is studied. It is known that when it is dissolved in water, the
salt forms a cation which is a weak acid, and which can therefore
be titrated with a strong base. By adding aliquots of NaOH to an
aqueous solution of the unknown salt, the titration curve shown
in Figure 1 is obtained.

pH

4.

1.0 × 10–8 M
1.0 × 10–6 M
1.0 × 10–4 M
1.0 × 10–2 M

In order to maintain a buffer solution of pH 7.4 at 25°C,
which of the following acids would be most appropriate?
A.
B.
C.
D.

5.

amphoteric.
monoprotic.
diprotic.
auto-ionized.

When 6.5 mL of NaOH have been added to the aqueous
solution of the unknown salt, what is the hydrogen ion
concentration?
A.
B.
C.
D.

AgCl(s)  Ag+(aq) + Cl– (aq)

The dissolution of a salt is a thermodynamic process which is
temperature dependent. At 25°C, the solubility constant of AgCl
is 1.8 × 10–10 .

Based on the titration curve for the unknown salt shown
in Figure 1, one would expect the unknown salt to be:

HNO2(aq)
H2CO3(aq)
H2PO4–(aq)
HCO3–(aq)

(pKa = 3.35)
(pKa = 6.35)
(pKa = 7.21)
(pKa = 10.33)

12

The conjugate base of a monoprotic weak acid is titrated
with a strong acid. Which of the following diagrams best
illustrates this titration curve?

10

A.

8

B.
pH

6

pH

4
mL HCl added

2
0

D.

C.

6.5 13 19.5 26

pH

mL NaOH added

mL HCl added

pH

Figure 1
mL HCl added
1.

If the Ksp of AgCl is 1.8 × 10–10, and the Ksp of AgI is
9.1 × 10–16, which of the following statements is true?
A.

The dissolution process of AgCl is more exothermic
than the dissolution process of AgI.
B. AgI is more soluble than AgCl.
C. AgCl is more soluble than AgI.
D. The solvation of AgCl requires more energy than the
solvation of AgI.
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6.

mL HCl added

A solution of AgCl(s) is at equilibrium at 25°C. If NaCl is
added to this solution, which of the following will occur?
A.
B.
C.
D.

More AgCl(s) will form.
More AgCl(s) will go into solution.
The solubility constant increases.
The solubility constant decreases.

General Chemistry

Passage 63 (Questions 1-7)

1.

Carbonic acid is formed when carbon dioxide is released by
cells in the body as a metabolic by-product. Carbonic acid, in
turn, dissociates to form hydrogen ions and bicarbonate ions:

A.
B.
C.
D.

CO2(aq) + H2O(l) ↔ H2CO3(aq) ↔ HCO3– (aq) + H+(aq)
The conjugate acid-base pair, H2CO3/HCO3–, constitutes the
principal buffer system in human blood plasma.

2.

The carbonate buffer system works in conjunction with
the respiratory apparatus to maintain normal hydrogen ion
concentrations (pH of 7.4) in human blood.
When the respiratory rate increases, the partial pressure of
CO2 in the lungs decreases and carbon dioxide diffuses from the
blood into the lungs. When the respiratory rate decreases, the
partial pressure of CO2 in the lungs increases and carbon dioxide
diffuses from the lungs into the blood.

3.

From the equation it is deduced that when concentrations of
acid and conjugate base are equal, pH is equal to pKa.
In Table 1, the Ka and pKa values for several weak acids are
listed in decreasing order of strength.
Name

Formula

pKa

Ka

Phosphoric acid

H3PO4

7.5 × 10–3

2.12

Formic acid

HCOOH

1.8 × 10

3.74

Lactic acid

CH3CH(OH)COOH 1.4 × 10

Acetic acid

CH3COOH

1.8 × 10

Carbonic acid

–4
–4
–5

The carbon in carbonic acid shares its valence electrons
with oxygen atoms only. Therefore:
A.
B.

carbon is single bonded to three oxygen atoms.
carbon is single bonded to two oxygen atoms and
double bonded to one oxygen atom.
C. carbon is single bonded to one oxygen and double
bonded to two oxygen atoms.
D. carbon is double bonded to three oxygen atoms.

4.74

H2CO3

4.3 × 10

6.37

Dihydrogen
phosphate ion

H2PO4–

6.2 × 10–8

7.21

Ammonium ion

NH4+

5.6 × 10–10

9.26

Bicarbonate ion

HCO3–

5.6 × 10–11

10.25

Hydrogen
phosphate ion

HPO4

2.2 × 10

12.66

–13

CH3COOH / CH3COO–
HCOOH / HCOO–
H2PO4– / HPO42–
NH4+ / NH3

3.86

–7

2–

4.

CO32–
HCO32–
CO3–
HCO3–

Given that the normal pH of human bodily fluids is
7.4, which of the following conjugate acid-base pairs
would make the most effective buffer system under
physiological conditions?
A.
B.
C.
D.

[conjugate base ]
[weak acid]

11
22
44
88

The bicarbonate ion (HCO3–) can react as an acid.
Which of the following is the resulting species after the
dissociation of bicarbonate?
A.
B.
C.
D.

A buffer system is most effective when the concentrations of
the acid and its conjugate base are equal. For that reason, the
selection of an appropriate buffer is made on the basis of pKa.
The relationship between pH and pKa is given by the Henderson–
Hasselbalch equation:
pH = pK a + log

How many grams are there in an Avogadro’s number of
CO2 molecules?

Table 1
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5.

For the carbonate buffer system at pH 7.4, the
concentration of carbonic acid is:
A.
B.
C.
D.

6.

What volume of a 0.2 M solution of NaOH would be
required to neutralize 0.5 L of a 0.1 M solution of HCl?
A.
B.
C.
D.

7.

greater than the concentration of bicarbonate.
equal to the concentration of bicarbonate.
less than the concentration of bicarbonate.
equal to the concentration of hydrogen ions.

The acidity of the hydrogen halides increases as the atomic
number of X increases. Increasing size of the halide atom results
in decreasing ionization energy (IE) (a measure of outer-electron
availability for reactions), which leads in turn to decreased
electronegativity. Thus, for HF, the smaller size of the atom leads
to a greater value for IE and lower acidity, whereas HI has a
larger size, with electrons occupying orbitals further away from
the nucleus, and thus HI has a lower IE value and greater acidity.
A chemist received the molecule HX, with X having an
electronegativity value greater than that for Br in HBr. Its acidity
constant (Ka) was found to be larger than that of hydrofluoric
acid. The acidity constant for HF at equilibrium is 6.8 × 10–4.

25 mL
50 mL
250 mL
500 mL

A child has ingested a bottle of aspirin pills and as a
result has an abnormally high respiratory rate. What
physiological changes will be observed in his blood?
A.
B.
C.
D.

Passage 64 (Questions 1-5)

1.

What is the approximate pKa for HF?
A.
B.
C.
D.

[CO2] increases, [H ] increases, pH decreases
[CO2] decreases, [H+] decreases, pH increases
[CO2] increases, [H+] decreases, pH decreases
[CO2] decreases, [H+] increases, pH increases
+

2.

The halide in HX is probably:
A.
B.
C.
D.

3.

3.2
4.5
5.3
6.4

fluorine.
bromine.
hydrogen ion (H+).
chlorine.

Dilute hydriodic acid (HI) is studied under equilibrium
conditions in an aqueous solution. Which of the following
ionic forms of HI will predominate in this solution?
A.
B.
C.

The conjugate base, I–
The conjugate acid, H2I+
The conjugate base, I–, and its conjugate acid in
equal proportions
D. The conjugate acid, H2I+, and its conjugate base in
equal proportions
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4.

Among the following, which would most likely create
a buffer solution when added in equal amount to an
aqueous solution of hydrogen fluoride (HF)?
A.
B.
C.
D.

5.

KF
HCl
NaOH
F2(g)

Passage 65 (Questions 1-6)
Seawater and the blood plasma of mammals have very
similar chemical constituencies. Both fluids have approximately
the same partition and concentrations of major electrolytes.
seawater blood plasma
Na

106 ppt

142 ppt

Cl

180 ppt

103 ppt

5 ppt

4 ppt

HCO3

12 ppt

28 ppt

Mg

13 ppt

3 ppt

4 ppt

5 ppt

+

What is the best explanation, as derived from the
table below, for the fact that the dipole moments of
the hydrogen halides increase as the electronegativity
difference increases?

–

K+
–

Ca
Electronegativity
Compound Difference

Dipole
Moment

HF

1.8

1.91 D

HCl

1.0

1.03

HBr

0.8

0.79

HI

0.5

0.38

2+

* ppt = parts per thousand

Not surprisingly, the pH of seawater and blood plasma
are about the same: about 7.4. The pH dominating species
in these solutions is the bicarbonate ion, HCO3–. Aqueous
phase bicarbonate always strives to establish equilibrium
concentrations with its conjugate acid, carbonic acid (H2CO3),
and its conjugate base, the carbonate ion (CO32–).

A.

Decreasing dipole moment decreases the acidity of
the hydrogen halide.
B. Decreasing dipole moment increases the polarity of
the bond.
C. Increasing halide electronegativity increases the
acidity of the hydrogen halide.
D. Increasing halide electronegativity increases the
polarity of the bond.

2+

CO32–(aq) + H+(aq)  HCO3–(aq)
HCO3–(aq) + H+(aq)  H2CO3(aq)
* Carbonic acid may dissociate into CO2(g) and H2O.
Ka for HCO3– is 4.7 × 10–11
Kb for HCO3– is 2.7 × 10–8
The addition of an acid or a base to a solution containing
the bicarbonate ion has a minimal effect upon the pH because
bicarbonate serves in the capacity of a buffer. While other
buffering ions, such as HPO42–, are present in the ocean and
blood, their contribution is secondary compared to that of HCO3–.

1.

Adding hydrochloric acid to a saturated solution of
sodium bicarbonate will NOT:
A.
B.
C.
D.

lower the pH of the solution.
produce carbon dioxide gas bubbles.
shift the equilibria (given above) to the right.
generate hydrogen gas.
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2.

3.

What is the approximate pKa for carbonic acid?

Passage 66 (Questions 1-7)

A.
B.
C.
D.

Several drums containing two unknown liquids were
unearthed in an illegal landfill. Initial tests indicated that the
liquids were aqueous-based solutions containing one solute each.
An analytical chemist attempted to identify the solute in each
of the solutions by employing classical laboratory techniques.
The first set of analyses determined some basic physical
characteristics (melting point, MP; boiling point, BP; density in
grams per cc; and Qe, the electrical conductivity of the solution
relative to pure water) of 100 mL of each solution at standard
pressure.

10
8
6
4

Considering that most of the carbon dioxide produced
by cells is transported in the blood stream as bicarbonate
then released in the lungs as CO2, which one of the
following statements is true under normal physiological
conditions?

Solution X Solution Y

A.

The pH of the blood is greater in the lungs than in
the tissues.
B. The pH of the blood is greater in the tissues than in
the lungs.
C. The pH of the blood is the same in the tissues and
the lungs.
D. The pH of the blood is acidic throughout the body.

4.

Which of the following functions of the kidney will
contribute to raising plasma pH?
A.
B.
C.
D.

5.

MP

–1.8°C

–3.9°C

BP

101.2°C

103.8°C

density

1.07

1.10

Qe

1.51

8.54

The pH of Solutions X and Y were 10.7 and 0.6, respectively.
Solution X was then titrated with aliquot 0.1 M HCl and Solution
Y with 0.1 M NaOH. The results of these titrations are given
below:

Reabsorption of H2CO3(aq)
Excretion of NH4+(aq)
Reabsorption of CO2(g)
Excretion of HCO3-(aq)

Solution X

pH

Which of the following ions can buffer a solution against
both acids and bases?
A.
B.
C.
D.

ml HCl

Cl–
CO32–
H2PO4–
Ca2+

Solution Y

pH
6.

The concentration of H+ is less than that of OH– in
the blood.
B. Mg(OH)2(s) is more soluble in the blood than in pure
water.
C. Respiratory arrest causes the pH of the blood to
decrease.
D. Carbonic acid is a weak electrolyte.

|
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Which one of the following statements is FALSE?
A.
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ml NaOH

1.

What is the identity of solute in Solution X?
A.
B.
C.
D.

CH3COOH
CH3CH2OH
NH4NO3
CH3CH2NH2

General Chemistry

2.

What is the identity of solute in solution Y?
A.
B.
C.
D.

3.

4.

HClO4
HClO2
HClO
HF

A.
B.
C.
D.

Identify the titration curve for a 1.0 M solution of sodium
chloride.

5.

A.

pH

7—

6.

pH

Which one of the following statements is correct?
Given that the Ka of the acid H2X is 10–10, then the Kb
for H2X must be 10–4 at 25°C.
B. The Kw for water at 273 K is 10–14.
C. The solute in Solution X is a stronger electrolyte
than the solute in Solution Y.
D. At 100°C, the vapor pressure of Solution Y is less
than Solution X.

7—

C.

7.

Which one of the following solutions would have the
lowest freezing point temperature?
A.
B.
C.
D.

7—

1
2
6
9

A.

B.

mL NaOH

NaHSO4
Fe(NO3)2
NH4I
NaClO2

What is the pKa for the conjugate acid of the solute in
Solution X?
A.
B.
C.
D.

mL NaOH

pH

Which one of the following ionic compounds produces
OH– ions when dissolved in aqueous solution?

0.1 M NH4NO3
0.1 M NaOH
0.1 M BaCl2
Cannot be determined

mL NaOH
D.

pH

7—

mL NaOH
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Passage 67 (Questions 1-7)

Name

At present, chemists employ a pH meter to electronically
measure the instantaneous pH of a solution with high accuracy.
In the past, however, titration chemists had to introduce an acidsensitive dye into solution that would change color at a specific
pH. These chemical indicators are nothing more than weak acids
or bases. Protonation or deprotonation of these compounds
induces a subtle change in the electronic structure of the
molecules resulting in a change in their absorbance spectra.
For example, protonated methyl red is red in color while
deprotonated methyl red is yellow:

COOH
N

N

N(CH3)2
2.
H

+

N

N(CH3)2

The Ka for methyl red is about 10–5. So in solution, methyl
red exists in equilibrium between its protonated (HMr) and
deprotonated (Mr –) forms:
Ka = [H+]·[Mr –] / [HMr]
At the half-equivalence point for methyl red, the
concentrations of its protonated and deprotonated forms are the
same. The expression above then reduces to
Ka = [H+] or pKa = pH
Based upon this, the optimum indicator to use during a
titration is one with a pKa as close as possible to the pH of the
anticipated equivalence point. In practice, the human eye will
only detect the dominance of one of the color species when the
concentration of one exceeds the other by an order of magnitude.
Thus indicators are often used if their pKa corresponds to ±1 of
the anticipated equivalence point pH.
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methyl orange

3.2 – 4.4

red to yellow

methyl red

4.4 – 6.0

red to yellow

thymol blue

1.2 – 2.8

yellow to blue

phenolphthalein

8.2 – 10.0 clear to pink
12.0 – 13.2

yellow to amber

A pH meter measures pH by using a proton permeable:
manometer.
barometer.
electrode.
buret.

If a student insisted on using much more indicator than
was recommended by his laboratory supervisor, an error
would be introduced into the titration because:
the indicator would consume a significant amount of
the titrant.
B. the pKa of the indicator would increase.
C. the pKa of the indicator would decrease.
D. the indicator would begin to react with the glass
beaker.

deprotonated methyl red (yellow)

366

yellow to blue

A.

COO–
N

0.2 – 1.8

A.
B.
C.
D.

protonated methyl red (red)

color change

methyl green

clayton yellow

1.

pH Range

3.

The Ka for thymol blue is approximately:
A.
B.
C.
D.

10–1.
10–2.
10–3.
10–4.

General Chemistry

4.

If R is neither an acidic nor basic organic fragment, then
which one of the following compounds CANNOT be an
acid–base indicator?
A.
B.
C.
D.

5.

A blue methyl green solution must have a ratio of
protonated to unprotonated species of at least:
A.
B.
C.
D.

6.

R−COOH
R−OSO3H
R−NH2
R−CH3

0.1.
1.
10.
100.

Which one of the following would be the best indicator
to monitor the titration of a weak base having a pKb of 8
with HCl?
A.
B.
C.
D.

Passage 68 (Questions 1-7)
A solution that contains conjugate pairs of weak acids and
bases will minimize the pH change resulting from the addition
of a strong acid or strong base. Such a solution is called a buffer.
Buffers are nothing more than the acid-base equivalent of Le
Châtelier’s principle and the common ion effect. Weak acids and
bases exist in equilibria with their respective conjugates, and
each equilibrium responds to perturbations accordingly.
For example, consider the buffering solution containing
acetic acid and sodium acetate:
HC2H3O2(aq)  H+(aq) + C2H3O2– (aq)
Given that the Ka for acetic acid is about 10–5, the equilibrium
expression for the acetate system is
Ka = [H+]·[C2H3O2–] / [HC2H3O2] = 10–5.
Since it is useful to rearrange this expression in terms of
–log[H+], if we take the negative log of both sides, we get

Methyl green
Methyl orange
Phenolphthalein
Clayton yellow

pKa = pH – log([C2H3O2–] / [HC2H3O2])
or
pH = pKa + log([C2H3O2–] / [HC2H3O2])

7.

The pH of pure ethanol is 7.1. A solution of 0.01 M
methyl red in ethanol would have a pH of:
A.
B.
C.
D.

1.0.
3.5.
5.0.
8.5.

This equation is an example of the Henderson–Hasselbalch
relation, useful in determining the pH of buffered solutions
following the addition of an acid or base.
Ka values for some common weak acids
Weak acid

1.

Ka

sulfurous acid

1.5 × 10–2

hydrofluoric acid

6.8 × 10–4

acetic acid

1.8 × 10–5

carbonic acid

4.5 × 10–7

ammonium ion

5.7 × 10–10

What is the approximate pH of a solution containing 100
times more molecules of ammonia than ammonium at
25°C?
A.
B.
C.
D.

4
7
11
Cannot be determined without knowing the volume
of the solution.
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2.

3.

Identify the buffering solution.

Passage 69 (Questions 1-6)

A.
B.
C.
D.

A laboratory assistant titrated an acid with 0.1 M KOH
using a standard titration apparatus and a pH meter to measure
instantaneous acid concentration.

Adding sodium hydroxide to the acetic acid equilibrium
system given in the passage will do all of the following
EXCEPT:
A.
B.
C.
D.

4.

Quantity of 0.1 M
KOH added (in mL)

shift the equilibrium to the right.
liberate heat.
increase the electrical conductivity of the solution.
decrease the pH.

Sr metal.
Sr+.
Sr(H2O)22+.
SrO.

The pKa for sulfurous acid at 25°C is:
A.
B.
C.
D.

6.

The sample was titrated with 55 mL of the base. Eleven
measurements of the solution’s pH were recorded during the
experiment.

The conjugate acid of Sr(OH)2 is:
A.
B.
C.
D.

5.

HCl and NaCl
H2SO3 and HSO3–
HF and CH3F
NaOH and Na2O

less than 2.
precisely 2.
greater than 2.
dependent upon the pH of the solution.

pH

0.0

1.3

10.0

2.0

15.0

2.5

18.0

3.1

21.0

7.7

29.0

8.0

37.0

8.9

40.0

11.2

42.0

11.9

48.0

12.1

55.0

12.3

These data points were used to construct the following
titration diagram of the acid with 0.1 M KOH. The concentration
of the initial acid sample was determined using the Henderson–
Hasselbalch equation:
pH = pKa – p([base]/[acid]).

Given that HCl entirely dissolves in water to produce
H3O+ and chloride ions, which one of the following
statements is true?

F
E

A.
B.
C.
D.

The pKa for HCl is greater than for H3O+.
The pKa for H2O must be less than for HCl.
The pKb for Cl– must be less than for H2O.
None of the above.

D

pH
C
7.0
A

7.

The pH of the solution that results after mixing 10 mL of
1.0 M HCl and 10 mL of 1.0 M NH3 is the same as the pH
of:
A.
B.
C.
D.
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a 0.5 M solution of NH4Cl.
a 1.0 M solution of NH4Cl.
a 2.0 M solution of NH4Cl.
pure water.

© The Princeton Review, Inc.

B
ml of 0.1 M KOH

1.

The acid analyzed in the passage is:
A.
B.
C.
D.

monoprotic.
diprotic.
triprotic.
none of the above.

General Chemistry

2.

An equivalent form of the Henderson–Hasselbalch
equation is:
A.
B.
C.
D.

3.

The unknown acid could be:
A.
B.
C.
D.

4.

[H+] = Ka – [base]/[acid].
[H+] = Ka + [base]/[acid].
[H+] = Ka × [base]/[acid].
[H+] = Ka × [acid]/[base].

H2SO4.
H2SO3.
H3PO4.
H2O2.

Points B, D, and E correspond to:

Passage 70 (Questions 1-5)
***ADVANCED PASSAGE***
By definition, an amino acid is any molecule that has at least
one carboxylic acid group (COOH) and one amino group (NH or
NH2). However, the amino acids found in living organisms are
exclusively α-amino acids, that is, those in which the carboxylic
acid and amino group are bonded to the same carbon atom.
Amino acids are amphoteric molecules, meaning they may
behave as either acids or bases. In this way, the structure of an
amino acid is very sensitive to the pH of its environment. For
example, the pKas of glycine are 2.3 and 9.6.
H3N
H

O
R

OH
+ OH–

A.

the pKa of the first proton, the pKa of the second
proton, and the equivalence point for the second
proton, respectively.
B. the pKa of the first proton, the pKb of the second
proton, and the equivalence point for the second
proton, respectively.
C. the equivalence point of the first proton, the
equivalence point of the second proton, and the pKb
of the second proton, respectively.
D. none of the above.

5.

The buffering capacity of the sample solution is
maximum:
A.
B.
C.
D.

when the pKa equals the pKb.
when [conjugate base] equals [conjugate acid].
when the concentration of the solution is very low.
at or near pH 7.

H3N

O

H

O

R

zwitterion

–

+ OH–
H2N
H

O
R

O–

At a particular pH value, the total charge on glycine is
zero. This is called the zwitterion form of glycine. The pH that
corresponds to the maximum percent fraction of zwitterions
that an amino acid may form is called the isoelectric point or pI
point. For amino acids with one acid and one base group, the pI
is nothing more than the average of the pKas of these groups.
Table of amino acids pKas

6.

Which one of the following compounds is a polyprotic
base?
A.
B.
C.
D.

NH4OH
Na2O
NH3
SO2(OH)2

Name

R

pKa1

pKa2

alanine

CH3

2.3

9.6

asparagine

CH2CONH2

2.0

8.8

serine

CH2OH

2.2

9.2

valine

CH(CH3)2

2.3

9.6
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1.

What is the isoelectric point for serine?

Passage 71 (Questions 1-8)

A.
B.
C.
D.

Coal is a major source of energy that can be converted
from its solid, raw form to a gaseous phase of fuel. This is
accomplished by the water gas reaction:

2.2
5.7
6.2
8.8

C(s) + H2O(g)  CO(g) + H2(g)
2.

Electrophoresis is a process of separating molecules in
an applied electric field. Which one of the following
statements is true?
A.

In a solution of 1.0 M KOH, valine will not migrate
in an electric field.
B. Primary amides, RCONH2, are acidic functional
groups.
C. When the pH = pI for an amino acid, it will migrate
toward the cathode (positive plate).
D. In 0.1 M HCl, amino acids will migrate toward the
negative plate.

3.

Compound

B.

H3N

H2N

O

SH2C

–

HSH2C
C.

H

D.

H3N
HSH2C

OH

H

O–

SH2C

–

H

O–

H

1.
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If 90% of 1.0 M NaOH is neutralized during the
dissolution of HCl gas, then the pH of the final solution is:

© The Princeton Review, Inc.

H2O(g)

–241.8

–228.6

188.7

CO(g)

–110.5

–137.1

197.6

0.0

0.0

130.6

What is ∆H° for the water gas reaction when one mole of
C(s) is reacted with an excess of H2O(g) to completion?
A.
B.
C.
D.

O–

At pH 2, half of the asparagine molecules have
protonated carboxylic acids, and the other half are
unprotonated.
B. The hydroxy proton in serine is strongly acidic.
C. Cysteine’s thiol (SH) proton is more acidic than
serine’s hydroxy (OH) proton.
D. The unprotonated amino group is a Lewis base.

0.9.
7.0.
8.0.
13.0.

5.7

Table 1 Thermodynamic Data for Reactants and
Products in Water Gas Reaction

O

Which one of the following statements is FALSE?

A.
B.
C.
D.

0.0

H2(g)

2.

A.

5.

S°(kJ/
mol)

O

H3N

O

DHt°(kJ/ DGt°(kJ/
mol)
mol)
0.0

C(s)

Given that the pKas for cysteine are 1.8 (COOH), 8.3 (SH),
and 10.8 (NH3+), what is the predominant structure for
cysteine at pH 9.5?
A.

4.

Solid carbon reacts with steam to produce a mixture of carbon
monoxide and hydrogen gas. This mixture is what is called water
gas. Table 1 lists the standard heats of formation, free energies
of formation, and standard absolute entropies of each of the four
compounds in the water gas reaction.

		

–352.3 kJ
–131.3 kJ
131.3 kJ
352.3 kJ

Water gas is a desirable product because its components
are combustible with oxygen.
CO(g) + 12 O2(g) → CO2(g)

∆H° = –283.0 kJ

H2 (g) + 12 O2(g) → H2O(g)

∆H° = –241.8 kJ

If 2 moles of C(s) are consumed in the water gas reaction,
what is the approximate amount of heat released when
the final products undergo complete combustion as shown
above?
A.
B.
C.
D.

262 kJ
483 kJ
525 kJ
1050 kJ

General Chemistry

3.

The pressure of the reaction chamber at equilibrium is
suddenly increased by compressing the chamber. It is
expected that the water gas reaction will move:

6.

A.

in the forward direction, resulting in an increase in
entropy.
B. in the reverse direction, resulting in a decrease in
entropy.
C. in the forward direction, resulting in a decrease in
entropy.
D. in the reverse direction, resulting in an increase in
entropy.

4.

The bond energies within the substance are very
negative.
B. The substance is an element in its standard state.
C. ∆H is a state function.
D. At low temperatures, entropy makes virtually no
contribution to changes in Gibbs free energy.

7.

What is ∆S° for the water gas reaction?
A.
B.
C.
D.

8.

133 torr
267 torr
200 torr
800 torr

–268 J/mol
–134 J/mol
0 J/mol
134 J/mol

Which of the following is most likely to affect ∆G° of the
water gas reaction?
A.
B.
C.
D.

The addition of a catalyst
Changing the temperature of the reaction
Changing the pathway of the reaction
The rate at which the reaction occurs

The potential energy diagram below illustrates a reaction
that is:

Potential Energy

5.

A.
B.
C.
D.

A substance has a heat of formation of 0. This is best
explained by which of the following statements?
A.

A mixture of 4 moles of H2, 3 moles of O2, and 5 moles
of N2 are placed in a container at a pressure of 800 torr.
What is the partial pressure of O2?

Products
Reactants
Reaction coordinate

A.
B.
C.
D.

catalyzed.
uncatalyzed.
exothermic.
endothermic.
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Passage 72 (Questions 1-7)

1.

A.
B.

Gases typically have more entropy than solids.
Cooling any substance to 0.0 K will reduce the
entropy of that substance to 0.
C. Under standard conditions, pure elements in their
natural phase have Hf° and Gf° of zero.
D. STP and standard conditions do not describe the
same conditions.

A scientist conducted a series of experiments with the intent
of finding the optimum rocket propellant: one that produces the
most energy per gram of reactants. The scientist chose propellant
candidates based upon calculated standard Gibbs free energy of
formation of each compound:
molecule

DGf°(kJ·mol–1)

CH4(g)

+209.0

CO2(g)

–386.0

HF(g)

–273.0

H2O(g)

–228.6

N2H4(l)

+149.4

2.

Since rocket engines operate at very high temperatures and
pressures, the scientist attempted to simulate these conditions
in the laboratory and then measure the heats of reactions for the
candidate propellants. She measured the heat evolved by 1.0
gram of reactants in each of the following reactions by using a
bomb (air-tight) calorimeter. The scientist’s results are as follows:

3.

Set 2. Oxidizing agent: fluorine
(4) H2(g) + F2(g) → 2 HF(g)
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DT = 42°C

4.

–457.2 kJ·mol–1
–228.6 kJ·mol–1
+228.6 kJ·mol–1
+457.2 kJ·mol–1

Which of the following reactions has the most positive
∆Srxn?
A.
B.
C.
D.

∆T = Tfinal – Tinitial

DT = 36°C
(1) 2 H2(g) + O2(g) → 2 H2O(g)
(2) CH4(g) + 2 O2(g) → CO2(g) + 2 H2O(g) DT = 23°C
(3) N2H4(l) + O2(g) → N2(g) + 2 H2O(g)
DT = 17°C

Based upon the table in the passage, what is ∆G°rxn for the
reaction of two moles of hydrogen gas with one mole of
oxygen gas (at standard conditions)?
A.
B.
C.
D.

∆T represents the change in temperature of the calorimeter:

Set 1. Oxidizing agent: oxygen

Which one of the following statements is NOT true?

6 CO2(g) + 6 H2O(g) → C6H12O6(s)
6 H2O(g) → 6 H2O(l)
CO2(s) → CO2(g)
C(diamond) → C(graphite)

A molecule that has two or more highly electronegative
atoms covalently bonded to one another will always be
an oxidizing agent. Which one of the following is an
oxidizing agent?
A.
B.
C.
D.

KBr
NH3
H2O2
BH3

General Chemistry

5.

What is the oxidation state of each nitrogen atom in
hydrazine, N2H4?

Nuclear power plants convert the heat generated by the
nuclear fission of uranium-235 or plutonium-239 into electrical
energy. While exact details vary from reactor to reactor, most
nuclear power plants use a series of three liquid water coolant
systems to transport large amounts of heat away from the core to
electricity-generating turbines.

A. 0
B. –1
C. –2
D. –3
6.

Consider the reaction between hydrogen and bromine
vapor at standard conditions:
H2(g) + Br2(g) → 2 HBr(g)
Given that the Hf° of HBr is –36 kJ·mol–1, what is the
DHrxn for this reaction?
A.
B.
C.
D.

7.

Passage 73 (Questions 1-7)

–36 kJ·mol–1
–72 kJ·mol–1
+72 kJ·mol–1
Cannot be determined without more information

Given that the combustion of methane in oxygen is very
spontaneous, at equilibrium the Keq for this reaction must
be:
A.
B.
C.
D.

negative.
zero.
positive and less than one.
positive and greater than one.

warm

warm

river intake

turbine
reactor
core
hot

cool

river discharge

The primary coolant system circulates pressurized water
through the reactor core itself. The water becomes superheated
(i.e., it does not boil) reaching temperatures in excess of 250°C
and is then pumped out of the core into a heat exchange area.
In this heat exchange area, pipes containing the hot primary
coolant and much cooler secondary coolant are wrapped around
one another in order to facilitate heat transfer. The secondary
coolant, which is not under very high pressure, absorbs heat and
boils. This expanding steam spins the propeller-like blades of the
electrical turbines, and electricity is produced.
Once through the turbine, the steam has to be condensed
back to liquid water. The cool water (25°C) in the tertiary
coolant system circulates through large condensing towers,
absorbing heat from the secondary coolant. Unlike the primary
and secondary coolant systems, the tertiary system is not closed.
Tertiary water is simply pumped from a nearby body of water—a
river or a lake—then released back into that body of water.
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1.

Based upon the passage, which one of the following
statements is true?

5.

A.

The conversion of heat to electrical energy is onehundred percent efficient.
B. The vapor pressure of the primary coolant often
exceeds 760 torr.
C. Heat is produced from the binding energy liberated
by fusion.
D. Electrical turbines convert electrical energy to
mechanical energy.

2.

3.

negative.
zero.
positive.
indeterminable.

Primary coolant water becomes highly radioactive with
time due to its constant exposure to the core’s neutron
emissions. Which one of the nuclear reactions could NOT
be a source of trace amounts of 15N that build up in the
system with time?
A.
B.
C.
D.

4.

Alpha decay of 19F
Beta emission of 14C
Positron emission of 15O
Electron capture by 15O

As the primary coolant water is heated, its entropy
increases because:
A.

the number of hydrogen bonds increases with
increasing temperature.
B. the spacing between water molecules decreases with
increasing temperature.
C. it boils.
D. the average kinetic energy of the molecules increases
with temperature.
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A.
B.
C.
D.
6.

The change in the internal energy of the steam before and
after it passes through the turbine, ∆E, is:
A.
B.
C.
D.

© The Princeton Review, Inc.

Given that the reaction between H+ and OH– is highly
exothermic and assuming that the primary coolant water
is completely pure, what would be its pH?
Less than 7
Equal to 7, because Kw is independent of temperature
Greater than 7
Unknown, because pressure strongly affects Kw

Sodium-based Soviet nuclear submarines, i.e., those that
used liquid sodium (MP = 98°C) as their primary coolant,
suffered catastrophic disasters when ocean water would
flood these systems because of the reaction:
2 Na(l) + H2O(l) → 2 NaOH(aq) + H2(g)

		

This reaction is a(n):
A.
B.
C.
D.

7.

oxidation–reduction reaction.
Lewis acid–base reaction.
Brønsted acid–base reaction.
combustion reaction.

If the temperature at the tertiary water intake was 23°C
and the outflow water was 31°C, how much energy, in
calories, has been absorbed by each liter of tertiary water?
A.
B.
C.
D.

8 cal
80 cal
800 cal
8000 cal

General Chemistry

Passage 74 (Questions 1-6)

1.

Refrigerators exploit the thermodynamics of expanding and
compressing gases. By controlling when and where the refrigerant
gas expands and compresses, heat can be transported from the
refrigerated chamber out to the environment. A compressor is a
pump that pressurizes the refrigerant. Just as with all other types
of heat engines, the conversion of heat to work in a refrigerator
is not 100% efficient. So energy, in the form of electrical current,
must be periodically added to the system in order to maintain the
refrigeration cycle.

The key step in refrigeration is allowing the refrigerant to
release its heat to the surroundings immediately after it is
compressed. Based upon this, which one of the following
statements is true?
A.

An outdoor refrigerator works better on a hot day
than on a cold day.
B. Highly insulating material should cover all of the
refrigerator’s tubing.
C. The compressed gas should be rapidly pumped back
into the refrigerator before it cools.
D. The temperature of the compressed gas should be
allowed to equilibrate with the temperature of the
surroundings.

surroundings
compressor
coils
q

q

refrigeration
compartment

2.

If an opened refrigerator was placed in a closed insulated
closet at 25°C and was allowed to run for three days, the
final air temperature in the closet would be:
A.
B.
C.
D.

compressor

less than 25°C.
the same.
greater than 25°C.
indeterminable.

surroundings
The refrigerant is compressed while it is outside the
refrigeration compartment. Compression heats the gas. Once this
heat is lost to the surroundings, the refrigerant is pumped back
into the refrigeration chamber where it is allowed to expand back
to its original pressure. Expanding gases cool, and if the gas is
cooler than its surroundings, it will absorb heat.
In this way, heat energy from objects in the refrigeration
chamber is removed. The refrigerant is then pumped back out of
the chamber and is recompressed, beginning the cycle again.

3.

Based upon the thermodynamics of gases, which one of
the following phenomena should NOT be real?
A.

The chilling of a cylinder of compressed air when
gas is allowed to escape
B. The heating of the air in a commercial airliner when
the passenger’s cabin is first pressurized
C. The cooling of an air bubble as it rises from the
ocean bottom to the surface
D. The heating of liquid water by placing it under a
vacuum and allowing it to boil

The best refrigerants are gases that are nonreactive and which
liquefy at temperatures below –20°C. Ammonia and freons are
the most commonly used refrigerants.
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4.

CF2Cl2 is a common freon used in refrigerators. The
strongest intermolecular forces holding these molecules
together are:
A.
B.
C.
D.

ionic forces.
hydrogen bonding.
dipole forces.
van der Waals forces.

Passage 75 (Questions 1-5)
The compressibility of a gas may be measured by
incrementally increasing the pressure exerted upon a gas
and recording the change in volume. Devices that measure
compressibility in this way typically consist of a high-pressure
cylinder and piston.

piston
5.

Which one of the following processes will absorb heat
from the surroundings?
A.
B.
C.
D.

6.

Sublimation
Freezing
Condensation
Deposition

The compressor increases the internal energy of the
refrigerant because it:
A.
B.
C.
D.

does work on the gas.
is worked upon by the gas.
allows the gas molecules to occupy more volume.
converts pressure energy into electrical energy.

cylinder

In one particular experiment, a chemist increased the
force applied by a piston onto a sample of oxygen gas in 100N increments. She recorded the distance the piston moved and
converted this to a corresponding change in volume of the
cylinder compartment. Two versions of the experiment were
performed: one in which the cylinder walls were adiabatic, and
one in which they were heat conducting.
The pressure (P) at the base of the cylinder is equal to the
force (F) divided by the area of the base. If the base is circular,
with radius r, then
P=

1.

In the case where the walls are isothermal, as pressure is
steadily increased which of the following must be true?
A.
B.
C.
D.

2.

|
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The temperature of the system will increase.
The volume of the system will decrease.
The volume of the system will increase.
The average kinetic energy of the gas will increase.

If the diameter of the cylinder were doubled, and the force
were also doubled, then the pressure would:
A.
B.
C.
D.

376

force
F
=
area πr 2

decrease by a factor of 4.
decrease by a factor of 2.
remain the same.
increase by a factor of 2.

General Chemistry

3.

4.

If the cylinder has adiabatic walls, then the walls:

Passage 76 (Questions 1-5)

A.
B.
C.
D.

The specific heat of a metal can be determined by a simple
experiment. If a sample of metal of known mass and temperature
is submerged into a water bath of known temperature and mass,
the change in the temperature of the water will correspond to the
heat capacity of the metal. The specific heat of the metal in this
case may be expressed as:

Identify the equilibrium that would be most affected by
compression.
A.
B.
C.
D.

5.

allow heat to flow through.
do not prevent heat from flowing through.
resist corrosion.
insulate against heat entering or leaving the system.

H2(g) + I2(g)  2 HI(g)
NH3(g) + Cl2(g)  NH2Cl(g) + HCl(g)
NO3(g)  NO(g) + O2(g)
HCl(aq)  H+(aq) + Cl–(aq)

What happens to the absolute temperature of an ideal gas
if its pressure is doubled at constant volume?
A.
B.
C.
D.

Decreases by a factor of 4
Remains the same
Increases by a factor of 2
Increases by a factor of 4

Cp = –mwater(4.2 J/g-°C)(Tfinal – Tinitial)water / B
where
B = mmetal(Tfinal – Tinitial)metal
and m is the mass (and assuming that the calorimeter itself does
not absorb heat). Note that Tfinal and Tinitial for water and the metal
will never be the same.
For example, a physicist used a coffee-cup calorimeter filled
with 100 grams of water at room temperature to measure the
heat capacity of four metals. A 20-gram sample of each metal
was heated in a bath of boiling water for ten minutes and then
transferred into the calorimeter. The temperatures of the system
at thermal equilibrium are presented in Table 1.
initial temperature
of water bath

final temperature
of water bath

metal #1

25.6°C
25.4°C

35.8°C
35.4°C

metal #2

25.5°C
25.5°C

37.1°C
37.6°C

metal #3

25.6°C
25.5°C

31.8°C
31.7°C

metal #4

25.4°C
25.3°C

33.0°C
31.7°C

Table 1
It should be mentioned that in each trial, the technician
mixed the water bath with a thin metal spatula immediately after
the hot metal was lowered into it. This was to ensure that the
calorimeter’s contents were thermally homogeneous.

1.

What is the approximate specific heat of Metal #1?
A.
B.
C.
D.

3 J·(g·K)–1
7 J·(g·K)–1
10 J·(g·K)–1
20 J·(g·K)–1
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2.

The purpose of using the coffee cup is to attempt to make
the calorimeter:
A.
B.
C.
D.

3.

Which one of the metals in Table 1 has the greatest
specific heat?
A.
B.
C.
D.

4.

|

Microscopic droplets of H2SO4 play an important role in
the distribution of trace gases in the stratosphere. One source of
sulfuric acid droplets is the oxidation of carbonyl sulfide, COS,
a gas produced by oceanic microorganisms. In the stratosphere
COS is first converted to SO2, either by direct photolysis by UV
light,
Series 1:
COS + hf → CO + S		
S + O2 → SO + O			
SO + O2 → SO2 + O		

Specific heat = (heat capacity) × temperature
Specific heat = (heat capacity) / temperature
Specific heat = (heat capacity) × mass
Specific heat = (heat capacity) / mass

© The Princeton Review, Inc.

(1a)
(1b)
(1c)

or by oxidation with atomic oxygen, O, which itself comes from
UV photolysis of ozone, O3:
Series 2:

high pressure.
very low pressure.
very high temperature.
all of the above

Which one of the following is the correct relationship
between specific heat and heat capacity?
A.
B.
C.
D.

378

Metal #1
Metal #2
Metal #3
Metal #4

A limitation of coffee-cup calorimeters is that they cannot
be used to measure systems at:
A.
B.
C.
D.

5.

isothermal.
diabatic.
adiabatic.
lightweight.

Passage 77 (Questions 1-7)

O3 + hf → O2 + O			
COS + O → CO + SO		
SO + O2 → SO2 + O		

(2a)
(2b)
(2c)

Sulfur dioxide gas is further oxidized by the OH radical to
ultimately yield SO3(g):
Series 3:
SO2 + OH → HSO3		
HSO3 + O2 → HO2 + SO3		

(3a)
(3b)

Since SO3 is very water soluble, it readily combines with
H2O vapor to form H2SO4, which rapidly coalesces into droplets.
The droplets then slowly rain out into the lower atmosphere.

General Chemistry

1.

In which of the following molecules is sulfur in the same
oxidation state as in SO3?
A.
B.
C.
D.

2.

5.

S
SO2
HSO3
H2SO4

A.
B.

Which one of the following is the correct Lewis dot
structure for the radical intermediate HSO3?
A.

O
O

B.

S

a drop in the flux of solar UV photons.
the addition of a substance that weakens the C–S
bond in COS.
C. a decrease in the partial pressure of COS.
D. an increase in the partial pressure of O2.

6.

OH

S

The density of sulfuric acid droplets is greater than
the density of the surrounding air.
B. Living organisms do not affect the composition of
the atmosphere.
C. The principal oxidizing agent in the atmosphere is
SO2.
D. Oxidation of COS does not require UV light.

O

O
C.

O

S

O

O

H
7.

D.
O
O

S

Which of the following is supported by information in the
passage?
A.

O
H

If Reaction (1a) of Series 1 is slow relative to Reactions
(1b) and (1c), then the rate of the Series 1 reactions would
be affected least by:

H

O

Given the dissolution equilibria for SO2 and SO3,

		
		

SO2(g) + H2O(l)  H2SO3(aq)		
SO3(g) + H2O(l)  H2SO4(aq)		

		

why is SO3 much more soluble in water than is SO2?

(1)
(2)

A.
3.

What are the signs of ∆H and ∆S for Reaction (3a),
considering that during this reaction an S–O bond is
formed and no bonds are broken?
A.
B.
C.
D.

4.

(–) and (–), respectively
(–) and (+), respectively
(+) and (–), respectively
(+) and (+), respectively

The complete dissociation of H2SO3 into H+ and
HSO3– drives Equilibrium (1) to the right.
B. The complete dissociation of H2SO3 into H+ and
HSO3– drives Equilibrium (1) to the left.
C. The complete dissociation of H2SO4 into H+ and
HSO4– drives Equilibrium (2) to the right.
D. The complete dissociation of H2SO4 into H+ and
HSO4– drives Equilibrium (2) to the left.

Because it dissolves carbon dioxide from the atmosphere
to make mild carbonic acid, natural rain has a pH of
around 5.5. However, due to pollutants such as sulfates
from coal-fired power plants and nitrates from car
exhausts, the pH of rain can drop to as low as 2. This
decrease in pH represents a change in H+ concentration by
approximately what factor?
A.
B.
C.
D.

3.5
35
300
3000
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Passage 78 (Questions 1-7)
***ADVANCED PASSAGE***

1.

A.

some degree of the greenhouse effect is necessary
for life as we know it.
B. clear winter nights should be much warmer than
cloudy winter nights.
C. clear summer days should be hotter than cloudy
summer days.
D. CO2 has the ability to interact with infrared and/or
microwave photons.

The surface and atmosphere of the Earth are in radiative
equilibrium. This means that the Earth absorbs as much energy
from the Sun (primarily in the form of visible light) as it emits
(as infrared and microwaves) back into space. Measurements
taken over the last two decades have led physicists to construct
the following illustrations for the visible light (Figure 1) and
infrared/microwave (Figure 2) energy budget of the Earth.
(incoming)
100

25

The passage does NOT suggest that:

(outgoing)

2.

5

outer space

A.
B.
C.
D.

atmosphere

.. ... .
. . ...
surface

If a sample of air (“the system”) absorbs more energy
than it emits, then its q is:

3.

Figure 1

Considering that the Earth is in radiative equilibrium, then
the number of emitted IR/microwave photons should be:
A.
B.
C.
D.

Not all incoming sunlight is absorbed by the Earth. Bright
clouds, snow, and ice-covered surfaces reflect about 30% of all
the sunlight reaching the Earth.

negative.
positive.
equal to ∆E + work.
both A and C.

less than the number of absorbed visible photons.
the same as the number of absorbed visible photons.
greater than the number of absorbed visible photons.
zero during the day.

(outgoing)
4.

70

. .
. . .

outer
space

.
. .. . .

.

and
. clouds
CO
2

143

73

The Sun and the Earth convert thermal energy at their
surfaces to light, a process called blackbody emission.
The total energy emitted by a blackbody is proportional
to the fourth power of the temperature of the surface.
Identify the plot that best illustrates the dependence of the
emitted energy E on the surface temperature T.
A.

surface

B.

E

E

Figure 2

T
Clouds and carbon dioxide prevent most of the outgoing
energy radiated from the surface from directly reaching outer
space. Instead, they absorb this energy, and then emit more than
half of it back down to the surface. In this way, a large amount of
energy is trapped between the surface and the middle atmosphere,
energy which warms the surface and the lower atmosphere.
This phenomenon is called the greenhouse effect. Without any
greenhouse effect, like on the Moon, the sunlit surface of the
Earth would have an average temperature of –20°C!
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C.

T
D.

E

E
T

T

General Chemistry

5.

Sensitive heat flux is a term describing the conduction
of heat from the warm surface to cooler air in contact
with that surface. If Ts – Tair is the difference between
the surface and air temperatures, and Q is the net heat
conducted out of the surface, then which plot illustrates
the dependence of Q on Ts – Tair?
A.

B.

Q
0.0

Q
Ts–Tair

C.

0.0

Q
Ts–Tair

0.0

Ts–Tair

Latent heat flux is the loss of heat by the surface due to
the evaporation of surface water. In order to calculate the
latent heat flux over the oceans, one would need to know:
A.
B.
C.
D.

7.

Ts–Tair

D.

Q

6.

0.0

∆Hfusion of water.
∆Hvaporization of water.
∆Hsublimation of ice.
∆Hionization of water.

Passage 79 (Questions 1-8)
By definition, explosive chemical reactions are those that
liberate vast amounts of gases and heat. Oxidation–reduction
reactions are the most common class of chemical reactions that
meet these criteria. Highly exothermic redox reactions result
from reactions between strong oxidizing agents and strong
reducing agents. The quantity of the heat evolved from these
mixtures depends directly upon the strengths of the oxidant and
the reductant.
Identification of oxidizing agents:
A compound containing a highly electronegative atom (e.g.,
O, N, Cl) with a nonnegative oxidation state will always be an
oxidizing agent. An alternative way of stating this rule is that an
oxidizing agent always has at least two highly electronegative
elements covalently bonded together. Another class of good
oxidizing agents is metals in anomalously high oxidation states.
For strong metallic oxidizers the oxidation state is generally
M(IV) or greater.
The strength of the oxidant is directly related to the
electronegativity and oxidation state of the atom as mentioned
above. Some common examples of strong oxidizing agents are
H2O2, KClO4, KNO3, KMnO4, and F2.
Identification of reducing agents:

CO2 and H2O strongly absorb IR radiation, while N2 and
O2 do not. Based upon this, one could speculate that a gas
will be a greenhouse gas if:

Reducing agents are compounds that contain an
electropositive atom (e.g., C, H, metals) with a nonpositive
oxidation state. Again, an interpretation of this rule is that
a reducing agent is any compound in which at least two
electropositive atoms are covalently bonded together.

A.
B.
C.
D.

The strength of a reductant is directly related to the
electropositivity and the oxidation state of the atom, as mentioned
above. Some common mild reducing agents are H2(g), C(s), S(s),
metal powders, and propane.

it is a polar molecule.
it has polar covalent bonds.
it has a permanent dipole moment.
it experiences hydrogen bonding.

Note that strong reducing agents, such as alkali metals, are
infrequently used in explosives due to the constant difficulty of
preventing the spontaneous detonation that would occur if they
were exposed to atmospheric oxygen.
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1.

Sodium metal will not explode when mixed with:
A.
B.
C.
D.

2.

3.

|

iron filings.
water.
KNO3.
CaCl2.

© The Princeton Review, Inc.

Which one of the following mixtures would violently
detonate upon heating?
A.
B.
C.
D.

6.

7.

H2O2 and Br2
CH4 and NH3
KMnO4 and Mn powder
LiCl and Cu powder

Hydrogen cyanate gas, HCNO, is not an oxidizing agent.
Therefore, the structure of HCNO must be:
A.
B.
C.
D.

H−N=C=O.
H−C=O−N.
H−N=O−C.
H−O−N=C.

Although zinc metal is attacked by hydrochloric acid
according to the reaction
Zn(s) + 2 HCl(aq) → ZnCl2(aq) + H2(g)

		

copper metal is unaffected by HCl. Why?
A.

Cl– is a better oxidizing agent than zinc, but is not a
better oxidizing agent than copper.
B. Zinc is a better oxidant than copper.
C. Zinc is a better oxidant than H+.
D. Cu+ is a better oxidant than H+.

H2 and F2
H2 and Cl2
O2 and Cl2
O2 and N2

Conventional gun powder, an explosive, consists of
charcoal (pure carbon), elemental sulfur, and:
A.
B.
C.
D.

382

NaIO3
NaClO
NaClO4
NaCl

The space shuttle’s chemical rockets utilize both solid and
liquid propellants. The liquid propellant is a mixture of
liquid hydrogen and oxygen, substances that react highly
exothermically. Which one of the following fuel mixtures
would you expect to liberate more energy than H2/O2?
A.
B.
C.
D.

4.

water.
bromine liquid.
oxygen gas.
neon gas.

Household bleach is nothing more than 95% water, 5%
mild oxidizing agent, and some fragrance. Mild oxidants
contain electronegative atoms with a +1 or +2 oxidation
state. Which of the following compounds is used in
bleach?
A.
B.
C.
D.

5.

8.

Which of the following compounds contains the most
highly oxidized oxygen atom?
A.
B.
C.
D.

F 2O
N2O
O2–
O22–

General Chemistry

Passage 80 (Questions 1-6)

1.

All but the least important biochemical processes that occur
in the cytoplasm require the cell to maintain its reducing interior.
Failure to exclude oxidizing agents from the bulk cytoplasm
leads to uncontrolled redox reactions damaging intracellular
enzymes and glycoproteins, often culminating in metabolic
collapse.

H

O

H H

CNH2
+
N

reduction

O

A.
B.
C.
D.
2.

CNH2

N
R: rest of
structure

R

peroxidase
enzyme

NADH

enzyme-NADH
activated
complex

HO2–

3.

Disulfide bridges are one of the few biochemical structures
that are actually more stable in an oxidizing environment.
Therefore it is no surprise that proteins with disulfide linkages
are primarily found in extracellular media.

Cytochrome P-450 is a reducing enzyme containing an
Fe2+ ion. What is the oxidation state of this ferrous ion?
A.
B.
C.
D.

peroxidase
enzyme

2 H2O+
NAD+

Why are disulfide bridges much more stable than those
of peroxides (oxygen–oxygen single bonds) even though
sulfur and oxygen have the same valence configuration?
The oxygen atoms have more orbital overlap than
the smaller sulfur atoms do.
B. The bond strength is proportional to
electronegativity of the bonding atoms.
C. The electron clouds of sulfur atoms are larger and
may overlap to a greater extent.
D. Oxygen atoms have a lower tendency to polarize a
bond than sulfur atoms have.

R

One of the prime responsibilities of the familiar reducing
agents NADH and FADH2 is to serve as redox sentries, protecting
the cell by neutralizing any oxidant present in the cytoplasm
via a self-sacrificing redox reaction. Eukaryotic cells maintain
a battery of enzymes that enhance the oxidation of NADH and
FADH2. These enzymes are especially adept at reducing toxic
oxidants often formed as by-products of cellular metabolism.

–2 to –1
+1 to 0
+2 to 0
+2 to +1

A.

Reduced site of NADH

Oxidized site of NAD+

What is the change in the oxidation state of the sulfur
atoms of cysteine in going from the free thiol to the
sulfide bridge?

4.

+1
+2
+3
+4

During the oxidation of NADH, the lost electron density
comes primarily from the:
A.
B.
C.
D.

carbonyl (C=O) group.
amido (NH2) group.
ring carbon opposite the ring nitrogen.
aromatic nitrogen.
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5.

Respiration in humans often completely oxidizes all
metabolites. Carbon dioxide and water are the ultimate
oxidized by-products of carbohydrate metabolism. What
is one of the ultimate oxidized products of protein
metabolism?
A.

O
H2N

C

NH2

B.
C.

NH3
C O
D. CH4

6.

The major energy production system in respiration
requires the maintenance of a steep proton (H+) gradient
across the mitochondrial membrane. The transmembrane
proteins which constitute the proton pump and maintain
this gradient would be expected to have a:
A.
B.
C.
D.

hydrophobic channel and be neutral.
hydrophobic channel and be positively charged.
hydrophilic channel and be negatively charged.
hydrophilic channel and be positively charged.

Passage 81 (Questions 1-5)
The potentials of the oxidation and reduction half-reactions
can be used to determine whether a particular oxidation–
reduction reaction will occur spontaneously. A spontaneous
oxidation–reduction reaction can be used to provide a constant
voltage source for an electric circuit.
Some oxidation–reduction reactions are listed below, along
with their associated potentials.
Reaction 1:
Cu(s) + 2 H+(aq) → Cu2+(aq) + H2(g)
Reaction 2:
Cl2(g) + 2 I–(aq) → 2 Cl–(aq) + I2(s)

Zn(s) + 2 H+(aq) → Zn2+(aq) + H2(g)

Mg(s) + Cl2(g) → Mg2+(aq) + 2 Cl–(aq)

2.

E° = +3.73 V

Which of the following statements is true regarding
Reaction 2?
It is spontaneous because its potential is positive.
It is spontaneous because its potential is negative.
It is nonspontaneous because its potential is positive.
It is nonspontaneous because its potential is negative.

Which of the reactions listed in the passage would most
likely take place in an electrolytic cell?
A.
B.
C.
D.

© The Princeton Review, Inc.

E° = +0.76 V

Reaction 4:

A.
B.
C.
D.

|

E° = +0.82 V

Reaction 3:

1.

384

E° = –0.34 V

Reaction 1
Reaction 2
Reaction 3
Reaction 4

General Chemistry

3.

As Reaction 3 progresses in the forward direction, which
of the following changes would be expected to occur?
A.

The hydrogen ion concentration would increase, and
the pH would decrease.
B. The hydrogen ion concentration would increase, and
the pH would increase.
C. The hydrogen ion concentration would decrease, and
the pH would decrease.
D. The hydrogen ion concentration would decrease, and
the pH would increase.

4.

Reaction 3 and Reaction 4 are allowed to run to
completion in separate galvanic cells. If the experiments
start with equal molar quantities of zinc and magnesium
and the two metals are the limiting reagents in their
respective reactions, which reaction will generate more
electrons for the electric circuit?
A.
B.
C.
D.

Reaction 3, because it has a lower potential.
Reaction 4, because it has a higher potential.
Reaction 4, because it is more spontaneous.
The two reactions will generate equal numbers of
electrons.

Passage 82 (Questions 1-5)
The voltage of a galvanic cell, E, will vary to some extent
with changes in the concentrations of the reactants and products
of the redox reaction used to generate the voltage, and can be
calculated by using the Nernst equation:
E = E° −

0.0592
log Q
n

Equation 1
Here, E° is the standard cell voltage, n is the number of
moles of electrons exchanged in the balanced equation, and Q
is the reaction quotient (which takes the same form as K, but
uses concentrations for a given moment rather than equilibrium
concentrations).
As a reaction progresses in a galvanic cell, the voltage of
the cell will change as reactants are consumed and products are
generated.
Two oxidation–reduction reactions are listed below:
Reaction 1:
Fe2+(aq) + Zn(s) → Fe(s) + Zn2+(aq)

5.

Which of the reactions listed in the passage would be
affected by a change in the pressure through a reduction
in volume of the reaction vessel?
A.
B.
C.
D.

E° = +0.32 V

Reaction 2:
2 Ag+(aq) + Zn(s) → 2 Ag(s) + Zn2+(aq)

E° = +1.56 V

None of them
Reactions 1 and 3 only
Reactions 2 and 4 only
All of them
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1.

As Reaction 1 proceeds from left to right in a galvanic
cell, the voltage of the cell will:
A.
B.
C.
D.

2.

V
Zn

Voltage will be increased.
Voltage will be decreased.
Voltage will be unaffected.
Reaction 1 will show increased voltage, and
Reaction 2 will show decreased voltage.

What is the voltage of the Reaction-2 cell at the moment
when the concentrations of both species of ion in the cell
are at 1.00 M?
A.
B.
C.
D.

Cu

0.5
1
2
4

salt bridge
Figure 1
The scientist immerses two metal electrodes in solutions
containing ZnSO4 and CuSO4. When the reaction is allowed
to continue on its own, the scientist notices that the voltmeter
indicates a potential difference between the electrodes. The
following table is used for reference in determining the setup of
the apparatus:
Half-Reaction

1.50 V
1.53 V
1.56 V
1.59 V

Li (aq) + e → Li(s)

–3.05
–2.71

Zn2+(aq) + 2e– → Zn(s)

–0.76

Pb (aq) + 2e → Pb(s)

–0.13

Cu (aq) + 2e → Cu(s)

+0.34

Ag (aq) + e → Ag(s)

+0.80

–

2+

Which of the following can be deduced from the Nernst
equation about the value of E?
A.
B.
C.
D.

386
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E is always less than E°.
E is always greater than E°.
E is always equal to E°.
E can be less than, greater than, or equal to E°.
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+

Table 1

E° (V)

Na+(aq) + e– → Na(s)

+

–

2+

5.

CuSO4(aq)

ZnSO4(aq)

For Reactions 1 and 2, what will be the effect on the
voltage predicted by the Nernst equation if the molar
quantity of solid zinc present in each cell is increased?
A.
B.
C.
D.

4.

A scientist wishes to determine whether energy can be
obtained from certain chemical reactions. In order to test this she
sets up the apparatus shown in Figure 1:

What is the value of n for Reaction 2?
A.
B.
C.
D.

3.

increase.
decrease.
increase, then decrease.
decrease, then increase.

Passage 83 (Questions 1-4)

–

–

Standard Reduction Potentials at 25°C

General Chemistry

1.

The salt bridge in the experiment most likely:

Passage 84 (Questions 1‑5)

A.

In order to identify a metal, M, of unknown composition, a
chemist conducted two experiments.

contains neutral atoms that interact with the ions in
the solutions.
B. serves as a conduit through which ions can flow
freely.
C. is where reduction takes place.
D. is where oxidation takes place.

V
M

Zn
2.

In the experiment, which of the following is correct?
A.
B.
C.
D.

3.

What is the standard cell potential in this experiment?
A.
B.
C.
D.

4.

The anions flow to the zinc cathode.
The anions flow to the copper anode.
The cations flow to the zinc anode.
The cations flow to the copper cathode.

–1.10 V
–0.42 V
+0.42 V
+1.10 V

Based on Table 1, which one of the following is the
strongest oxidizing agent?
A.
B.
C.
D.

Li+(aq)
Li(s)
Ag+(aq)
Ag(s)

Zn2+(aq)

M+(aq)

Compartment A

Compartment B
Figure 1

Experiment 1:
The chemist assembled a simple battery using zinc as one
electrode and the unknown metal M as the other (see Figure
1). The zinc electrode was immersed in compartment A, which
contained a 1.00 M solution of Zn2+(aq). The M electrode was
immersed in Compartment B, which contained a 1.00 M solution
of M+(aq). Spectator ions were present to maintain electrical
neutrality.
Compartments A and B were joined by an opening plugged
with glass wool to function as a salt bridge. The two electrodes
were connected by a conducting wire, voltmeter, and switch.
When the switch was closed, the voltmeter registered 1.28 V.
Table 1 lists several redox couples and their standard
reduction potentials, E°.
Half-Reaction

E°

Li (aq) + e → Li(s)

–3.05 V

K (aq) + e → K(s)

–2.93 V

Ca (aq) + 2e → Ca(s)

–2.87 V

Zn (aq) + 2e → Zn(s)

–0.76 V

+

+

–

–

2+

–

2+

–

Cu (aq) + e → Cu(s)

+0.52 V

Ag+(aq) + e– → Ag(s)

+0.80 V

+

–

Table 1
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3.

Experiment 2:
Experiment 2 was identical to Experiment 1 except that the
initial concentration of Zn2+(aq) in Compartment A was varied
over five trials, and the voltage associated with each initial
concentration was read from the voltmeter and recorded. The
results are presented in Table 2.
Initial [Zn2+(aq)]

E

0.01 M

1.34 V

0.10 M

1.31 V

0.50 M

1.29 V

1.00 M

1.28 V

5.00 M

1.26 V

A.
B.
C.
D.
4.

Which of the following statements best applies to
Experiment 2?
A.
B.

The cell is an electrolytic cell.
The cell required an input of electric current to drive
the redox reactions.
C. The cell produced an electric current.
D. The free energy of each of the reactions was large
and positive.

2.

In the apparatus used in Experiments 1 and 2, the negative
electrode is:
A.
B.
C.
D.

388
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the cathode, where reduction takes place.
the cathode, where oxidation takes place.
the anode, where reduction takes place.
the anode, where oxidation takes place.

© The Princeton Review, Inc.

5.

copper.
calcium.
lithium.
potassium.

What is the expected sign of ∆G and the expected value
of the equilibrium constant, K, for the reactions associated
with Experiment 2?
A.
B.
C.
D.

Table 2
1.

Assume the direction of electron flow is from the Zn
electrode to the M electrode. Based on Experiment 1 and
Table 1, the identity of the unknown electrode is most
likely:

∆G is positive, and K is less than 1.
∆G is positive, and K is greater than 1.
∆G is negative, and K is less than 1.
∆G is negative, and K is greater than 1.

As the initial concentration of Zn2+(aq) increased in
Experiment 2:
A.

the battery voltage increased, as expected for a
concentration cell.
B. the battery voltage decreased, as predicted by the
Nernst equation.
C. the voltmeter showed no detectable change in its
reading since it is not sufficiently sensitive to detect
such slight variations.
D. the initial concentration of M+ increased also.

General Chemistry

Passage 85 (Questions 1-5)

1.

In acidic aqueous solutions, vanadium can exist in four
different oxidation states. In the two highest of these, vanadium(V)
and vanadium(IV), it is present as the dioxovanadium ion, VO2+,
and the vanadyl cation, VO2+, respectively. In the two lowest
states, vanadium(III) and vanadium(II), it simply occurs as
the hydrated V3+ and V2+ cations. Each of these four species
has a characteristic color in solution, and the oxidation state of
vanadium in a given compound may often be deduced on that
basis alone.

A.
B.
C.
D.
2.

The dioxovanadium ion, VO2+, may be reduced chemically
to lower oxidation states of vanadium. The standard electrode
potentials associated with the reduction half-reactions of
vanadium species are given below:
Reaction 1:
VO2+(aq) + 2 H+ + e– → VO2+(aq) + H2O

+1.00 V
3.
+0.36 V

4.

An experiment is conducted in which equal volumes of
a solution containing VO2+ ion are separately reduced using
various reducing agents.
The state to which vanadium is reduced in each case can
then be determined by comparing the volumes of standard
permanganate solution needed to reoxidize the reduced vanadium
species. Permanganate anion, MnO4–, is a very strong oxidizing
agent. In acid solution it will convert any reduced vanadium
species to the fully oxidized vanadium(V) state.

MnO4–(aq) + 8 H+(aq) + 5e– → Mn2+(aq) + 4 H2O

E°
+1.51 V

The amount of permanganate needed for a particular
oxidation will be proportional to the change in oxidation state of
the species being oxidized. For example, it would take twice as
much permanganate to fully oxidize a sample of vanadium(III) as
it would to oxidize an equivalent molar sample of vanadium(IV).

If 6 moles of permanganate anion are required to
completely oxidize a sample of vanadium(II), how
many moles of permanganate ion would be required
to completely oxidize an equivalent molar sample of
vanadium(IV)?
A. 2
B. 3
C. 12
D. 18

–0.26 V

The oxidation state to which VO2+ is reduced in a redox
reaction depends on the strength of the reducing agent, a stronger
reducing agent being needed to bring about reduction to V(II)
and V(III) than to V(IV).

Reaction 4:

If an extremely strong reducing agent is added to an
aqueous solution of VO2+, the resulting species of
vanadium will most likely be:
vanadium(V), because it is the highest oxidation
state.
B. vanadium(V), because it is the lowest oxidation state.
C. vanadium(II), because it is the highest oxidation
state.
D. vanadium(II), because it is the lowest oxidation state.

Reaction 3:
V3+(aq) + e– → V2+(aq)

VO2+
VO2+
V2+
V3+

A.

E°

Reaction 2:
VO2+(aq) + 2 H+ + e– → V3+(aq) + H2O

Which one of the following is the strongest oxidizing
agent?

What is the standard electrode potential for the oxidation–
reduction reaction between the vanadyl cation and the
permanganate anion?
A.
B.
C.
D.

5.

0.51 V
1.15 V
1.87 V
2.51 V

What is the oxidation state of manganese in the
permanganate ion?
A.
B.
C.
D.

+4
+5
+7
+8
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Passage 86 (Questions 1-7)
The exact amount of energy carried by an electron flow is
dependent upon two fundamental properties of the flow—the
voltage and the current.
The voltage of an electrochemical cell is the potential gradient
which the electrons must flow across. Electrons spontaneously
flow in a positive voltage (downhill gradient), thereby releasing
energy. The voltage of a standard electrochemical cell is entirely
determined by the chemical identity of the oxidant and the
reductant; voltage is not a function of the size or shape of a cell.
The amount of charge that participates in the flow is called
the current; that is, the current represents the number of electrons
which comprise the flow. Electrical current is measured in units of
amperes, the amount of charge which flows per second. Although
there is a standard voltage defined for a given electrochemical
cell, there is no standard current. The current produced by a cell
is directly proportional to the surface area of the cathode and the
anode; it is completely independent of the chemical nature of
the cell. Therefore, regardless of a cell’s voltage, the larger an
electrochemical cell, the larger the output current.

Identical cells that are wired in parallel produce a voltage
equal to the initial voltage of any one of the separate cells, but
with a current which is the sum of all of the cells:
Itotal = ICell A + ICell B + ICell C
Vtotal = Vindividual cell
In these ways, virtually any current or voltage can be easily
produced from a small group of commercially available batteries.

1.

+ –

+–

+ –

Cells that are wired in series produce an electron flow in
which the currents (denoted by I) are the same in them all, and
with a new voltage (V) which is the sum of these cells:

2.

3.

Vtotal = VCell A + VCell B + VCell C
In a similar fashion, the current of an electron flow may be
increased. The amperage of a single cell may be enhanced by
increasing the surface area of the internal electrodes. However,
if this is not possible, several cells may be wired in parallel. In
parallel wiring, all of the cathodes of the cells are wired together,
and all of the anodes are wired together.

+
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+2.87

2H+(aq) + 2e– → H2(g)

0.00

Zn2+(aq) + 2e– → Zn(s)

–0.76

+2.11 V
+3.63 V
+10.89 V
Cannot determine from the information given

1.2 amps.
1.6 amps.
equal to that produced by a single Zn–F battery.
indeterminable based upon this information.

Given that all of the following electrodes have a mass of
one gram, which of these electrodes should be used to
construct a high current battery?
A.
B.
C.
D.

4.

F2(g) + 2e– → 2F(aq)

The current of three zinc–fluorine batteries wired in series
is:
A.
B.
C.
D.

IA = IB = IC

E°red(volts)

What is the voltage of three zinc–fluorine batteries wired
in series?
A.
B.
C.
D.

Electrochemical cells may be wired in series, in which the
anode of Cell A is wired to the cathode of Cell B, and the anode
of Cell B is wired to the cathode of Cell C, etc. The following
diagram shows three cells—A, B, and C—in series:

Half-reactions (reductions)

Solid cylinder electrode
Thick plate electrode
Spherical electrode
Foil electrode

One ampere is equal to:
A.
B.
C.
D.

1 coulomb sec.
1 coulomb sec–1.
1 coulomb–1 sec.
1 coulomb–1 sec–1.

General Chemistry

5.

Which of the following statements is FALSE?

Passage 87 (Questions 1-6)

A.

Only the most inert metal surfaces are invulnerable to
oxidizing agents. The reactions between iron and oxygen is
a persistent problem; the rusting of iron significantly reduces
the longevity of bridges, vehicles, and multi-story buildings, a
problem enhanced by acid rain. Millions of dollars have been
invested in trying to fully understand the electrochemical nature
of corrosion. Metal corrosion is just an electrochemical cell
which consumes the metal of interest. The following schematic
holds for widely accepted mechanisms for the corrosion of iron.

The total output current over the entire lifetime of
an electrochemical cell is only dependent upon the
mass of the reacting electrodes, not on their shape.
B. Given that the highest oxidation potential normally
observed is +3.03 volts (lithium) and the highest
reductive potential is +2.87 volts (fluorine), then
any battery which has an output voltage of more that
5.90 volts must have several cells wired in series.
C. Although there is no direct correlation between
voltage and current, it is true that a redox reaction
with a positive voltage will produce a positive
current, and a redox reaction with a negative
potential will produce a negative current.
D. The voltage of a cell is independent of the size or
shape of the electrodes.

6.

Battery A uses thin, circular wafer electrodes 10 cm
across, and Battery B uses identical electrodes except that
they are square wafers 10 cm across. Therefore, given that
the area of a circle is equal to πr2, what is the ratio of the
current produced by Battery A to the current produced by
Battery B?
A.
B.
C.
D.

7.

2:1
1:1
3:4
1:2

In order for the total voltage of three batteries (each with
potential V) to equal 3V:
A.
B.
C.

they must all be wired in series.
they must all be wired in parallel.
two should be wired in parallel, the combination in
series with the third.
D. two should be wired in series, the combination in
parallel with the third.

Atmosphere

O2(g)

Water
droplet
Fe2+
Fe2O3(s)
Iron metal surface
Rxn #1
Fe(s) + 2H2O (l)

Fe2+(aq) + H2(g) + 2OH–(aq)

Rxn #2
2Fe2+(aq) + O2(g) + H2(g) + H2O (l)

Fe2O3(s) + 4H+(aq)
Reaction #1 may occur under anaerobic conditions because
water is a mild oxidizing agent. The oxidation of ferrous ion to
ferric ion in Reaction #2 requires a more powerful oxidizing
agent such as oxygen gas.
One of the cheapest, most reliable ways of preventing
corrosion is by insulating the metal surface from water and
the atmosphere by using paint. However, over time, water can
pervade even the most resilient metallic oxide paint.
Therefore, engineers protect metal surfaces which are in
near constant contact with water or non alkaline soils, such as
municipal pipes and ship hulls, by wiring them to a metal with
a lower reduction potential such as magnesium or zinc. Because
of its lower reduction potential, this “bait” metal serves as a
sacrificial anode, becoming the site of oxidation in the corrosive
cell instead of the structural metal.
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1.

With respect to the summation of Reaction #1 and
Reaction #2, identify the cathode and the anode in the
schematic above.

5.

A.

The iron/atmosphere junction is the anode and the
iron surface is the cathode.
B. The iron/atmosphere/droplet junction is the cathode
and the iron/droplet surface is the anode.
C. The iron surface is the cathode and the water droplet
is the anode.
D. The atmosphere is the cathode and the iron metal is
the anode.

2.

Over a long period of time, the pH of a droplet that has
been facilitating the corrosion of iron will:
A.
B.
C.
D.

4.

|

become more acidic.
remain the same.
become more basic.
become less electrolytic.

Reactions #1 and #2 are:
A.
B.
C.
D.
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Copper metal can oxidize iron metal over long
periods of time.
B. Iron is a better oxidizing agent than copper.
C. Since iron is readily corroded in the moist marine air,
copper had been serving as a sacrificial anode.
D. Because copper metal is slowly oxidized in moist air,
iron served as a sacrificial anode.

6.

Cl– is an oxidizing agent.
Calcium and sodium ions can oxidize iron, forming
Ca and Na metal.
C. These salts are electrolytes, thereby enhancing
electron transport between the cathode and the
anode in a corrosive cell.
D. CaCl2 and NaCl are mild acids and are efficient at
stripping away the smooth layer of rust that protects
the bulk metal surface.

3.

A.

A major deleterious side effect of road salts (CaCl2 and
NaCl) used to melt street ice during the winter is the fact
that these salts dramatically increase the rate of corrosion
of automobiles and bridges. Why does this occur?
A.
B.

both redox reactions.
a redox reaction and a precipitation reaction.
an acid–base reaction and a redox reaction.
an acid–base reaction and a precipitation reaction.

© The Princeton Review, Inc.

The Statue of Liberty consists of a copper shell internally
supported by an iron framework. Until its renovation
in the mid 1980s, the monument had sustained severe
corrosion of the inner framework because the original
insulating pads which prevented metal–metal contact at
copper-iron interfaces had weathered away. Why is it
important to prevent the copper and iron from making
contact?

Aluminum metal has a lower electronegativity than iron,
yet reacts very slowly with oxygen in moist air because
of a hard, protective aluminum oxide coat that protects
all exposed surfaces. Under which of the following
conditions would aluminum be readily corroded?
A.
B.
C.
D.

Immersed in a solution of HCl
Immersed in a bath of hot sodium metal
Immersed in a solution of NH3
Immersed in a solution of NaOH

General Chemistry

Passage 88 (Questions 1-6)

1.

Just as spontaneous redox reactions can be used to produce
an electrical current, electricity may be used to drive a nonspontaneous redox reaction—a process called electrolysis.
Electrolysis is utilized in the production of pure elements (such
as electropositive metals and the halogens), the production of
reagent grade chemicals, and in electroplating.
The configuration of an electrolytic cell is analogous to an
electrochemical cell, except that the potential at the electrodes
is applied by an outside electric source, not by reactions which
occur on the electrodes’ surfaces. This is an important point,
because in electrolysis, the charge of the cathode and the anode
are opposite those in an electrochemical cell.
Metals can be derived from the electrolysis of the pure,
molten salts, typically group I or group II metal halide salts.
During this process, cations are attracted to the negative terminal,
and reduced by the excess electrons, while anions migrate to the
positive terminal and are oxidized.

A.
B.

Electrolysis is an exothermic process.
Electrolysis can only occur on salts which are
molten or solid.
C. The positive electrode is the anode.
D. The products of electrolysis will not react upon
contact.

2.

The most important industrial use for electrolysis is in
the production of aluminum from the mineral bauxite,
Al2O3(s). For every mole of aluminum produced:
A.
B.
C.
D.

3.

For example, the electrolysis of NaCl(l) forms sodium metal
and chlorine gas.

1/2 mole of oxygen gas is produced.
3/4 mole of oxygen gas is produced.
3/2 moles of oxygen gas is produced.
3 moles of oxygen gas is produced.

The electrolysis of water laced with some Na2SO4
produces one mole of pure oxygen for every two moles of
pure hydrogen. Which one of the following statements is
true?
A.

The oxygen in water is reduced to oxygen at the
negative electrode.
B. Because water molecules have a dipole moment,
they have a net attraction to the positive electrode.
C. Oxygen gas is produced half as fast as hydrogen
because oxygen molecules have a double bond while
the hydrogen molecule has a single bond.
D. The presence of sodium sulfate increases the
conductivity of the solution.

Outside
current
Liquid Na
metal

Which one of the following statements about electrolysis
is true?

Cl2 gas

Molten
NaCl

4.

The product of the electrolysis of an aqueous solution of
sodium chloride at the anode is most likely which of the
following?

Cl– ions
Na+ ions
Electroplating, however, occurs in aqueous solution. A metal
object serves as the negative electrode, and a mass of plating
metal, typically silver, gold, or chromium, serves as the positive
electrode. The atoms of the plating metal are oxidized, go into
solution, and then migrate to the negative electrode. The plating
ions are subsequently reduced on the surface of the object,
forming a thin but complete plating film. Electroplating is often
used on iron or steel objects to provide a corrosive-resistant
surface of chromium or silver, or for aesthetic purposes, such as
gold- or silver-plated cutlery, ornamental fixtures, and jewelry.

A.
B.
C.
D.

Hydrogen gas
Sodium metal
Sodium hydroxide
Chlorine gas
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5.

Which element has the ground state electron configuration
[Kr]5s14d5?
A.
B.
C.
D.

6.

Nb
Mo
Tc
This is not the ground state of any element.

Identify the compound which is not an electrolyte.
A.
B.
C.
D.

LiI
CaO
HBr
H2O

Passage 89 (Questions 1-6)
A chemist performed a systematic experiment in order to
determine the extent to which transition metal complexes can be
used as dyes in stain glass windows. Her only guide throughout
the analysis was the fact that the color of a transition complex is
a function of the strength of the metal-ligand coordinate bond.
Specifically, the strength of the coordinate bond is proportional
to the energy of the photon absorbed by that complex. Moreover,
the chemist was careful not to confuse the solution’s apparent
color with the wavelength of light that was actually being
absorbed. She realized that the observed color is actually the
opposing color of the absorbed light; for example, a green
solution is green because it is absorbing red light.
Violet
e

Re
d

Blu

e

Gr

ang

een

Or

Opposing colors are
illustrated in a color
wheel.

Yellow
The chemist tested a host of transition metals and ligands,
acquiring the following data:
Metal

Ligand

Color

Cu

H2O

blue

Cu

CN–

yellow

Ni

H2O

green

Cr

H2O

violet

Cr

CN

yellow

Cr

Cl

Cr

I

Cr

NH3

orange

Fe

H2O

orange

–

–

–

green
green

Notes: All metal cations are in the +3 oxidation state (except
Cu, which is +2). All solutions are aqueous. Unlike the other
ligands, high concentrations of haloacids had to be added before
the Cr(III) solution turned from violet to green.

1.

What is the oxidation state of the carbon atom in the
cyanide ion?
A. 0
B. +1
C. +2
D. +3
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General Chemistry

2.

Based upon what limited data is available, which ligand
has the strongest crystal field (that is, which forms the
strongest coordinate covalent bond)?
A.
B.
C.
D.

3.

CN–
H2O
Cl–
NH3

Passage 90 (Questions 1-5)
A redox reaction can be used to produce an electrical
current. Electrical currents are only produced when the oxidant
and the reductant are physically separated and are bridged by
a conducting media, such as a metal wire. An example of an
electrochemical cell is the galvanic cell illustrated below.

Which one of the following statements best explains
why the chemist has a more difficult time forming the
chromium halide complexes?
A.

Identify the correct molecular formula for the hexamine
copper(II) complex.
A.
B.
C.
D.

[Cu(NH3)6]
[Cu(NH3)6]+
[Cu(NH3)6]2+
None of the above

(+)
Salt Bridge
Na+, SO42- containg gel

Copper electrode

4.

(-)

Zinc electrode

Due to their negative charge, halide anions are much
stronger ligands than is water.
B. Haloacids are insoluble in water.
C. Chloride and iodide cannot act as Lewis bases.
D. High concentrations of halides are required to
displace coordinated water molecules which are
better ligands.

Zn2+

Cu2+

Anion Migration
5.

Ligation is an example of a:
A.
B.
C.
D.

6.

redox reaction.
Lewis acid–base reaction.
precipitation reaction.
Brønsted–Lowry acid–base reaction.

Which of the following metal complexes absorbs the
longest wavelength of light?
A.
B.
C.
D.

[Cr(H2O)6]3+
[Fe(H2O)6]3+
[Cu(H2O)6]2+
[Cu(CN)6]4–

Cation Migration

A standard galvanic cell utilizes a redox reaction between a
1.0 M aqueous solution of copper(II) ions and a zinc plate. The
reactants are contained in two separate vessels, and are bridged
only by a conducting copper wire and a salt bridge. A copper
plate is used as a junction (called an electrode) between the
wire and the copper solution, although any conducting, inert
media such as platinum or graphite could be substituted for the
copper plate. As the reaction proceeds, copper metal will be
continuously deposited onto this electrode. In contrast, the zinc
plate serves as both the reducing agent and its own electrode.
Over time, the zinc electrode will erode away as Zn2+ ions are
formed and dissolve into solution.
A salt bridge is typically a tube which contains a hydrous agar
gel which is imbedded with dissolved salt. The main purpose of
the salt bridge is to provide an ion conducting channel to facilitate
ion migration, yet prevent copper ions from rapidly diffusing
into the vessel containing the zinc electrode. The migration of
copper ions is minimized by the competing migration of the ions
already present in the gel.
© The Princeton Review, Inc.
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If the oxidant and the reductant are allowed to come in
physical contact with one another, electron flow through the wire
will cease, and a substantial amount of heat will be liberated.
When this occurs in a battery, the battery is said to be shorted out.

1.

In the figure above, the arrow under the light bulb
indicates the direction:
A.
B.
C.
D.

2.

Any cell having a positive voltage must be powered by a
reaction that is:
A.
B.
C.
D.

3.

of the electron flow.
opposite to the electron flow.
in which the copper atoms in the wire will migrate.
Both A and C.

in equilibrium.
spontaneous.
endothermic.
both B and C.

What would NOT happen if a student accidentally placed
the zinc electrode directly into the copper solution?
A.
B.

The light bulb would go out.
The zinc electrode would be immediately encrusted
with a layer of copper metal.
C. The copper electrode would be immediately
encrusted with a layer of zinc metal.
D. The solution would warm up.

4.

|

Precipitate out the zinc ions.
Let the solutions evaporate to dryness.
Remove the salt bridge.
Precipitate out the copper ions.

Which of the following materials is NOT a good
conductor of electrons?
A.
B.
C.
D.
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Electrochemical cells are still the predominant source of
portable electrical power. Although a whole spectrum of batteries
have been designed to accommodate a range of specialized
requirements, in principle, they all still depend on the electrical
flow produced by a redox reaction. The voltage of a battery may
be calculated if an adequate standard reduction potential table
(see below) is available.
Half-reaction (reductions)

Platinum
Agar gel
Graphite
Zinc

© The Princeton Review, Inc.

E° (volts)

F2(g) + 2e– → 2F(aq)

+2.87

MnO4– + 4H+ + 3e– → MnO2(s) + 2H2O

+1.70

MnO2(s) + 4H+ + 2e– → Mn2+(aq) + 2H2O

+1.23

NiO2(s) + 2H2O + 2e– → Ni(OH)2(s) + 2OH–(aq) +0.49
2H+(aq) + 2e– → H2(g)

0.00

Zn2+(aq) + 2e– → Zn(s)

–0.44

Cd(OH)2(s) + 2e– → Cd(s) + 2OH–(aq)

–0.81

The most common, inexpensive battery is the alkaline dry
cell. Dry cells come in a variety of shapes and sizes. All alkaline
dry cells are powered by a Zn/MnO2 reaction which occurs under
basic conditions. The anode, which is nothing more than a zinc
casing, serves as the negative terminal and the reductant itself.
MnO2(s), which is suspended in a electrolytic paste, is reduced
on a graphite cathode which is the positive terminal. The salt
bridge which is present in an ordinary galvanic cell is replaced
by an alkaline paste imbedded with MnO2 and graphite powder.
The paste is physically separated from the zinc can by a porous,
paper shield.

Which of the following will not reduce the electrical
current of a galvanic cell?
A.
B.
C.
D.

5.

Passage 91 (Questions 1-5)

Graphite
cathode

Porous
insulator

MnO2, NH4Cl
graphite plate

Zinc can
anode
Most batteries have an output flow over their lifetime which
resembles the plot below.

General Chemistry

4.
Output
voltage

A.
B.
C.
D.

Time
Output voltage is relatively constant for the most of the life
of the battery. After 95% of the fuel has been consumed, the
output voltage drops off rapidly until it reaches zero.
5.
1.

Based on the passage, the alkaline dry cell has an
approximate potential of:
A.
B.
C.
D.

2.

Vout = Eocell + KeTuse
Vout = Eocell – KeTuse
Vout = Eocell – Ke/Tuse
Vout = Eocell – Ke(Tuse)3

Which one of the following statements about batteries is
true?
A.
B.
C.
D.

They are all rechargeable.
Electrons always flow from the anode to the cathode.
Oxidation occurs at the cathode.
The cathode is consumed in the reaction.

The pH of a fully charged alkaline dry cell must be:
A.
B.
C.
D.

3.

1.0 V.
1.4 V.
1.7 V.
2.1 V.

Which of the following equations could be used to
calculate the output voltage, Vout, of an ordinary battery
after its been in use for some length of time, Tuse? (Note:
Ke is a constant.)

less than the pH of a drained one.
more than the pH of a drained one.
the same as the pH of a drained one.
acidic.

Why would an unused battery eventually die?
A.

Electrons slowly diffuse through the internal salt
bridge.
B. Conducted through the air, electrons travel from the
cathode to the anode.
C. Moisture in the air increases the electron flow along
the surface of the battery from the cathode to the
anode.
D. Conducted through the air, cations travel from the
anode to the cathode.
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Passage 92 (Questions 1-6)

1.

A student performed an extensive experiment to determine
the relative rates of corrosion of various metals with a variety
of strong acids. The experimental procedure involved immersing
three sets of ten 1.0-gram metal samples into three different acid
baths, and then quantifying the reaction’s spontaneity based
upon the vigor of gas evolution. Reactions were designated as
being either violent (X), vigorous (V), moderate (M), sluggish
(S), or nonspontaneous (OO). The reactions were performed in
a Styrofoam calorimeter. Gas evolution was monitored visually,
and the heat evolved in the bath C reactions (data not given here)
was measured with a calibrated thermometer. All reactions in
bath C were allowed to go to completion.

A.
B.
C.
D.
2.

Metal

Bath A

Bath B

Bath C

V

X

Lead

OO

OO

V

Iron

M

S

X

Aluminum

V

M

X

Copper

OO

OO

V

Silver

OO

OO

M

Zinc

V

V

X

Cobalt

M

M

X

Tin

M

M

V

Mercury

OO

OO

M

Reagents:
Bath A contained hydrochloric acid (12 M)
Bath B contained sulfuric acid (18 M)
Bath C contained nitric acid (16 M)
Based upon his observations, the student constructed two
linear rankings of the reduction potentials of the acids and the
metals. The first ranking was based solely upon the qualitative
rates of gas evolution as listed above, and the second ranking
was based solely upon his quantitative Bath C heat data.
He found that his first table was in general agreement with
previously published reductions tables, although pairs of metals
with similar reduction potentials were in reversed order half of
the time. Yet surprisingly, his second table had no correlation
with any accepted work. It assigned Al and Mg with potentials
far too high (negative 10 and 12 volts), and gave mercury, silver,
and lead values much smaller than what they should have been.
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silver.
copper.
magnesium.
lead.

Which of the following statements is inconsistent with the
student’s data?
A.

The nitrate ion has a higher reduction potential than
H+.
B. The nitrate ion is a better oxidizing agent than H+.
C. The sulfate ion is a better oxidizing agent than H+.
D. H+, Cl– and SO42– must all have lower reduction
potentials than lead, silver, copper, and mercury.

Table of rates of gas evolution:

Magnesium V

Based upon his first reduction potential table, the student
correctly listed the metal with the highest (most positive)
reduction potential as:

3.

Reactions in HCl and H2SO4 produced an odorless,
colorless gas, while those in HNO3 produced an acrid,
orange-brown gas. These gases were hydrogen and:
A.
B.
C.
D.

ammonia.
sulfur dioxide.
nitrogen.
nitrogen dioxide.

General Chemistry

A.

In measuring and contrasting the heats of reactions
of several compounds with differing molecular
weights, the student should have used equal moles of
reactants, not equal masses.
B. The acids in the immersion baths should have been
the same concentration.
C. For reactions in which gaseous products are
generated, one should use a sealed calorimeter with
an airtight lid.
D. The specific heats of each of the systems were not
taken into account, and may have differed.

5.

The nitrate ion’s geometry is:
A.
B.
C.
D.

6.

trigonal planar.
trigonal pyramidal.
square planar.
none of the above.

Based upon this student’s experiment, which other strong,
oxidizing acid (like HNO3) would corrode all of the
metals in this experiment?
A.
B.
C.
D.

HBr
H3PO4
HF
HClO4

Passage 93 (Questions 1-7)
***ADVANCED PASSAGE***
A scientist performed an experiment which was designed
to determine the effects of differing temperature, pressure, and
concentration upon the output voltage of a galvanic cell. The
scientist was attempting to reproduce an experiment performed
some time earlier which produced results inconsistent with those
predicated by the Nernst equation:
°
Ecell = Ecell
−

2.303 RT
[ Zn 2+ ]
log
nF
[Cu 2+ ]

Before the experiment began, the scientist constructed
a standard state galvanic cell to serve as a control and let it
completely discharge, all the while monitoring the voltage it
produced.
Output voltage

Not surprisingly, the student’s thermodynamic data
failed to produce the accepted reduction production table
because he made some fundamental mistakes in this
portion of his experiment. Which one of the following did
NOT contribute to the huge experimental error?

2.0
1.1
0
1

2
3
4
5
Time (log seconds)
Control

The first step of the experiment involved repeating the
control exercise, except the cell was forced to operate at 100°C.
The output voltage of the cell decreased with time:
Output voltage

4.

2.0
1.1
0
1

2
3
4
5
Time (log seconds)

High Temperature
The second step of the experiment was a repeat of the control
experiment under high pressures (10 atm). This experiment
determined that increasing pressure had no effect on this cell.
The last part of the experiment involved constructing three
galvanic cells in which the initial concentrations of copper
and zinc ions varied. All three trials were monitored in the
same fashion outlined above. A colorimeter was employed to
accurately measure the concentration of copper ions during the
course of these experiments. (A colorimeter is a device that
detects the quantity of visible light that is absorbed by a colored
molecule in a solution.) A summary of the results are given below.
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Note that only four measurements of voltage and copper
concentration were performed for each trial. An initial sampling
was taken for each trial (A), and three more samplings were taken
5 minutes (B), 10 minutes (C) and 15 minutes (D) after the cells
were activated. Therefore, the dashed curves in the following
figure are statistical extrapolations and are not composed of any
data.
A

B

C

3.

A.
B.
C.
D.
4.

D

E°cell represents the potential at:

Trial 1

273 K, 760 torr.
273 K, 780 torr.
298 K, 760 torr.
298 K, 780 torr.

Colorimetry could only be used for determining copper
ion concentrations, not zinc ions. Why?

Output voltage

A.

Unlike copper ions, zinc ions are colorless in
solution.
B. Once formed, zinc ions immediately precipitate out
of solution.
C. Colorimetry can only be used on clear solutions, not
colored ones.
D. None of the above

Trial 3
Trial 2

Linear time
5.
A

B

C

D

Trial 1

12.6% 8.0%

3.8%

0.0%

Trial 2

11.3% 7.6%

5.9%

5.9%

Trial 3

10.5% 6.2%

3.0%

0.0%

Table 1

A.

the concentration of the copper ions was the limiting
reagent for Trial 2.
B. the concentration of zinc ions was the limiting
reagent for Trial 2.
C. the mass of the copper cathode was the limiting
reagent for Trial 2.
D. the mass of the zinc anode was the limiting reagent
for Trial 2.

Colorimetric Absorbance at Different Points

Based upon Beer’s law, the concentration of an optically
active species, in this case Cu2+, is directly proportional to the
percent absorbance of a solution containing that species.
6.
1.

In the Nernst equation, what is the purpose of the factor
2.303?

2.

If the properties of a cell are completely represented in
the Nernst equation (not true in reality), what should be
the initial voltage of the high temperature experiment?
A.
B.
C.
D.
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Less than the control, but negative
Less than the control, but positive
Equal to the control
Greater than the control
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The voltage of a standard galvanic cell may be increased
by:
A.

precipitating out all zinc ions as ZnS(s) by bubbling
H2S(g) through the anode solution.
B. increasing the surface area of the cathode and anode.
C. removing the salt bridge.
D. replacing the copper cathode with a platinum
electrode.

A.

It represents the average number of transferred
electrons.
B. It is a conversion factor between natural and base ten
logs.
C. It is a conversion factor between calories and joules.
D. It represents the ratio of electrical to mechanical
potential.

Based upon the results of Trials 1 through 3, trial 2
differed from Trials 1 and 3 because:

7.

Which of the following electrochemical cells would be
strongly affected by an dramatic increase in pressure?
A.
B.
C.
D.

Zinc–manganese dioxide cell
Zinc–silver oxide cell
Mercuric oxide–cadmium cell
Lithium–fluorine cell

MCAT
General
Chemistry
Solutions

MCAT Science Workbook

Freestanding Questions
1.

B

There is one s orbital, and there are three p orbitals, five d orbitals, and seven f orbitals. Thus,
the answer is B. (Note: Do not confuse the number of orbitals in a subshell with the number
of electrons the subshell can hold. Each orbital can hold two electrons, so the capacity of an nf
subshell is 7 × 2 = 14 electrons.)

2.

D

A boron atom contains 5 electrons, so choices B and C are eliminated immediately, since they
account for 6 and 4 electrons, respectively. The configuration in choice A is for a boron atom in
the ground state, so the answer must be choice D.

3.

A

A calcium atom normally contains 20 electrons, so if it acquires a charge of +2, it must have lost
2 electrons, leaving just 18. Only choice A accounts for 18 electrons.

4.

A

Electrons become excited when they gain energy by absorbing a photon.

5.

C

Noble-gas configurations are characterized by filled valence s and p subshells. Since the s holds 2
electrons and the p holds 6, the answer is choice C.

6.

C

The result of beta decay is the transformation of a neutron to a proton and an expelled electron
(β– particle). Therefore, the atomic number increases by one. So, if the original atom was lithium
(Z = 3), the daughter atom will be beryllium (Z = 4).

7.

D

Since it takes 5700 years for 50% of a 14C sample to decay, if we wait only 2000 years, much less
than 50% will have decayed, leaving much more than 50% remaining. D is the best choice.

8.

D

One mole of O2 has a mass of 2(16 g) = 32 g, so 2.5 moles will have a mass of 2.5(32 g) = 80 g.

9.

C

The mass of one mole of hydrogen atoms is 1 g. Glucose contains 12 H atoms, so one mole of
glucose contains 12 g of hydrogen. Three moles of glucose would therefore contain 3(12 g) = 36
g of hydrogen.

10.

B

For purposes of calculation, assume that we have 100 g of the compound. This would mean that
we have 64 g of Ag, 8 g of N, and 28 g of O. Therefore, the number of moles of each of these
elements are:
Ag: (64 g) / (108 g/mol) = 0.6 mol
N: (8 g) / (14 g/mol) = 0.6 mol
O: (28 g) / (16 g/mol) = 1.8 mol
Since the ratio of Ag:N:O is 1:1:3, the empirical formula must be AgNO3.

11.
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In one mole of sulfuric acid, there are 32.1 g of S and 4(16 g) = 64 g of O. Therefore, the percent
mass of O should be twice the percent mass of S, so the answer must be choice C.
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12.

C

If each mole of Cu2S produces 2 moles of Cu, then two moles of Cu2S will produce 4 moles of
Cu.

13.

C

According to the given balanced equation, when 4 moles of Ag are produced, 1 mole of O2 is
produced. Therefore, if 1 mole of Ag is produced, then 1/4 mole of O2 will be produced. The
mass of 1/4 mole of O2 is (1/4)(2)(16 g) = 8 g.

14.

B

In one mole of CH3COOH, the mass of the oxygen atoms is 2(16 g) = 32 g, and the mass of the
hydrogen atoms is 4(1 g) = 4 g. Therefore, the mass percent of O must be 8 times greater than
that of H. Only the composition in choice B has a ratio close to this.

15.

C

A sulfur atom contains 16 electrons, so choices B and D are immediately eliminated since they
each account for 17 electrons. The configuration in choice A is that of a ground-state sulfur
atom, so the answer must be choice C.

16.

A

The line spectra of atoms are the result of the photons emitted when excited electrons drop to
lower energy levels.

17.

B

Alpha decay results in the loss of two protons, while ordinary beta decay (that is, β– decay)
results in the gain of one proton. Since isotopes of the same element have the same number of
protons, the number of protons lost by alpha decay must equal the number gained by beta decay.
Therefore, twice as many beta decays as alpha decays must occur, so the ratio of alpha to beta
decays is 1:2.

18.

C

The periodic trend for electronegativity predicts that chlorine is more electronegative than iodine, which eliminates choices B and D. Since iodine (Z = 53) has more protons than chlorine
(Z = 17), it has a greater nuclear charge, so choice A is false.

19.

D

Ionization energy generally increases as we move to the right across a row in the periodic table.
Therefore, of the choices given, titanium should have the highest ionization energy.

20.

D

Atomic radius generally decreases as we move to the right across a row in the periodic table.
Therefore, comparing calcium and gallium (both 4th period elements), gallium should have the
smaller radius; this eliminates choices A and C. Choice B can be eliminated since there is no
loss of electrons when we are simply comparing atomic size. Choice D is true and provides the
correct explanation.

21.

D

Although each C–Cl bond is very polar, the dipole moments of the four bonds in CCl4 cancel
each other out because the molecule is a symmetric tetrahedron.

22.

A

NaCl is an ionic compound, and no electrons are shared in an ionic bond.

23.

B

Remember the following correspondences between the hybridization of the central atom and
the molecular geometry: sp – linear, sp2 – trigonal planar, sp3 – tetrahedral, sp3d – trigonal
bipyramid.

24.

A

Only molecules with complete symmetry around the central atom can be nonpolar. Bent molecules lack this symmetry, because both noncentral atoms lie on the same side of the central
atom.
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25.

A

Since each N atom has 5 valence electrons, the Lewis structure for N2 must account for 10
valence electrons. Choices B, C, and D are incorrect, because they account for 8, 16, and 8 valence electrons, respectively.

26.

B

Choices A, C, and D are all false, and can therefore be eliminated. The answer is choice B: The
quest for closed-shell stability is the primary driving force in chemical processes. When chlorine
gains an electron, it completes its octet, so chlorine atoms form anions much more easily than
they form cations.

27.

D

By definition, molarity equals moles of solute divided by liters of solution. Since 1 cm3 = 1 mL,
the molarity of this solution is (0.5 mol)/(0.05 L) = 10 M.

28.

D

By definition, molality equals moles of solute divided by kilograms of solvent. Thus, the molality of this solution is (2 mol)/(1 kg) = 2 m.

29.

B

First, note that the concentration of the solute is (0.25 mol)/(0.05 kg) = 5 m. Now, given that
the molecule does not dissociate (that is, i = 1), the freezing point depression is calculated as follows: ∆Tf = kfm = (–1.86°C/m)(5 m) = –9.3°C, and thus, Tf ′ = (0°C) – 9.3°C = –9.3°C.

30.

D

The addition of a solute always elevates the boiling point temperature of a liquid; this eliminates
choices A and B. Since NaCl dissociates into 2 ions in solution, we have i = 2, so ∆Tb = kbmi =
(0.51°C/m)(2 m)(2) = 2°C, and thus, Tb′ = (100°C) + 2°C = 102°C.

31.

B

A phase change does not involve breaking bonds; intermolecular forces between liquid molecules are overcome during the boiling process. Eliminate choice A. Vapor pressure does not
change with a change in pressure, so choice C is incorrect. Boiling occurs when the vapor pressure of a liquid equals the atmospheric pressure. Water boils at a lower temperature at high altitudes because the atmospheric pressure decreases as altitude increases.

32.

A

The addition of a solute to a liquid always lowers the vapor pressure of the liquid.

33.

C

One mole of an ideal gas occupies 22.4 L at STP. Therefore, two moles would occupy 44.8 L.

34.

D

Diffusion rate is proportional to the speed of the gas. Since lighter gases travel faster than heavier gases, hydrogen must diffuse faster than oxygen. This eliminates choices A and B. Two gases
with the same temperature have the same average molecular kinetic energy. Thus, (1/2)mHv H2 =
(1/2)mOvO2, which implies (v H/vO)2 = mO/mH. Since mO/mH = 16, we have (v H/vO)2 = 16, which
gives vH/vO = 4/1.

35.

C

If half the mixture is composed of CO2, then half the total pressure is due to CO2. Thus, the
partial pressure of CO2 is (1/2)(760 torr) = 380 torr.

36.

B

The pressure due to the nitrogen and carbon dioxide gases is 330 + 250 = 580 torr. Since the
total pressure is 725 torr, the partial pressure of oxygen is the difference: 725 – 580 = 145 torr.
Since 145 is 1/5 of 725, the percent pressure of O2 is 1/5 = 20%.

37.

A

If P, n, and R are constants, then the ideal gas law, PV = nRT, implies that V is proportional to
T. Since the absolute temperature decreased by a factor of 3 (from 300 K to 100 K), the volume
will also decrease by a factor of 3. The new volume is therefore (600 cm3)/3 = 200 cm3.
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38.

A

If V, R, and T are constants, then the ideal gas law, PV = nRT, implies that P is proportional to
n. Therefore, increasing n will cause an increase in P.

39.

A

Boiling occurs when the vapor pressure of a liquid equals the atmospheric pressure. Since vapor
pressure always increases as the temperature increases, Liquid I will boil at a lower temperature
than Liquid II (choice A), because Liquid I’s vapor pressure is closer to the atmospheric pressure. Stronger intermolecular forces means the molecules stick together more, making them less
likely to enter the vapor phase. Choice B is therefore wrong. The heat of fusion is irrelevant to
this question, so eliminate choice C. We would expect a higher heat of vaporization for a compound that is harder to evaporate, or one with a low vapor pressure. Therefore choice D is also
incorrect.

40.

D

Since the substance starts in the gas phase, it cannot evaporate or sublime, so eliminate choices
B and C. A gas can be liquefied by bringing the molecules closer together. This can be accomplished by either increasing the external pressure on the gas or by decreasing its temperature.
Neither of these is done here, so this gas will remain a gas.

41.

A

Choices B, C, and D are all criteria for ideal behavior. Choice A is not; gas molecules are allowed to exchange kinetic energy with each other, though the total energy of the system will not
change.

42.

B

Converting from the liquid to solid phase requires an increase in pressure, not a decrease, so
choice C can be eliminated. A noble gas is not likely to exist in the solid phase, even at really
high pressures at ambient temperatures. Choices A and C can be eliminated. Decreasing the external pressure allows the molecules to spread out. Therefore, the most likely phase change here
is from liquid to gas.

43.

D

The compound will exist as a liquid as long as the external pressure is greater than the compound’s vapor pressure. (Once the vapor pressure equals the external pressure, the substance
boils.)

44.

D

Two gases having the same temperature have the same average molecular kinetic energy. Therefore, (1/2)mIv I2 = (1/2)mIIv II2, which gives mII/mI = (v I/v II)2. Since v I/v II = 2, we have mII/mI = 22 =
4. Among the available choices, the only gases with a mass ratio close to 4 to 1 are krypton (83.8
g/mol) and neon (20.2 g/mol).

45.

B

The rate of expansion (or diffusion) is directly proportional to the mean velocity of the gas molecules. The only equation that has a term for velocity is the one in choice B.

46.

D

Since i = 2, Co(NH3)4Cl3 dissociates into 2 ions: Co(NH3)4Cl2+ and Cl–. Because six ligands
remain around the cobalt atom, the geometry of this complex cation must be octahedral.

47.

C

To obtain the rate law, we must compare trials and determine how changes in the initial concentrations of the reactants affect the initial rate of the reaction. Comparing Trials 1 and 3, we
see that [A] increased by a factor of 3 and so did the reaction rate; thus, the reaction is first order
with respect to A. Eliminate choices B and D. Comparing Trials 1 and 2, we see that [B] increased by a factor of 4 and the reaction rate increased by a factor of 16 = 42. Thus, the reaction
is second order with respect to B. Therefore, the rate law for this reaction is given by Rate = k[A]
[B]2.
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48.

A

An increase in the rate constant always corresponds to a faster reaction rate, so choices C and
D are eliminated. Increasing the temperature of a reaction always increases the reaction rate, so
choice A must be correct.

49.

C

Molecular mass is unrelated to the rate of a reaction, so eliminate choices A and B. The ratedetermining step of a reaction is the slowest step, that is, the one takes the most time.

50.

D

To obtain the rate law, we must compare trials and determine how changes in the initial concentrations of the reactants affect the initial rate of the reaction. Comparing Trials 1 and 2, we
see that [A] increased by a factor of 2 and so did the reaction rate; thus, the reaction is first
order with respect to A. Eliminate choices B and D. Comparing Trials 2 and 3, we see that [B]
increased by a factor of 2 and so did the reaction rate; thus, the reaction is also first order with
respect to B. Therefore, the rate law for this reaction is given by Rate = k[A][B].

51.

D

Since the empirical formula for magnesium iodide is MgI2, two moles of dissolved I– result from
each mole of dissolved MgI2. Therefore, if [MgI2] = 0.20 M, then [I–] = 2(0.20 M) = 0.40 M.

52.

C

For dilution problems, like this one, the concentration (C) times the volume (V ) of all the solutions before mixing must equal the concentration times the volume of the final solution:
(CV )Soln 1 + (CV )Soln 2 = (CV )Final soln
(0.02 M)(15 mL) + (0.04 M)(10 mL) = C(25 mL)
0.028 M = C

53.

D

To obtain the rate law, we must compare trials and determine how changes in the initial concentrations of the reactants affect the initial rate of the reaction. Comparing Trials 1 and 4, we
see that [A] increased by a factor of 2 and the reaction rate increased by a factor of 4 = 22; thus,
the reaction is second order with respect to A. Eliminate choices A and B. Comparing Trials 1
and 3, we see that [B] increased by a factor of 2 and the reaction rate increased by a factor of
4 = 22; thus, the reaction is also second order with respect to B. By process of elimination you
can choose answer choice D as the correct answer without analyzing the rate law with respect
to C. Doing so, however, we find that by comparing Trials 1 and 2, we see that [C] increased
by a factor of 2 and so did the reaction rate; thus, the reaction is first order with respect to C.
Therefore, the rate law for this reaction is given by Rate = k[A]2[B]2[C].

54.

D

A catalyst lowers the activation energy of a reaction, causing an increase in the reaction rate.

55.

A

The best way to approach this question is to ignore OH– and H+, because they will neutralize
each other when mixed. Thus, in this question we are mixing 50 mL of 1.0 M Li+ and 50 mL of
1.0 M Br –. Since the solution volume is doubling, the concentration of each ion is expected to
decrease by a factor of 2. Therefore, the correct choice is A.

56.

A

The equilibrium dissociation of AgCl is given by the equation AgCl(s)  Ag+(aq) + Cl–(aq), so Ksp
= [Ag+][Cl–]. If the concentration of dissolved AgCl is 1.3 × 10 –4 M, then [Ag+] = [Cl–] = 1.3 × 10 –4 M
also. Therefore,
Ksp = (1.3 × 10 –4)2 = 1.7 × 10 –8 .
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57.

C

The concentrations of the dissolved ions must exceed the Ksp value for precipitate to form. Given
the dissolution of PbSO4,
PbSO4(s)  Pb2+(aq) + SO42–(aq)
we have Ksp = [Pb2+][SO42–]. Therefore, the minimum concentration of SO42– needed to form
precipitate is [SO42–] = Ksp/[Pb2+] = (1.6 × 10 –8)/(1.25 × 10 –3) = 1.3 × 10 –5 M.

58.

C

The addition of dissolved F– (by adding NaF) decreases the solubility of CaF2. This is the common ion effect (Le Châtelier’s principle).

59.

C

The conjugate base of a chemical species is simply that species after it has lost an H+. Therefore,
the conjugate base of HSO4 – is SO42– (eliminating choices A and B), and the conjugate base of
H3O+ is just H2O (eliminating choice D).

60.

C

Barium hydroxide dissolves reversibly via the reaction
Ba(OH)2(s)   Ba 2+(aq) + 2 OH–(aq)
Therefore, the equilibrium expression is Ksp = [Ba 2+][OH–]2.

61.

A

The addition of hydroxide (from NaOH) would decrease the solubility of magnesium hydroxide due to the common ion effect. Therefore, the amount of undissociated Mg(OH)2 would
increase.

62.

C

Since both sides of the reaction have two gas molecules, changes in pressure will have no effect
on the equilibrium; this eliminates choices A and B. According to Le Châtelier’s principle, endothermic reactions are shifted to the right at higher temperatures: choice C.

63.

B

In the reaction, silicon is accepting electron density from each of the two negatively-charged
halide ions. It is thus acting as a Lewis acid, eliminating choices C and D. The product of the reaction, SiX62–, has six atoms around the central silicon atom. VSEPR theory predicts that these
six centers will adopt an octahedral geometry. Thus, A is wrong, since trigonal bipyramids are
characteristic of five coordinate centers; the answer is B.

64.

D

First, eliminate choice B; adding a reactant favors the forward reaction. Since the equilibrium
constant, K, and the reaction quotient, Q, are inversely proportional to [OH–]2, doubling [OH–]
will cause K to decrease by a factor of 22 = 4. Thus, the reaction quotient, Q, will be one-fourth
of K, favoring the forward reaction.

65.

D

A strong acid dissociates virtually completely in aqueous solution; therefore, the concentrations
of A– and H3O+ should both be much greater than the concentration of undissociated HA,
which implies a large value of Ka, certainly greater than 1.)

66.

B

A Brønsted–Lowry base is a molecule or ion that is a H+ acceptor. Based on the reaction given
in the question, H2O accepts H+ (choice B). (Note that if there were reversible arrows—which
there are not—choice D could have also been correct.)
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67.

D

For a conjugate pair, such as formic acid and the formate ion, the product of the Ka of the acid
and the Kb of the base is equal to 10 –14. The equation Ka Kb = 10 –14 is equivalent to the equation
pKa + pKb = 14. Therefore, pKb = 14 – pKa = 14 – [–log (1.8 × 10 –4)] = 14 + log (1.8 × 10 –4)

68.

D

The dissociation of HF is given by
HF(aq)   H+(aq) + F–(aq)
Let [H+] = [F–] = x. Although the actual equilibrium concentration of HF is (2 – x) M due to
dissociation, we assume that x is very small (compared to 2) and ignore the difference. That
is, we take [HF] = 2 M at equilibrium. Since the equilibrium expression for this reaction is
Ka = [H+][F–]/[HF], we have Ka = x 2/2, so
x2 = 2Ka = 2(6.8 × 10 –4) = 13.6 × 10 –4
which implies that x = 3.7 × 10 –2. (Note that our assumption that x is small compared to 2 was
reasonable; x is less than 2% of 2.)

69.

D

Sodium acetate is a basic compound, because acetate is the conjugate base of acetic acid, a weak
acid (“the conjugate base of a weak acid acts as a base in water”). The addition of a base to any
solution, whether it is buffered or not, will increase the pH. The answer is choice D.

70.

B

The pH of a buffer can be calculated using the Henderson–Hasselbalch equation,
pH = pKa + log ([conjugate base]/[conjugate acid])
When the concentrations of the acid and base are equal, the fraction on the right-hand side is 1;
since log 1 = 0, we have pH = pKa. If the Ka of the acid is 4.5 × 10 –4, which is between 10 –4 and
10 –3, the pKa (and, therefore, the pH) is between 3 and 4.

71.

D

The titration curve of a diprotic acid will contain two inflection points; this eliminates choices
B and C. Furthermore, titration curves are smooth; they do not have sharp corners. This eliminates choice A.

72.

A

The overall reaction is just the sum of the two individual reactions. Therefore the overall ∆Hrxn
is (–802 kJ/mol) + (–88 kJ/mol) = –890 kJ/mol.

73.

D

Since ∆G = ∆H – T∆S and T is always positive, a negative ∆H and a positive ∆S (choice D) always gives a negative ∆G.

74.

C

∆Hrxn is the difference between the total ∆Hf of the products and the total ∆Hf of the reactants.
Thus,

			

∆Hrxn = Σ(∆Hf, products) – Σ(∆Hf, reactants)
= (–635.5 kJ/mol – 393.5 kJ/mol) – (–1206.9 kJ/mol)
= 178 kJ/mol
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75.

B

In order for the products to be more stable, they must have lost energy; thus, ∆H is negative
(eliminating choices A and C). If the products have a more orderly arrangement than the reactants, then the entropy decreased; thus ∆S is also negative, and the answer is choice B.

76.

D

If ∆G is negative, then the reaction is spontaneous (eliminating choice B). Furthermore, since
∆H is negative, the reaction is exothermic also.

77.

A

Since the heat of reaction (∆H) is not a function of temperature, choices C and D are eliminated. Since the reaction is exothermic, Le Châtelier’s principle implies that increasing the temperature will decrease the forward reaction.

78.

C

Le Châtelier’s principle implies that increasing the pressure will shift the reaction to the side
with the fewer gas molecules. Since the reactant side has 1 + 3 = 4 gas molecules, while the
product side has just 2, the forward reaction will be favored, and fewer gas molecules means a
smaller volume.

79.

A

Since Point 1 is the energy of the activated complex, choices B and D are eliminated. Line 3 is
the difference in energy between the products and reactants; this is ∆H. Thus, the answer must
be choice A.

80.

B

A catalyst lowers the activation energy, Ea, of a reaction.

81.

B

∆G is always negative for spontaneous reactions.

82.

D

In these molecules, the oxidation number of each H is +1, and the oxidation number of each O
is –2. Since the sum of all the oxidation numbers in any neutral molecule must be zero, if we let
x denote the oxidation number of S in H2SO4, then we must have 2(+1) + x + 4(–2) = 0, which
implies x = +6. The answer must therefore be choice D.

83.

C

Since the reduction potentials for Li+(aq) and Na+(aq) are both negative, neither process is spontaneous, so A is wrong. Flipping each of the reactions listed in the table reveals that Li(s) is more
easily oxidized than Na(s), since 3.05 V > 2.71 V.

84.

C

Electrolytic cells involve nonspontaneous chemical reactions, so choices A and B are eliminated.
Since the anode is the site of oxidation (and the cathode the site of reduction) in any electrochemical cell, the answer is choice C.

85.

D

Oxidation is defined as an increase in oxidation number and corresponds to the loss (or apparent loss) of electrons.

86.

C

The anode is always the site of oxidation, and the cathode is always the site of reduction in any
cell, so choices B and D are wrong. In Reaction 2, it is clear that each I– anion must lose one
electron in order for neutral I2 to be formed. The process of losing electrons is called oxidation,
so the answer is choice C.
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87.

C

Reactions with positive potentials (E values) are spontaneous; those with negative E values are
nonspontaneous. Therefore, neither choice A nor choice D can be correct. The overall reaction
given in the question is the sum of the following two half-reactions (note that the first halfreaction here has been flipped to an oxidation with the corresponding sign change in E°):
2 Br –(aq) → Br2(l) + 2e–

E° = –1.07 V

F2(g) + 2e– → 2 F–(aq)

E° = +2.87 V

Thus, the total cell potential is +1.80 V, and, being positive, signifies that the overall reaction is
spontaneous.
88.

D

The oxidizing and reducing agents are always reactants, not products, in a redox reaction. This
immediately eliminates choices B and C. The oxidizing agent is the species that gets reduced,
that is, the one that gains electrons; this is Cu2+.

89.

C

A reducing agent is the reactant that gets oxidized. Therefore, the species that is the best reducing agent is the one that is most easily oxidized. Flipping each of the half-reactions accompanying this question reveals that the oxidation of Cr(s) has a potential of +0.74 V, which is greater
than the potential (+0.14 V) for the oxidation of Sn2+(aq). Thus, Cr(s) must be the better reducing agent.

90.

A

The anode is always the site of oxidation, and the cathode is always the site of reduction, so
choices C and D are eliminated. Since Mg2+ will not lose any more electrons and Cl– will not
gain any more electrons, choice B is wrong. The answer is choice A.

91.

C

Oxygen maintains an oxidation state of –2, so Fe must be +6 since the molecule is an anion
with charge –2.

92.

C

Statement A is not correct because an electropositive species should not have a greater affinity
for electrons than an electronegative one. And even if choice B were a true statement, it doesn’t
answer the question (“Why does Mn3+ attract electrons more strongly than Fe3+ does?”). Statement C is correct, and D is false: The 3d subshell can hold 10 electrons (2 electrons in each
of the five equivalent d orbitals), and stability is associated with half-filled (and filled) sets of
equivalent orbitals. Therefore a 3d 5 electron configuration (that is, a half-filled 3d subshell) is
more stable than a 3d 4 or a 3d 6 configuration.

Passage 1
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1.

C

Choice D is eliminated since decay causes a decrease in the amount of the substance. Radioactive decay is characterized by a rapid initial decrease, but the rate of decrease gets smaller and
smaller as time goes on. This is illustrated by choice C.

2.

B

Alpha decay results in the loss of two protons (and two neutrons) per decay. Since atomic number counts the number of protons only, three alpha decays would result in a decrease by 3 × 2 =
6 in the atomic number.
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3.

D

The identity of an element depends on the number of protons in the nucleus. If there is a change
in the charge of the nucleus, there must have been a change in the number of protons (since
neutrons have no charge), and thus, a change in the atom’s identity.

4.

C

The result of beta decay is the transformation of a neutron into a proton (and an expelled electron). Therefore, the atomic number increases by one. So, if the original atom was magnesium
(atomic number 12), the daughter atom will be aluminum (atomic number 13).

5.

B

After one half-life has elapsed, 50% of the radioisotope has decayed, leaving 50% remaining.
After a second half-life, one-half of the remaining 50% is lost, leaving just 25% of the original
amount. After a third half-life, one-half of the remaining 25% is lost, leaving just 12.5% of the
original amount. At this point (3 half-lives), since 12.5% remains, the difference, 87.5%, has
decomposed.

6.

A

Choices B and C are wrong since mass number is the total number of protons and neutrons in a
nucleus, and atomic weight is the relative mass of an atom based on a scale where 12C is assigned
a mass of 12. Choice D is wrong since critical mass is the minimum mass of a fissionable material necessary to sustain a nuclear chain reaction. The answer is choice A.

Passage 2
1.

B

The question states that the permitted oxidation states of Cr are +2, +3, +4, +5, and +6. This
eliminates choices C and D, for in these molecules, Cr would be in a +8 or +1 oxidation state,
respectively. Since the passage states that the metal in an acidic transition metal oxide has an
oxidation state greater than +5, the answer must be choice B (since in choice A, Cr is only in a
+4 oxidation state, while in choice B, it’s in a +6.)

2.

A

Count the number of electrons in the given configuration: [Ar] accounts for 18 electrons, 4s2 for
2 electrons, and 3d 5 for 5 electrons. Since 18 + 2 + 5 = 25, the atom must be manganese (element number 25).

3.

D

Neither lithium nor potassium has a closed valence shell, so choices A and B are eliminated.
While magnesium has a closed valence s subshell ([Ne]3s2), copper has a closed valence d subshell ([Ar]4s13d 10). This gives copper greater stabilization, making it much less reactive. (Note:
This is why things like coins and water pipes are made from copper, not magnesium.)

4.

D

According to the passage, acidic compounds are those in which the MO–H bond is the ionic
one; basic compounds are those in which the M–OH bond is ionic. Since Compound I is acidic
and Compound II is basic, the metal–oxide bond in Compound I is not ionic (because the
O–H bond is), but the metal–oxide bond in Compound II must be ionic.
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5.

D

An atom/ion is paramagnetic if at least one electron is unpaired. Thus, an atom with an odd
number of electrons must always be paramagnetic; this eliminates choices A and B. There are
five d orbitals, and when filling them, 1 electron goes into each orbital before they start to pair
up. Thus, the 6 d-orbital electrons in Co3+ are placed as follows: The first 5 electrons go one
at a time into the five available d orbitals, and the sixth electron pairs up with the electron
in the first d orbital, leaving the other four d orbitals with one (unpaired) electron. Since this
ion has unpaired electrons, it is paramagnetic. Therefore, the answer is choice D; Zn2+ is not
paramagnetic.

Passage 3
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1.

A

Since 42K has a longer half-life, it will decay more slowly. Therefore, its rate constant will be less
than the rate constant for 99mTc; this eliminates choices C and D. If t1/2 denotes the half-life,
then Equation 2 implies that the product kt1/2 must be a constant (namely, ln 2). By definition
then, k is inversely proportional to t1/2, so if t1/2 is larger by a factor of 2, then the corresponding
k is smaller by a factor of 2.

2.

B

The transmutation from Mo (Z = 42) to technetium (Z = 43) requires the conversion of a neutron to a proton (note that both 99mTc and 99mMo have the same mass number). Ordinary beta
decay (that is, β– decay) accomplishes this.

3.

C

A nuclear reaction that releases energy is called exoergic (just as a chemical reaction that releases
heat is called exothermic). (Note that you could eliminate both choice A and choice D since
they both imply taking in energy [endo- means “taking in”], and the process in Equation 1
certainly does not imply an equilibrium, so choice B is eliminated. This leaves choice C as the
correct answer.)

4.

C

After 5 half-lives have elapsed, the amount of any radioisotope that remains is (1/2)5 = 1/32 of
the original amount. Thus, 31/32 of the sample decayed.

5.

A

The result of beta decay is the transformation of a neutron to a proton and an expelled electron.
The mass number does not change (eliminating choices C and D), but the atomic number increases by one. So, if the original atom was technetium (43Tc), the daughter atom will be ruthenium (44Ru).

6.

B

In this molecule, the oxidation number of the Na atom is +1, and the oxidation number of each
O atom is –2. Since the sum of all the oxidation numbers in any neutral molecule must be zero,
if we let x denote the oxidation number of Tc in NaTcO4, then we must have (+1) + x + 4(–2) =
0, which implies x = +7.

7.

D

Sodium pertechnetate is an ionic compound, and all ionic compounds are strong electrolytes;
this eliminates A. This compound is not a Group I oxide or hydroxide, so it is not a strong base;
this eliminates choice B. Due to the high oxidation state of the central atom, pertechnetate ions
are strong oxidizing agents.

© The Princeton Review, Inc.

General Chemistry Solutions

Passage 4
1.

D

Magnetic fields can only affect charged particles in motion. Gamma rays are high-energy photons; they are not charged particles.

2.

C

Since Po has atomic number 84, and Pb has atomic number 82, the transmutation of 84Po to
82
Pb results in an overall loss of two protons. Two alpha decays would result in a loss of four
protons, so other nuclear reactions must have resulted in a gain of two protons. If these are β–
decays, each of which increases the number of protons in the nucleus by one, then there must
have been two beta decays.

3.

C

After one half-life, 1/2 of the sample remains. After two half-lives, 1/4 remains. After three halflives, 1/8 remains, and after four half-lives, 1/16 remains. Since 1/10 is between 1/16 and 1/8,
the time that has elapsed when 1/10 of the original amount is left must be between three and
four half-lives. So, if each half-life is 4 sec, then the elapsed time must be between 12 and 16 sec.
Only choice C falls in this range.

4.

A

Since the identity of a nucleus is determined exclusively by the number of protons it contains,
we only need to keep track of the number of protons that results from the series of decays. Radium has atomic number 88, and each alpha decay results in the loss of two 2 protons, and
each beta decay results in the gain of 1 proton. Therefore, after four alpha decays and two beta
decays, the number of protons left should be 88 – 4(2) + 2(1) = 82. This is the atomic number of
lead (Pb).

5.

C

Mass has been converted into energy, as described by the equation E = mc2. Since c = 3 × 108 m/s,
we find
E = (2.2 × 10 –31 kg)(3 × 108 m/s)2 = 2.0 × 10 –14 J

Passage 5
1.

C

The energy of excitation is equal to the energy of the emitted photon. Since violet is the most energetic band of visible light, the table tells us that potassium has the greatest energy of excitation.

2.

D

In order to answer this question, we must determine the atomic trend alluded to in the question.
The description “same valence structure” is a complicated way of saying that the trend is based
on atoms in the same family, i.e., column (atoms in the same family have identical valence
structures). Since lithium is red, sodium is yellow, and potassium is violet, we conclude that
as we go down a column, the emitted energy increases. Examining the second family (alkaline
earth metals), we see that strontium is red and barium is green, so radium must emit photons of
higher energy than green. Violet is therefore a possibility.
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3.

B

Choice A is wrong because there is no such thing as a white photon. Choice C is partially true,
but invisible UV light has nothing to do with white light. Choice D is wrong since x-rays are
not produced by heated magnesium, and even if they were, they would also be invisible. (In fact,
if you actually looked at a strong source of x-rays, the world would begin to look darker and
darker as the x-rays obliterated your cones and rods.)

4.

D

This question is similar to question 2 above. Cesium is below potassium, so it must have a
higher energy of excitation than violet, i.e., ultraviolet (UV). UV is not detectable by the retina,
and no color would be observed. (Note: The same blinding would occur from higher-energy UV
rays as from x-rays.)

5.

B

The addition of one electron (reduction) to any of the ions would result in a neutral atom or an
ion with an odd number of electrons. Since at least one electron must be unpaired in these cases,
the atom will be paramagnetic.

6.

D

The ground state for Cu is [Ar] 4s13d 10. Transition metals always lose their valence s electrons
before any d electrons, so the ground-state electron configuration for Cu+ [(I) means +1] is [Ar]
3d 10. The only plausible excited configuration for Cu+ must be [Ar] 3d 94p1. (Note: Since Cu+ has
29 – 1 = 28 electrons, choices A and C are eliminated.)

Passage 6
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1.

C

The table tells us that gamma rays penetrate into lead a little less than 3 log mm units. But 3
log10 mm units means 103 mm = 1 meter.

2.

B

This question requires some biological background. The only biochemical use for iodine is in
the synthesis of metabolic hormone in which iodine is required for its structure. Since this hormone is synthesized in the thyroid, radioactive iodine would be concentrated there.

3.

D

Cesium-137 decays via β– emission. During this decay process, a neutron is converted into a
proton and an electron (which is violently ejected). Therefore, the atomic number increases by
one, but the mass number remains constant. This gives barium-137. (Remember that the mass
number does not change after any type of beta decay.)

4.

B

Gamma-ray photons (like all photons) are massless, and these have the greatest depth of penetration. Beta particles are electrons, which have less mass and greater penetrability than alpha
particles. Thus, there is an inverse relationship between mass and depth of penetrability. Note
that choices C and D are identical.

5.

D

Hemoglobin is synthesized in the bone marrow, but there is no strontium in hemoglobin [only
four iron(II) ions]; this eliminates choice A. Choice B is wrong since Be is extremely toxic to
organisms. (There is no Be in living organisms.) The statement in choice C is only partially true:
heavy metals are incorporated into the bone matrix, but heavy-metal induced cancers require
chronic exposure to a metal source and take decades to develop. Choice D is the best option: Sr
and Ca are chemically compatible.
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6.

C

A patient has received radiation burns localized to epithelial surfaces exposed to the environment. Therefore, the radiation in question must not penetrate tissue very well. Based on this, a
gamma emitter is ruled out (gamma rays would cause equivalent damage to all tissues, especially dense tissues like bone). The burns to the respiratory track indicate the agent was airborne,
which makes radon the primary suspect since radon is a gas.

7.

D

The difference according to the illustration is approximately two log10 units, that is, 102 = 100
times.

8.

B

The best barriers are the most dense—radiation, just like a bullet, can be a deadly projectile. A
nitrogen or argon gas shield would not be very useful. While iron would make a good barrier,
gold is superior. Gold is more dense than iron (gold atoms are four times heavier), and would
therefore make a less penetrable barrier. (The only reason why lead is used for radiation shielding is because it’s a fairly dense, common, and inexpensive material. There is nothing special
about the chemical or physical properties of lead.)

Passage 7
1.

C

Nuclear reactions must conserve nucleon number and charge. After a single neutron capture,
plutonium-239 becomes plutonium-240, which then undergoes fission. The products must have
a total of 240 protons and neutrons; more specifically, the products must account for 94 protons
and 146 neutrons. This eliminates choice B which has only 239 nucleons. A second consideration is that fission will generate two nuclei of about the same mass and some free neutrons; this
eliminates choices A and D.

2.

B

Progressing through the periodic table, small stable nuclei have the same number of protons and
neutrons. But because the intranuclear electrostatic repulsion within a more crowded nucleus is
much greater, more neutrons are required to keep bigger nuclei together. Therefore, the number
of neutrons, N, should increase faster than the number of protons, Z, and the graph should begin to curve upwards as Z increases.

3.

D

Based on the passage, choice A is wrong. As for choices B and C, there is no evidence supporting these statements and moreover, they are counterintuitive—should a safe reactor have
more concentrated fuel than a bomb? The last sentence of the passage gives the correct answer,
choice D.

4.

A

First of all, each alpha decay will shed four nucleons: 2 protons and 2 neutrons. Uranium-238
decays to thorium-234, which decays to radium-230, which decays to radon-226. Now it’s time
for the beta emission. Beta emission means the nucleus is emitting an electron, and a neutron
has become a proton. Therefore, the mass number of the daughter stays the same but the atomic
number goes up by one: this gives francium-226.

5.

A

The concentration of neutrons is not required for this problem. After one half-life, 50% of any
radioactive substance remains. After two half-lives, 25% remains, and after three half-lives,
12.5% remains. Therefore, to achieve a concentration equal to 15% of the original takes almost
three half-lives. Since each half life is 11 minutes, the total time required is a little less than 3 ×
11 = 33 minutes.
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6.

A

By definition, a fissile is a nucleus which will become a fissioning nucleus after the addition of
one neutron. If one neutron is absorbed by 232Th, it will become the fissioning isotope 233Th.

7.

C

If the neutron to proton ratio in the nucleus is about 1.5, then when the nucleus undergoes
fission (splits), the daughter nuclei must have approximately this same ratio. It is true that two
neutrons are being lost, so the ratio changes slightly, but 2 neutrons compared to the remaining
144 are negligible. Choice C is best.

8.

C

The mass of uranium-236 has to be greater than the fission product particles because energy
is released (mass-to-energy conversion). The mass of the original uranium-236 has gone
to form krypton, barium, some neutrons, and energy. So when you weigh the “before”
and the “after” particles, the “before” will have more mass. The precise ratio of the uranium-236
mass to that of the products of matter has to be slightly greater than one.

Passage 8
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1.

C

The phrase “order of magnitude” means “a power of ten.” So the last sentence tells us that the
fusion reaction releases ten times more energy than the fission reaction.

2.

C

Since some mass is converted into energy in this reaction, nucleus C must be slightly less massive than the total mass of the nuclei A and B.

3.

C

Nuclear reactions conserve charge and (almost) mass. Four hydrogens have a total charge of +4,
while helium has a charge of +2; so we’re missing +2 charge. The only choice with a charge of +1
is choice C (the coefficient 2 in the equation gives the needed additional +2 on the product side).
[Note: If one of the choices had been “Proton,” this would balance the charge, but there would
be too great an imbalance in mass. The mass on the reactant side is approximately 4 amu, as is
the mass on the product right (4He). The additional X particles must be positively charged and
have very little mass.]

4.

B

If F is proportional to both Q2 and to T, then T is proportional to Q2. The graph of T vs. Q
must therefore be a parabola; choice B is best. (Also remember that the trick to fusion is to
achieve very high temperatures which force the nuclei together. Therefore, as the charges of the
nuclei go up, the temperature required to squeeze them together must also go up [and much
faster because if the nuclei charges double, then the force of repulsion increases by a factor of
22 = 4].)

5.

A

Choice B is incorrect because free neutrons are always incorporated into surrounding nuclei.
Choice C can be eliminated since neutrons are not contained by a magnetic field (only charged
particles can be contained this way, since magnetic fields only affect moving charged particles).
Choice D can also be eliminated since pure neutron nuclei don’t exist this side of a neutron star.
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Passage 9
1.

A

The passage says that PET ultimately involves injecting the patient with 11C or 13N or 15O. Since
all of these radionuclides are positron emitters, the product of the decay of these isotopes would
be (respectively) 11B or 13C or 15N. Of these, only boron-11 appears among the four choices.

2.

C

X-rays are only at their best when imaging dense material, such as bone, so choices A and B are
not the best choices. Typically, however, tumors are rapidly growing clusters of cells that have
high demands for nutrient intake. 131I is not a nutrient requirement of cells (thyroid being an
exception) and would not be absorbed into the tissues, eliminating D.

3.

D

As indicated by the periodic table, 127I is the naturally occurring, stable form of iodine essential
to the diet for normal thyroid function. After administration, 131I overwhelms 127I for uptake
in thyroid tissue. The maximum 131I signal achieved after administration will immediately begin to exponentially decrease due to decay, eliminating choices B and C. On Day 3 the large
amount of ingested 127I will compete with 131I resulting in a significant decrease in 131I signal
intensity in thyroid tissue. Since choice A illustrates an increase in 131I signal intensity follwing
Day 3, it is eliminated and D is the best answer.

4.

B

If the half-life of 131I is 8 days and on day 20 the sample radiates 20 counts/sec, then on day 12,
one half-life before, the activity rate must have been twice as much: 40 counts/sec. On day 4,
another half-life before, there must have been twice as much as day 12, that is, 80 counts/sec.
The one answer you should have dismissed right away was choice A; the concentration of the
given radionuclide sample cannot increase with time.

5.

B

This question requires a little biological background. The passage states that 99mTc is retained by
cells that pass large quantities of fluid or plasma through their membranes, but the best answer
is the kidney-liver, two highly vascular organs whose primary function is to purify blood by
filtering fluids through cellular membranes. Choice C is wrong since the stomach and intestine
allow diffusion through their membranes, from the digestive cavity to the blood; but there’s no
technetium in the digestive cavity. Tc is administered directly into the circulatory system. It is
true that a tremendous amount of blood travels through the heart, but none of it diffuses into
any cells.

6.

A

The term invasive means “can do harm.” All radiation more energetic than visible light (UV,
x-rays, gamma rays, super-powerful cosmic rays) will damage living organisms. NMR, a technique which induces transitions in the magnetic moments of nuclei, uses harmless radio waves.
At present, there is no indication that MRI or NMR have any deleterious side effects.

7.

C

Choice A is false: because the overall structure of a cancerous cell is identical with that of a normal cell, they are equally sensitive to radiation. Choice B directly contradicts the information in
the passage, and choice D suggests that mitosis requires radiation. Choice C is correct because
cancerous cells have a high metabolic rate.
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Passage 10
1.

C

Oxygen has six valence electrons, 2s2 and 2p4. Therefore, the quantum number n (the first one)
for any of these valence electrons must be 2; this eliminates choices A and D. Choice B specifies
a “2d electron,” which doesn’t exist. The quantum number  is either 0 for s or 1 for p. Choice C
gives a 2p electron.

2.

C

Using the “2n2 rule,” we get 18 electrons for n = 3. More explicitly, for principal quantum number n = 3, we count the number of choices we have in the other three quantum numbers (, m,
and ms):

n

3



m

0

0

1

–1
0
1

3 choices

–2
–1
0
1
2

5 choices

2

3.
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C

1 choice
...and each of these
1 + 3 + 5 = 9 can have
two (2) choices for ms:
1

1

ms = + 2 or − 2 .

∴ there are
9 × 2 = 18 possibilities.

First of all, photons can never have negative energy, so eliminate choices B and D. Now, the
energy of the photon released from an excited atom always equals the difference between the
excited energy level and the lower energy level. There are three possible drops an electron originally in level n = 3 can make:
n = 3 to n = 1:

E = –1.5 – (–13.6) = 12.1 eV,

n = 2 to n = 1:

E = –3.4 – (–13.6) = 10.2 eV,

n = 3 to n = 2:

E = –1.5 – (–3.4) = 1.9 eV.

4.

A

Since neither n nor  can be negative, –2 can’t be the shell or subshell number. Furthermore, it
can’t be the magnetic spin of the electron, which is either +1/2 or –1/2. Therefore, it is the quantum number m that equals –2. Since m = –2,  cannot be 0 or 1, so the subshell cannot be of the
s or p variety; this eliminates choices B and C. The only other subshell in iron is the d subshell in
shell n = 3: choice A. (Note: The electron configuration of Fe is [Ar]4s23d6.)

5.

C

The Pauli exclusion principle says that no two electrons in the same atom can share the same
four quantum numbers.

6.

D

The hydrogen ion H+ doesn’t have any electrons.
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7.

B

The electron furthest from the nucleus is the one with the highest energy. Since the electron
configuration of Ni is [Ar] 4s23d 8, the electron in question is in the d sublevel ( = 2) of the
n = 3 shell, eliminating choices A and D. The quantum number m can take on values from – 
to . Since  = 2, m can’t equal 3, so the answer is choice B.

8.

B

The 5f subshell is represented by n = 5 and  = 3. Since  = 3, m can equal –3, –2, –1, 0, 1,
2, or 3. Each of these seven values represents a different orbital, hence there are 7 degenerate
orbitals—not 14—in the 5f sublevel. To say that the orbitals are degenerate means that there is
no difference in energy between them.

Passage 11
1.

B

The passage states that a control rod is used to capture neutrons. Therefore the atoms of the control rod will become heavier isotopes with time, and these heavier isotopes are often highly radioactive. Graphite (pure 12C) is best suited for this role because each carbon atom can capture
one neutron without becoming radioactive. Even with a second neutron capture, carbon forms
the very slowly decaying 14C. All of the other choices involve atoms that would become highly
radioactive after a single neutron capture.

2.

B

One half-life is the time required for half of a radioisotope to decay into another atom. A
110 g sample of 28Al would therefore require two half-lives to decrease to one-fourth its mass
(≈25 g). Since each half-life is 150 sec = 2.5 minutes, we must wait a little longer than 2 × 2.5 =
5 minutes.

3.

B

We must balance the nuclear reaction
235
92 U

→

142
56 Ba

+

A
ZX

( )

+ 3 01 n .

Since it is the number of protons, Z, that determines the identity of an element, we need only
find Z: 92 = 56 + Z + 3(0) implies Z = 36, so X = Kr (krypton).
4.

C

(This question involves a ratio, something commonly tested on the MCAT.) If the size of the
nucleus of an atom is 10 –14 m and that of the entire atom is 10 –10 m, then the atom is 104 =
10,000 times bigger than the nucleus. If the nucleus were the size of a marble (1 cm), then the
atom must be 10,000 cm = 100 m, roughly the size of a sports stadium. (Note: An atom is more
than 99.99% empty space!)

5.

A

Alpha radiation is the emission of a cluster of two protons and two neutrons (a helium nucleus).
Shortly after its release, the energetic alpha particle rips off two electrons from another atom to
become inert helium.

6.

A

The decay of any radioactive sample clearly implies that its concentration must decrease with
time. This decrease is always the most rapid when the radioisotope is most abundant, so the
slope of the graph should be the steepest at first, then gradually flatten out as t → ∞. (The curve
is an exponential decay graph.)
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Passage 12
1.

D

Any molecule or atom that has at least one electron can undergo electronic transitions, regardless of whether the molecule is conjugated or not, eliminating choice A. Energy may not be
created, so an atom may not emit photons of greater energy than those absorbed, so choices B
and C are wrong. Fluorescent molecules always emit photons of equal or lesser energy (and frequency) than those absorbed: choice D.

2.

A

When the nucleus decays, electrostatic repulsion propels the α particle out of the nucleus, giving the α kinetic energy. The alpha particle then collides with an atom, transferring some of its
kinetic energy to the atom’s electrons, elevating them into higher energy levels (electric potential
energy). The excited electron eventually returns to its ground state, and the electric potential
energy is released as electromagnetic energy (light).

3.

B

An sp3 hybridized carbon atom is bonded to four other atoms. Examining the structure of fluorecein in the passage, there is only 1 carbon atom that satisfies this criterion.

4.

A

This question involves simple dimensional analysis. In all equations, the units on both sides of
the equal sign must be identical. Since λ (wavelength) can be measured in centimeters (cm) and
absolute temperature is measured in kelvins (K), the units on the right hand side of the equation can be cm·K, choice A (but none of the others). This question is an example of how simple
things can be made to look much more complicated!

5.

D

Choice A is the ground state configuration—not an excited configuration—of an oxygen atom.
Choice B is the ground state configuration of an atom with nine electrons, so this cannot be
correct since an oxygen atom has only eight. Finally, choice C is disqualified because there is no
such thing as a 2d orbital. Choice D is the answer (one of the 2p electrons got excited to the 3s
subshell).

6.

C

An atom can only fluoresce after it has promoted (excited) an electron into a higher energy level
by absorbing energy. Since freezing is a process that removes energy from a substance, it cannot
excite an atom.

Passage 13
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1.

D

In the context of the passage, the term static is used to mean “a snapshot of an object at an instant in time.”

2.

B

Images that appear white on any film negative are areas that were not exposed to light. Therefore,
if bone appears white on an x-ray, something in the bone matrix is preventing x-rays from passing through. The most abundant (and heaviest) element in the bone matrix is calcium (choice B).
While the rest of the elements will also absorb some x-rays, these elements are evenly distributed
throughout the body. Therefore, if these elements (Na, O, or Fe) were the principal x-ray absorbers in the body, an x-ray image of the body would be nothing more than a homogeneous, gray
smudge.
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3.

B

In the process AgI(s) → Ag(s) + I–(s), the silver ion is going from having a +1 charge to being
neutral. This means that the silver ion is gaining an electron (which wasn’t written in the equation, so it appears unbalanced). The process in which an atom or molecule gains electrons is
called reduction (choice B). Hydrolysis is a process where a molecule is split with the addition
of water (choice C), and ionization is the process where an atom or molecule loses one of its valence electrons (choice D).

4.

B

The passage indicates that silver-based photographic film will develop upon exposure to photons
of greater energy than infrared. Microwaves (choice B) have less energy than infrared photons
and will not develop the film.

5.

C

Since we are told that x-rays only significantly interact with the nuclei and inner electrons of
large atoms, we are indirectly asked to choose the atom with the most inner electrons and the
largest nucleus. Choose uranium.

6.

A

Chronic radiation exposure significantly increases the risk of cancers of the tissue where the
maximum amount of radiation is absorbed. For instance:
• Exposure to radioactive iodine (formed as nuclear waste) increases the risk of thyroid cancer
because the thyroid concentrates iodine.
• Exposure to radioactive gases (such as radon) cause cancers of the throat and lungs. Ingested
radioactive heavy metals (such as strontium and plutonium) concentrate in the bone matrix
leading to increases in the occurrence of bone marrow and myelogenous leukemia (cancer of
white blood cells produced in the bone marrow).
• X-rays are absorbed by bone, increasing the risk of developing bone marrow and myelogenous
leukemia.
The best choice is A. (Note that lymphogenous leukemia is cancer of white blood cells produced
in the lymph nodes, not bone marrow.)

7.

C

According to the question, a nuclear reaction is producing argon gas. Since a sodium atom
would need to gain 7 protons to become argon, it is unlikely that sodium transmutation is responsible for the production of argon (choice A is eliminated). More likely, a chlorine atom is
undergoing a simple radioactive decay. So given the reaction
Cl → 18Ar + ??

17

and considering that charge (denoted by the subscripts) must be conserved, the emitted particle
must have a charge of –1. We conclude that this particle is an electron (β– particle), i.e., chlorine
is undergoing β– decay.
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Passage 14
1.

C

Apparently, alpha particles are emitted from the thorium-228 nucleus at discrete energies.
This result supports the idea that nuclear energies are quantized (Theorist #1). However, beta
particles emitted from the copper-64 nucleus cover a continuous band of energies. So this experiment supports the idea that the nucleus is not quantized (Theorist #2). Therefore, the experimentalist’s results support parts of both models.

2.

A

An alpha particle is a cluster of two protons and two neutrons. It is impossible for 3H to emit
an alpha particle because the tritium nucleus (called a triton) only has one proton and two
neutrons.

3.

D

Positrons are antielectrons: same mass as electrons (eliminating choices A and B) but positively
charged. Since like charges repel one another, once a positron is formed in the nucleus, it is accelerated out of there by the electrostatic repulsion of the resident protons (choice D). Neutrons
have no charge, so they will neither electrostatically attract nor repel charged particles like protons and electrons do (this eliminates choice C).

4.

B

The second graph shows us that β– particles are emitted over a range of energies from 50 keV to
600 keV. However, many more particles are emitted having low energy than high energy. Therefore, the weighted average energy of β– particles emitted from copper-64 nuclei will be a bit less
than 325 keV (the ordinary average of 50 and 600 keV). Choice B, 250 keV, is best.

5.

C

Since the β+ decay of 64Cu is
64

Cu → 64Ni + e+

(daughter is 64Ni), we are asked to identify the nuclear reaction whose daughter is also 64Ni. The
products of each of the processes presented as choices are given below (verify):
α decay of 64Cu:

64

Cu → 60Co + α

β– decay of 64Cu:

64

Cu → 64Zn + e–

EC by 64Cu:

64

Cu + e– → 64Ni (*)

γ decay of 64Cu:

64

Cu → 64Cu + γ

Positron emission and electron capture always yield the same daughter nucleus.
6.
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D

© The Princeton Review, Inc.

The first graph shows that as the energy of the alpha particles increases, so does their number
(choice B is eliminated). Note that the vertical axis is logarithmic. Using the dashed line, we see
that a small increase in KE gives a large increase in C. Choices A and C are inconsistent with
this observation. The best expression of this relationship is the exponential in choice D.
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7.

B

The last sentence of the passage contradicts choice A. Choice C is incorrect because electrons
are β– particles and do not consist of antimatter. Choice D is wrong because electrons have mass
(not much, but certainly not zero). The answer must be choice B: since electrons are attracted
to the protons in the nucleus, in order for the β– particle to escape, the electron must possess
enough kinetic energy to overwhelm this attraction.

Passage 15
1.

A

Optical pigments are excited by a range of photons. The energy of excitation is equal to the
energy of absorbed photons. Since blue light has higher energy than red or green light, the bluesensitive pigment has a higher excitation energy.

2.

C

The maximum absorption for the red and blue cones (peak of the curves) are at about 600 nm
and 400 nm, respectively. Therefore, in terms of wavelength, the ratio of the red and blue cones
is 600 nm to 400 nm or 3:2. However, the energy of a photon of light is inversely proportional
to its wavelength. So, in terms of photon energy, the correct ratio is the inverse of that for wavelength, or 2:3.

3.

B

Using the light absorption spectra for blue, green, and red cones, the wavelength of light that
stimulates red and green cones equally (where the red and green cone lines intersect) corresponds to about 550 nm, or yellow light. Furthermore, the wavelength of light that stimulates
green and blue cones equally (where the green and blue cone lines intersect) corresponds to
about 480 nm.

4.

C

The sensitivity maximum of the blue, green, or red cones corresponds to the colors blue, yellowgreen, and orange (choice A). Unlike the red and blue cones, the absorption spectrum of the
green cone overlaps other spectra at every wavelength (choice B). While photons having a wavelength between 520 nm and 480 nm will excite all three cones, none of these photons excite all
three cones to the same degree (choice D). The shape and maximum absorption energy of a molecule can be used as a tool for elucidating its structure. Similarities between two spectra often
represent similarities between the structures of those molecules. By this argument, the spectra of
the red and green cones are more similar in energy and shape than are the spectra of the red and
blue cones, so choice C is false.
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Protanopes and deuteranopes lack particular cone types and as a consequence, they have a reduced ability to discriminate colors. Considering the cones that each type of color blindness is
missing, here are the color detection schemes for the protanope and the deuteranope:
yellow shirt

red shirt

C

purple shirt

5.

100
75

B

G

50
25
violet

green “all red” “gray”

red shirt

yellow shirt

purple shirt

protanope

100
75

B

R

50
25
violet

green

“all red”

deuteranope
Although their color perception is different from normal, the protanope can nevertheless discriminate all three shirts based upon color. However, the deuteranope cannot tell the difference
between the yellow shirt and the red shirt, so these shirts appear as if they have the same color.
6.
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Adding up all three sensitivity curves, one finds that the sensitivity to red is 50 (red cone only),
to yellow is 160 (red cone plus green cone = 80 + 80), to blue is 100 (green cone plus blue cone
= 20 + 80) and to violet is 50 (blue cone only). Therefore, the human eye has the maximum
sensitivity to the color yellow, choice B, which is why signs and hazard labels are often painted
yellow. (The fact that the human eye is most sensitive to yellow light shouldn’t be too surprising.
Humans evolved under the light of the Sun, and what color is the Sun?)

General Chemistry Solutions

7.

C

Violet light has a higher energy than red light, but the wavelength of violet light is less than that
of red light, so choice A is wrong. Orange photons have less energy and a lower frequency than
green photons, so choice B is wrong. There is no such thing as the n = 0 quantum level; the first
level is always n = 1, so choice D is wrong. The energy spacing between adjacent orbitals decreases as the energy levels move further away from the nucleus. Therefore, the energy between
the n = 4 and n = 3 shells is less than that between the n = 3 and n = 2 shells. Since the energy
of absorbed or emitted photons is identical to the energy spacing, the transition from n = 3 to
n = 2 must emit a higher energy photon than yellow, so green is a possibility: choice C.

8.

C

Equal excitation of all three cones is perceived as white. According to the sensitivity spectrum
given in the passage, the only photon combination that would excite all three cones equally is
red, green, and blue light. If you have any doubts about this, just look at the individual pixels on
a color television screen. You will see that any white object on the set really consists of groups of
red, blue, and green dots illuminated equally.

Passage 16
1.

B

Oxygen-15 has 8 protons, so it is magic. Iron-50 has 26 protons and 24 neutrons, neither of
which is magic. (Notice that Z > N in iron-50, so this nucleus is very unstable.) Lead-208 has 82
protons and 208 – 82 = 126 neutrons, so it is doubly magic.

2.

A

Oxygen-16 is an even–even nuclide (and doubly magic!), so all its nucleons will form spin-up/
spin-down pairs. The sum of the spins in each such pair is (+1/2) + (–1/2) = 0. Since there is no
unpaired nucleon, the total nuclear spin is 0.

3.

B

Choices A, C, and D are all odd–odd nuclides (8Li has 3 protons and 5 neutrons, 20F has 9
protons and 11 neutrons, and 26Na has 11 protons and 15 neutrons). According to the passage,
these odd–odd nuclides are not stable, so they must be radioactive. Choice B, 15N, has a magic
number of neutrons (namely, 8), so we expect it to be more stable than the other choices listed.

4.

D

Zn has 30 protons and 38 neutrons, so the excess number of neutrons over protons is N – Z
= 38 – 30 = 8. Of the given choices, only choice D, 78Br, shares this property; it has 35 protons
and 43 neutrons, giving N – Z = 8.

5.

C

For a given value of J, there are 2J + 1 possible values for mJ. Since here we have J = 7/2, there are
2(7/2) + 1 = 8 possible values for mJ, so the 5g J=7/2 state may hold 8 protons or 8 neutrons. Therefore, as illustrated by the example given in the passage, the 5g J=7/2 states may hold a total of 8 + 8
= 16 nucleons.

6.

C

Since magnesium-26 has Z = 12 and N = 14, its mirror nucleus has Z = 14 and N = 12. Therefore, the mirror nucleus of magnesium-26 is silicon-26. (Notice that mirror nuclei must have
the same mass number—because the sum Z + N does not change if Z and N are switched—so
choices A and D can be eliminated immediately.)

68
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7.

D

10

Be has 4 protons and 6 neutrons, but 10C has 6 protons and only 4 neutrons. So not only does
the 10C nucleus have more protons (and, therefore, experiences greater internal stress due to the
mutual Coulomb repulsion of its protons), but it also has fewer stabilizing neutrons. We conclude that 10C is less stable than 10Be, so 10C should have the shorter half-life. (Note: This conclusion is true; in fact, it’s an understatement. The half-life of 10C is about 20 seconds, while the
half-life of 10Be is 1.6 million years.) The answer is D (not C, because 10C does not have more
neutrons than 10Be).

8.

B

The principal difference between the choices is in the number of neutrons. Since
Z = 42 for molybdenum (Mo), the numbers of neutrons in the given choices are 49, 50, 51, and
52. Is there anything special about one of these? Yes—50 is a magic number. The passage states
that the quantized energy levels in the nuclear shell model are separated by unusually large
gaps—magic gaps—when N (or Z) is a magic number. This fact is also depicted Figure 1. Our
conclusion is that of the choices given, the isotope 92Mo, the only one with a magic number
of neutrons, will require the greatest amount of energy to raise it to the next allowed nuclear
energy level.

9.

C

Looking at Figure 1, we see that of the choices listed, only the 3s J=1/2 level is higher than 3pJ=1/2.

Passage 17
1.

B

If the incident radiation has a frequency less than the threshold frequency f 0, no photoelectrons
are produced. Thus, the graph of KEmax vs. f must start at f = f 0; it cannot start at f = 0. This
eliminates choices A and D. The maximum kinetic energy of the electron is given by the equation KEmax = hf – φ, which is linear in f. Thus, the graph cannot be the one in choice C.

2.

B

The intensity of the radiation depends on the number of photons incident on the metal, not the
energy of the individual photons. Therefore, since each electron can absorb only one photon at
a time, increasing the intensity will not increase the kinetic energy of the photoelectrons; it will
increase the number of photoelectrons.

3.

B

From Table 1, φ = 1.94 eV for cesium, so using Equation 1, the energy of the incident photons is
E = hf = φ + KEmax = 1.94 + 0.11 = 2.05 eV. Thus,
f = E/h = (2.05 eV)/(4.1 × 10 –15 eV-s)
  = 5 × 1014 Hz
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4.

D

According to Table 1, light with a wavelength of 550 nm can eject electrons from both rubidium and cesium (since their threshold wavelengths are 582 nm and 639 nm, respectively); this
eliminates choice A. Since the work function for Cs is less than that for Rb, electrons ejected
from cesium atoms will have more kinetic energy than those ejected from rubidium atoms.

5.

D

Statements A and C are false, and statement B contradicts Table 1 (since Na has a greater threshold wavelength than Li, it must have a lower threshold frequency).

© The Princeton Review, Inc.
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6.

B

Since the 4s subshell is at a higher energy level than the 3p, the electron must emit a photon
because it loses energy in falling from the 4s to the 3p; this eliminates choices A and D. The
emission of energy from the atom will result in a bright line in its emission spectrum.

7.

B

Atomic size and electronegativity follow opposite periodic trends, so choices A and D are wrong.
In general, atomic size decreases and electronegativity increases as we move across a row in the
periodic table.

8.

C

Reactivity of an atom depends on how easily it can lose (or gain) electrons. According to Table 1,
cesium has the lowest work function of the elements given, so it gives up electrons most easily.

9.

A

Since copper has a threshold wavelength of 264 nm, light with a wavelength of 500 nm should
eject no photoelectrons.

Passage 18
1.

C

Periodic trends indicate that ionization energy and electronegativity both increase across a
period.

2.

D

It will require much more energy to remove an electron from Na+ than from Mg+, since Na+ has
a noble-gas configuration, while Mg+ does not.

3.

D

Those species with an ionization energy less than 10 eV/atom can be ionized. According to
Table 1, hydrogen has an ionization energy of 13.6 eV, so choices A and B are eliminated, and
Fe+ has an ionization energy of 16 eV, so choice C is eliminated.

4.

C

Table 1 affords the researcher the opportunity to compare data collected to previously measured,
known gases. Only with such reference data can the researcher identify an unknown elemental
gas. Choices A, B, and D have nothing to do with the identification of an unknown sample by
comparing its properties to those of known samples.

Passage 19
1.

D

The last sentence of the passage states that longer hydrocarbon molecules have higher boiling
points. Therefore, nonane should have a higher boiling point than propane and be more likely
to be a liquid at room temperature.

2.

B

One of the footnotes to Table 1 states that the boiling point temperatures for all substances
listed were determined at a pressure of 1 atm = 760 torr.

3.

A

The data in the table support choice A: As the dipole moment increases, so does the boiling
point temperature.

4.

C

The oxygen and both carbons in dimethyl ether have four groups of electrons. Therefore, all of
these atoms have sp3 hybridization.
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5.

D

In addition to the propane gas in the region above the liquid water surface, there is also water
vapor, since water evaporates from the liquid surface due to its vapor pressure. Therefore, both
the propane and the water vapor contribute to the total pressure of the gases.

Passage 20
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1.

C

Choice A is incorrect because K+ ions are larger than Na+ ions. Choice B is wrong since Cl– ions
are much larger than Na+ ions. And choice D should be eliminated since Ca 2+ ions are smaller
than either Na+ or K+ ions.

2.

D

As one moves down the periodic table, size increases. As one moves from left to right across a
row, size decreases. Therefore, the smallest atoms should be to the upper right, and that’s where
helium lives!

3.

C

The passage and question both say that for multi-charged ions, each electron affects the size
change by an equal percentage. So for a sulfide ion, S2– (determining the charge is the first hurdle), each of the two added electrons will bloat the atom by the same percentage. The addition
of the first electron to a sulfur atom of radius 1.0 Å will increase the size by 30%, giving 1.0 +
(30% of 1.0) = 1.0 + 0.3 = 1.3 Å. Now the second electron will increase the ionic size by another
30%, so the radius of S2– is 1.3 Å + (30% of 1.3 Å) = 1.3 + 0.4 = 1.7 Å.

4.

C

The question tells us that the we must look for the smallest ion to find the greatest rate of diffusion. By far, H+ has the smallest size—the H+ ion is just a proton, there are no electrons. So
while the calcium ion is small when compared to an ordinary atom—about half the size of a
football stadium compared to the whole stadium—the exposed proton is the size of a marble on
the fifty-yard line; H+ wins, no contest. The mitochondria take advantage of the super-fast diffusion rate of the proton across semipermeable membranes to produce energy.

5.

C

The passage indicated that size increases dramatically when going down the periodic table, but
atomic size actually decreases a little when going from left to right. Therefore, as we move
through the periodic table, sudden increases in size should occur when starting a new row (going from noble gas to alkali metal), but then gradually decrease as we proceed across the row.

6.

B

Enzymatic active sites are uniquely constructed to complement the shape and charge of their
substrates. Therefore, Sr must be acting as a competitive inhibitor for a substrate with similar
size and charge. Based upon size considerations, chemical compatibility, and the ions that are
important for nerve potentials, the best answer is Ca 2+. Ca and Sr are in the same periodic
family.

© The Princeton Review, Inc.
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Passage 21
1.

B

The ionization energy table indicates the first-order (general) trend that ionization energy decreases with atomic number. Therefore ionization energy should decrease as one descends down
a chemical family in the periodic table. Examining ionization energy more closely, it is evident
that there is a second-order (periodic highs and lows) effect, where ionization energy increases
gradually until peaking at the noble gas of each row. Therefore, ionization energy increases as
one travels to the right in any given periodic row. The answer is choice B.

2.

C

Choices A and B are technically incorrect. Foremost, the data in the passage indicated that the
addition of a second electron to the O – anion does not liberate any energy at all. Secondly, it is
a fact that the anion of an element is always larger than the neutral atom; hence the O – ion is
much larger than neutral oxygen. The answer is choice C: The electromagnetic force is responsible for the repulsion between particles of like charge. Therefore, even though a second electron
will complete the oxygen’s octet, charge–charge repulsion makes this an energetically costly
process. Choice D is false. (It is true, however, that when an unstable nucleus beta decays, a
neutron is transformed into a proton and an electron, but it is also true that the electron is then
immediately ejected.)

3.

A

Helium, being a noble gas, would have the least tendency to gain another electron. The other
three choices, all nonmetals, have negative electron affinities (meaning they gain electrons readily to become anions—fluorine especially).

4.

D

One might expect that the extra electron would be accommodated into the partially filled 3d
orbital, such that the Ni– ion would have a configuration of [Ar]4s23d 9. This line of thought
is correct but incomplete. Just like the copper atom, the Ni– ion will immediately take a 4s
electron and use it to close the 3d subshell. So the configuration of Ni– is in fact [Ar]4s13d 10.
Choices A and B are excited states of the Ni–, and choice C has one too many electrons.

5.

B

Choices C and D—being anions—will have positive electron affinities; the addition of an electron requires the input of energy (since the negative charge of the ion repels the negatively
charged electron). Now, while the potassium ion does have a negative electron affinity, the Be3+
ion has an even more negative (more favorable) electron affinity (since a +3 charge will attract an
electron more forcefully than a +1 charge will).

6.

C

Since there is no such thing as a 2d orbital, choice A is eliminated. Since lithium and fluorine
both reside in the n = 2 row of the periodic table, as far as the quantum number n, they are
identical: They have to traverse the same number of energy levels to reach n = infinity, so choice
B is wrong. The answer is choice C. The lithium atom is larger than the fluorine atom. This
translates into the fact that the valence electrons of lithium atom are, on average, farther away
from the nucleus than are the valence electrons of fluorine.

Passage 22
1.

B

In almost all cases, when a nonmetal atom forms a covalent bond with a metal ion (more appropriately called a coordinate covalent bond), the nonmetal is acting as a ligand and a Lewis base
by donating a pair of electrons to form the bond.
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2.

C

Transition metal ions, such as copper and iron, have no nonbonding electrons (d electrons don’t
count). So in the structure of oxyhemocyanin, copper has four bonds to four atoms—the nitrogen in three histidine residues and the oxygen. Therefore, copper has a geometry that is tetrahedral (choice C). Both trigonal pyramid (choice B) and square planar (choice D) are molecular
shapes, not geometries, which require nonbonding electrons. Trigonal planar (choice A) is the
geometry of an atom with three groups of electrons, not four.

3.

D

The passage definitively states that there is a covalent bond between the oxygen molecule and
the iron atom in hemerythrin, not an ionic or dipole interaction (choices A and B). Furthermore,
metallic bonds are covalent bonds that exist between two or more metal atoms (choice C). The
correct choice is D; this passage is all about the fact that metal ions form coordinate covalent
bonds with diatomic oxygen.

4.

C

The term chelator is analogous to the terms ligand and Lewis base. Therefore, an amino acid
residue that cannot act as a chelator is one that cannot act as a Lewis base, i.e., cannot donate a
pair of electrons. The phenyl alanine residue (choice C) cannot act a Lewis base because none of
its atoms have a nonbonding pair of electrons. The phenolic oxygen in tyrosine (choice A), the
alcoholic oxygen in serine (choice D), and the thiolic sulfur in cysteine (choice B) all have two
lone pairs of electrons.

5.

B

According to the figure in the passage, hydrogen bonding does help to stabilize oxyhemerythrin,
so choice A is a true statement. Choice C is also a true statement: CO2 is not highly poisonous and does not destroy metal complexes. Finally, the carboxylate group constitutes a classic
example of a resonant system; each oxygen bears a –0.5 charge, so the statement in choice D is
also true. However, as far as bond lengths go, triple bonds are shorter than double bonds, and
double bonds are shorter than single bonds. Therefore, when binding to hemocyanin, the O–O
bond length increases, which means choice B is the correct answer.

6.

D

The number one rule in chemistry is that all atoms want an full valence shell (for most atoms,
this means an octet of electrons). Choice A is an incorrect structure, since not enough valence
electrons have been accounted for (CO has 4 + 6 = 10 electrons, not 8). Moreover, in choices B
and C, the carbon atom does not have an octet. Therefore, choice D, where all valence electrons
are accounted for and both atoms have an octet, is correct.

7.

C

The hybridization of an atom determines its dihedral bond angles. This oxygen has two lone
pairs of electrons (not drawn), and two single bonds. Therefore, the geometry of this oxygen
is tetrahedral with a hybridization of sp3. The general bond angles in an sp3 hybridized atom is
about 109.5° (choice C)—in this question, you don’t have to account for dihedral bond compression due to lone pair repulsion, like in the case of water (lone pairs of oxygen in water push
the O–H bonds slightly closer together to give a dihedral angle of 105°).

8.

A

The iron ions have six bonds and no nonbonding pairs of electrons. Therefore, the general geometry and shape of these metals is octahedral (choice A). Trigonal bipyramid (choice C) is the
geometry of an atom with five groups of electrons. Square planar (choice B) is a shape (not a geometry) of a molecule with four bonding groups and two nonbonding groups of electrons. Hexagonal (choice D) is a very uncommon molecular shape (benzene is the most common example).
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Passage 23
1.

B

The formal charge of an atom equals the number of valence electrons that element should have
based upon the periodic table minus the number of valence electrons around that atom in this
particular case—keeping in mind that each covalent bond counts as one electron. So in the case
of oxygen, the formal charge is 6 – 7 = –1, and in the case of nitrogen, the formal charge is 5 – 4
= +1. The correct answer is choice B.

2.

A

Since no carbon atom ever has five bonds, eliminate choice B. Furthermore, the π bonding
electrons in the C=N bond were the nonbonding electrons originally on the nitrogen atom;
they don’t come from the C=O bond (choice C). Choice D is a false statement because oxygen
has a higher electronegativity than nitrogen. Urea is very water soluble because of the extensive
hydrogen bonding that amino groups (R–NH2) have with water.

3.

C

The oxygen atom in Structure A has three groups of electrons (two nonbonding, one bonding;
double bonds only count once), so it uses three orbitals—one s and two p’s: its hybridization is
sp2. The oxygen atom in Structure B has four groups of electrons, so its hybridization is sp3.

4.

A

The shape of urea is determined by the geometry of the central atom (carbon atom). Since the
carbon atom has three groups of bonding electrons, the geometry and shape of urea are trigonal
planar.

5.

D

Structures B and C give the C–O bond some single bond character (make it longer) and both
C–N’s double bond character (make them shorter). The correct answer is not listed, so the best
answer is choice D.

6.

D

The passage tells us that urea is a by-product of protein metabolism. Since proteins are nothing
more than long chains of amino acids, the best answer is choice D. Furthermore, carbohydrates,
lipids, and fatty acids are all molecules that contain few (or no) nitrogen atoms.

7.

B

The mass percent of carbon equals the mass of carbon divided by the total mass of urea. Since
the mass of carbon is 12 g/mol, and the total mass of urea is 60 g/mol, the mass percent of carbon in urea is 12/60 = 20%.

Passage 24
1.

C

The passage tells us that these are all electrophilic substitutions and that the term “electrophilic”
means an atom or molecule with some positive charge. So the species which is attacking the
ring must have some positive character (this eliminates choices A and B). Since it was a NO2
group which was substituted onto benzene, it must have been the nitronium ion, NO2+ which
was responsible for the ring attack.
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2.

A

If you determine the Lewis structure for the nitrate ion, you should get

O

N

O
O

An atom that has three groups of atoms has a trigonal planar geometry—if all of the electron
groups are bonding, then the shape and the geometry of a molecule are the same (choice A).
3.

D

According to the rule of thumb alluded to in this question (which, by the way, works fine if you
remember the most notable exception: hydrocarbon substituents are ortho-para directing even
though they have no nonbonding electrons!), a meta directing group should have an atom with
no nonbonding electrons directly attached to the ring. Since the nitrogen, oxygen, and fluorine
atoms in all of these choices have nonbonding electrons, the correct answer must be phthalic
acid, choice D—the carbon in a carboxylic functional group has no lone pairs.

4.

D

Resonance structures are structures which only differ in the distribution of electrons, not in
the location of atoms. So while choices A, B, and C all are resonance structure for benzoic acid,
choice D represents a structural isomer of benzoic acid (an H has moved).

5.

C

The fact that the ortho isomer has a lower melting point than the para isomer means that the
ortho isomer is experiencing fewer intermolecular interactions than the para isomer. The structures for these isomers are:
intramolecular
hydrogen bond

O
O ... H
O
ortho-nitrophenol

N

O

para-nitrophenol

N

O
O

H

Due to their proximity in the ortho structure, the nitro and hydroxy groups of the ortho isomer
spend a significant amount of their time interacting with one another, and not with the nitro
and hydroxy group of other ortho-nitrophenol molecules.
6.
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C
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The addition of a dissolved impurity to a pure substance will elevate the boiling/condensing
point temperature and lower the melting/freezing point temperature of a pure substance. So the
melting point/freezing point temperature of a mixture of ortho and para isomers will be lower
than the melting point of either pure substance. This is called a mixed melting point experiment.

General Chemistry Solutions

7.

C

The initial and final hybridizations of the carbon atom at the site of substitution is sp2 because in these structures, the carbon atom has three groups of electrons (therefore, it needs
to use three orbitals, s + p + p). However, in all of the intermediate structures, this carbon
atom has four groups of electrons; the hybridization of an atom with four groups of electrons is
s + p + p + p = sp3.

Passage 25
1.

C

Hemoglobin is a tetramer, meaning it consists of four individual protein chains clumped together. Each hemoglobin unit has one iron–oxygen binding site, so each hemoglobin macroprotein has four iron-oxygen binding sites (choice A is a correct statement and can be eliminated).
Peptide bonds are amide bonds between amino acids (choice B is correct and can be eliminated).
The term hydrolysis means, to cleave (lysis) with water (hydro). All types of hydrolysis require the
presence of water (choice D is correct and can be eliminated). However, an ester bond exists between a carboxylic acid (like a fatty acid) and an alcohol; a fat is a molecule in which three fatty
acids are linked to a molecule of glycerol (a triol alcohol, not an amine; choice C is wrong and
the correct answer choice).

2.

B

It is a general rule that the best ligands are those of nitrogen and carbon which have a excess of
electron density (i.e., Lewis bases). The fact that chloroamine is a better ligand than ammonia
tells us that the nitrogen atom in chloroamine must have more electron density than in ammonia. Choice A is the opposite of this idea. Choice C is incorrect because neutral halogens are
very poor ligands. While the rationale used in choice D sounds good, it leads to the conclusion
that ammonia should be a better ligand than chloroamine.

3.

A

Ammonium chloride, NH4Cl, is ionic, and at room temperature, all ionic compounds are solids.

4.

B

Unlike hydrogen chloride (Item III), which completely dissociates into ions when dissolved in
water, both hydrazine (Item I) and chloroamine (Item II) are covalent compounds and poor
electrolytes (choice B is correct). Ionic compounds only exist between atoms of very different
electronegativities. With the exception of ammonium salts and a handful of strong acids, compounds consisting of all nonmetal elements are covalent compounds and weak electrolytes.

5.

D

Part of the danger associated with ammonia and carbon monoxide stems from the fact that
these compounds are better ligands than O2—that’s why they replace oxygen in hemoglobin
(choice A is wrong). Molecules with N–H, O–H, or F–H bonds always experience hydrogen
bonding (choice B is wrong). The nitrogen atoms in hydrazine have a lone pair of electrons,
hence, hydrazine can be expected to be a good ligand like ammonia (choice C is wrong). The
fact that ammonia is a gas at room temperature (as revealed by the passage) tells us that the vapor pressure of ammonia must be greater than atmospheric pressure (760 torr).
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6.

D

A molecule which has a trigonal pyramid shape is one that has three groups of bonding electrons and one group of nonbonding electrons.
F
Cl
F
O

H

H

Cl
F

H
bent

O

I

T-shaped

linear

H
H

trigonal pyramid

The correct answer is choice D.
7.

C

The electronegativity of the atoms determines the distribution of electrons in a molecule. Oxygen is more electronegative than chlorine, so it will never evenly share electron density with
chlorine atoms (choice D is eliminated). Furthermore, if extra electron density is to be had in a
bond with chlorine, oxygen will monopolize that electron density (choice B is eliminated). In
the hypochlorite ion, oxygen has a –1 charge, and chlorine has no charge.
Cl

O

Passage 26
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1.

D

No one expects you to memorize the wavelengths associated with each color (although it might
come in handy). You have to be a little clever to get this one. Protoporphyrin IX has its maximum absorbance at 405 nm. The passage said that green light has a wavelength of 550 nm, so
the color absorbed by protoporphyrin IX has a higher energy. There are only two colors that
have more energy than green: blue and violet. Therefore, protoporphyrin IX will have the color
opposite to either blue or violet—orange or yellow. Since only yellow appears as a choice, the
correct answer must be choice D, and 405 nm must correspond to violet light.

2.

A

If the ferrous ion fits snugly into the porphyrin’s donut hole, then larger ions will not fit inside
and form stable complexes. Based upon the periodic trend of sizes of neutral atoms, atomic size
increases as one moves down or to the left in the periodic table. However, there is a second consideration: For each electron an atoms loses, its size contracts. So we can say that the ion with
the least positive charge, and the furthest to the left and bottom of the periodic table, should be
the largest. Potassium ion must be the largest.

3.

A

When protoporphyrin IX chelates the ferrous ion, the two hydrogen atoms that are bonded to
the nitrogen (called amino hydrogens) are lost as H+ ions. The acidity of a solution is proportional to the concentration of hydrogen ions. Therefore, the pH of this solution decreases, and it
becomes more acidic (choice A). (This question was just meant to start warming you up for the
study of acids, bases, and buffers that lies ahead.)

© The Princeton Review, Inc.
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4.

C

The passage tells us that porphyrins are flat and that this one is a tetradentate (forms four coordinate covalent bonds) ligand. Since all metal ions have no nonbonding electrons, the only possible shape of the ion atoms must be square planar (choice C). Note that an atom can never have
a shape that is flat.

5.

B

Whenever a metal ion forms coordinate covalent bonds with a ligand, this constitutes a Lewis
acid–base reaction (choice B). No indication of precipitates was referred to in the passage (choice
A). The iron ion has a charge of +2 before and after it is chelated, so choice C is eliminated. As
for choice D, an argument can be made that the formation of heme is a double displacement
reaction (two hydrogen ions are removed), yet examples of single and double displacement reactions are most often substitution reactions in organic chemistry such as SN1 and SN2 reactions.

6.

C

This is a lesson in keeping track of oxidation numbers. The problem says that catalase oxidizes
(removes electrons from) oxygen atoms in certain compounds. So you have to find the reaction
where the oxidation number of the oxygen atoms increases. In terms of oxidation numbers, oxygen in choice A goes from 0 to –2, in choice B it goes from 0 to –2, in choice C it goes from –1
to 0, and in choice D it goes from –1 to –2. So the answer is C. (Just a bit of info: Catalase is
responsible for making oxygen gas from hydrogen peroxide. So the next time you cut yourself
and you apply “peroxide,” just remember that the fizzing and foaming is catalase’s way of saying
“hi.”)

7.

D

Hydrogen bonds can only exist between N–H, O–H, F–H, and another N, O, or F. Therefore,
since oxygen gas is providing the O, tyrosine must provide the O–H (choice D).

Passage 27
1.

D

A radical has an odd number of electrons. Nitrous oxide (laughing gas) has 5 + 5 + 6 = 16 valence electrons (after all, that’s why nitrous oxide is funny, not fatal), dichlorine oxide has 7 +
7 + 6 = 20, and hydrogen peroxide has 1 + 1 + 6 + 6 = 14, so none of these are radical species
(choices A, B, and C are eliminated). Bromine trioxide, having 7 + 6 + 6 + 6 = 25 valence electrons, is a radical.

2.

B

A molecule with dihedral angles of 120° must be trigonal planar, and any trigonal planar molecule must have sp2 hybridization:
H
C

H

H
3.

C

Radicals have atoms that violate the prime directive of chemistry, “All atoms want an octet.”
Radical species always have an atom which does not have a complete octet (choice C); this is
why radicals remove electrons from other molecules. Radicals do not necessarily have to be
highly charged (choice A), nor do they have to involve electronegative atoms (choice B). Furthermore, since radicals have an unpaired electron, they must always have a net magnetic spin equal
to that electron, ±1/2 (choice D).
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4.

B

As we have alluded to above, radicals remove electrons from other atoms to complete their octets. Therefore, the radicals are acting as oxidants/oxidizing agents (choice B). An electrolyte is a
compound that dissociates into ions when it dissolves in water; radicals don’t dissociate (choice
C). A Lewis base is a molecule that donates a pair of nonbonding electrons to form a covalent
bond with another atom; as we have seen, radicals don’t give up electrons (choice D).

5.

C

Stability and energy are inverses. So the fact that the hydroxyl radical is reactive and not stable
means that it has more energy than the vitamin A radical (choice A). It is certainly true that the
hydroxyl radical has much less mass, so choice B is wrong. The hydroxyl radical forms hydrogen bonds with water, hence its high solubility in water (choice D). Highly conjugated (double
bonds between every other carbon atom) molecules have a tremendous potential for resonance
stability. Therefore, in the vitamin A radical, almost all of the carbon atoms share the burden
of having an incomplete octet (it’s sort of like playing “hot potato” with the unpaired electron).
Therefore, the reactivity of the radical is much less, and poses little danger to sensitive structures
in the cell (choice C). Eventually, enzymes use reducing agents to eliminate the radical altogether by pairing it up with another electron.

Passage 28
1.

B

The Lewis structure for the carbonate ion is

O

C

O
O

Since it has three groups of electrons, all of which are bonding electrons, the geometry and the
shape of the molecule is trigonal planar.
2.
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Just like its family member carbon when bonding to four atoms, silicon has a tetrahedral geometry. So while each Si–F bond is very polar, the overall molecule has no dipole moment; this
eliminates choice A and shows that D is correct. Coordination complexes are covalently bonded
complexes between nonmetal ligands and a transition metal ion. Silicon is not a transition metal,
it is a metalloid (choice B). While the Si–F bond is very polar, it is not ionic in nature (choice C).

General Chemistry Solutions

3.

C

In order to find the white (no color) compound, we have to find the metal ion with ten d electrons or with no d electrons. Note the electronic configurations for the following metal ions:
Cu(II): [Ar] 3d 9 (colored blue)
Fe(II): [Ar] 3d 6 (colored pale green)
Ti(IV): [Ar] (white, no color)
Mn(III): [Ar] 3d 4 (colored pale pink)
So the correct answer is choice C, TiO2. (Titanium dioxide is used as a white paint pigment; it
is very likely that your walls at home are covered with titanium dioxide.)

4.

B

The ionic solid with the highest melting point will be the one with the strongest ionic interactions. The strength of ionic interactions is proportional to the charge of the ions, so you need to
find the ionic pair with the most highly charged ions.
Na 2O (sodium is +1, oxide is –2)
BaO

(barium is +2, oxide is –2)

KF

(potassium is +1, fluoride is –1)

AgCl

(silver is +1, chloride is –1)

Therefore, one would guess that the melting point of barium oxide (BaO, choice B) is greater
than that of the others.
5.

B

Nearly all substances expand and become less dense when heated (choice A). This is due to increased motion of molecules which, in turn, increases the spaces between the molecules (choice
C). Since no chemical reaction or separation occurs during normal heating, the concentration of
impurities must remain the same (choice D). For this reason, the average molecular mass of the
molecules in that substance also remains constant.

6.

D

The passage indicates that sodium and calcium carbonate decompose to form their respective
oxides:
Na 2CO3 + Heat → Na 2O + CO2(g)
CaCO3 + Heat → CaO + CO2(g)
The side product of this reaction must be carbon dioxide, CO2.
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Passage 29
1.

C

The diagram in the passage illustrates that the presence of the ligands increases the energy of
two of the d orbitals more than the other three. Therefore, the five d orbitals are no longer degenerate, meaning that they are no longer equal in potential energy (choice C).

2.

C

The terms “stability” and “energy” are applied, loosely speaking, oppositely. That is, having lots
of energy means having little stability (and vice versa). Since the crystal field increases the energy of the dz2 and dx2–y2 orbitals, it decreases their stability.

3.

B

Just as the (mass) density of a substance is its mass per unit volume, the charge density of a molecule is its charge per unit volume. Both ions have a –1 charge (choices A and C are eliminated),
yet the fluoride ion is smaller and has less volume than the iodide ion. Therefore, the charge per
unit volume of the fluoride ion is greater than that of the iodide ion (choice B). Keep in mind
that basicity increases as one moves up and to the left in the periodic table, so fluoride is a stronger base than iodide is (choice D is incorrect).

4.

D

The spectrochemical series indicates that ammonia is a stronger ligand than either water or
fluoride (choices A and C are eliminated). The passage also indicates that the crystal field energy
increases as the positive charge of the metal ion increases. Since ammonia is a neutral molecule,
we conclude that the chromium ions in choices B and D have charges of +2 and +3, respectively.
Therefore, choice D is best.

5.

B

If a non-emitting object has the color blue, it must be absorbing blue’s opposite color: orange.

6.

B

Light may appear yellow if it’s emitting more yellow photons than violet photons while emitting
equal amounts (if any) of all the other wavelengths of visible light. The question implies that
one color is emitted more than all the others; it has to be yellow (choice B) in the case of a yellow lamp.

Passage 30
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1.

C

There is no such thing as the hydrophobic or hydrophilic force. Nonpolar molecules interact
via van der Waals forces, and polar molecules interact through dipole and van der Waals forces,
although the later is very weak compared to the former and therefore usually ignored.

2.

D

Choices A, B, and C involve functions which only require exposure to the extracellular medium
(note that choice C is intercellular anchoring, which means between cells). Structures which
actively transport molecules through the cell membrane must, themselves, extend through the
membrane; choice D does not.

3.

C

The role of the ion conducting channel is to conduct ions. Ions are extremely hydrophilic due
to their strong ion–dipole interactions with water. Therefore the residues which constitute the
channel should also be hydrophilic; this eliminates choice A. Moreover, any residues with ionic
character should attract cations, not repel them; this eliminates choice B. Choice C is better
than choice D because the carboxylate ion has a negative charge.

© The Princeton Review, Inc.
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4.

A

Passive diffusion rate of an ion through a membrane is primarily a function of size. Due to their
very small size, protons can easily diffuse through most membranes. All other ions are much
larger and therefore have slower diffusion rates.

5.

C

Since the question refers to an organic molecule, the quickest way to determine the oxidation
state of any atom is to count the number of bonds that atom has with a more electronegative
atom, and then from this number, subtract the number of bonds the atom has with a less electronegative atom. In the case of phosphorous, this would give a 5 – 0 = +5 oxidation state.

6.

B

Choice A is incorrect because the anionic heads of the phosphates would repel one another if
closely grouped together; such an arrangement would therefore be very unstable (high energy).
Choice C leaves something to be desired because transmembrane proteins require hydrophobic
residues to anchor it in the hydrophobic interior of the membrane. If, as choice C suggests, the
protein was composed entirely of hydrophilic residues, it would be quite content to float around
in the cytoplasm (as some proteins do). Note: No natural protein is composed entirely of hydrophilic residues. Choice D is wrong because a mixture of H-bonding and ion–dipole attraction is responsible for the hydrous shell in this case. (H-bonding arises from interactions like
HO–H...:O=PO3 –R.) Choice B is the best answer because the anions have to be electrostatically balanced by an equal number of cations which are abundant in solution.

Passage 31
1.

C

The second diagram in the passage indicated that the energy (space) between vibrational energy
levels is much less than that between electronic energy levels. Therefore, if the energy gap between the first two electronic energy levels corresponds to UV photons, then the energy gap between the first two vibrational energy levels must correspond to photons of less energy. Infrared
photons have several hundred times less energy than UV photons.

2.

D

A Bohr atom is any atom or ion that has only one electron. Choices A and B have no electrons,
and choice C has two electrons. The Be3+ ion has one electron.

3.

C

When the molecule goes from the first excited (v = 2) vibrational energy level to the ground
state (v = 1) energy level, it decreases in energy (according to the y axis!) by releasing energy to
the surroundings (choices A and D are true). In all sciences, the terms energy (or reactivity) and
stability are inverses of one another. Therefore, a molecule which decreases in energy increases
in stability (choice B is okay). The energy required to break the covalent bond, called the bond
dissociation energy, is the energy required to go from the occupied vibrational energy level to
v = ∝. Less energy is required to go from the v = 2 to v = ∝ than to go from the v = 1 to v = ∝.
Therefore, the vibrational transition v = 2 to v = 1 increases the energy required to break the
bond.

4.

A

Even without ever seeing a Morse potential diagram, you should know that the stability of any
system is inversely proportional to its energy (choice A). Morse potential diagrams indicate that
as the energy of a vibrational energy level gets bigger, the change in length of the oscillating
bond (the length of the horizontal vibrational line) increases (choice B is wrong). Furthermore,
the spacing between these lines gets smaller and smaller as you move up to higher levels (choice
C is wrong). Finally, choice D is incorrect because a catalyst decreases the activation energy of a
reaction, but it never affects the thermodynamics (energy) of the overall process.
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5.

B

This is a deceiving question because it doesn’t really require you to consider a specific Morse
potential diagram. For example, choices A and C, which are identical, suggest that the C=O
bond is weaker than the C–O bond. You should know that a double bond is always stronger
than a single bond (choices A and C are eliminated). Furthermore, choice D contradicts the passage—the passage says that all covalent bonds stretch and bend. The answer is choice B, which
says that the average bond length of the C=O bond is less than the C–O bond; we don’t need
a Morse potential diagram to tell us this. The more bonding electrons that are shared between
two atoms, the greater the bond strength, and the shorter the bond.

6.

B

Vibrational modes are the oscillatory movement of covalent bonds. In order to have a vibrating
covalent bond, you need a covalent bond to vibrate! Neon, a noble gas, is a monatomic gas than
never forms any covalent bonds (choice B). (The only noble gases that form any covalent bonds
are krypton and xenon [and this occurs only under very exotic conditions].)

7.

B

The Lewis dot structure for nitrous oxide, N2O is:
N

N

O

While choice D is also an acceptable Lewis structure, it cannot be the correct answer because
the question tells us that N2O is not symmetric.

Passage 32
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1.

A

Choice B is incorrect because the ligand donates electron density to the metal ion; hence, the
positive charge of a metal ion decreases during chelation. Choice C is incorrect because a ligand
must have an atom with at least one pair of nonbonding electrons, and there are no nonbonding
electrons in methane. Choice D has it backwards. Atoms with higher electronegativities will
be less inclined to donate electron density. Therefore, nitrogen, which has a lower electronegativity than fluorine, will make a better ligand (better means it will form a stronger coordinate
covalent bond). Choice A is correct because a ligand must be able to donate a non-bonding pair
of electrons (a Lewis base is a compound which can donate a non-bonding pair of electrons to
another molecule). Therefore, a ligand must always be a Lewis base.

2.

D

Choice A is a false statement; the interior of cell membranes is hydrophobic (water repelling)
and do not facilitate ion transport. Choice B has got reality reversed: All mercury salts, with the
exception of mercuric nitrate, are insoluble. An important point to remember is that all metal
nitrate salts are soluble. However, it is true that once dissolved, aqueous phase mercury ions can
slowly be purged by the excretory system. Choice C is wrong for at least one reason: Gastric fluids are acidic and have a low pH. Choice D is correct. All hydrophobic compounds accumulate
in the hydrophobic crevices of the body. Fat deposition on the interior of arterial walls is but one
example.

3.

C

Choices A and B involve solutions which are all aqueous and therefore will easily dissolve within
one another. Choice D would also result in one mixed layer, because nonpolar, organic solvents
readily dissolve within one another. Choice C is correct because, as the passage reminds us,
nonpolar, organic solvents are immiscible in aqueous solutions.
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4.

C

By giving the structure, the passage indicates that the crown ether molecule is neutral. Since the
charge of the potassium ion is +1, than the total charge of the complex is 0 + (+1) = +1.

5.

C

The schematic diagram indicates that the hexane solution is refluxed (boiled) with 8 M nitric
acid. The schematic explanation informs us that this is a one-to-one mixture of conc. nitric acid
and water—in other words, in preparing this reagent, you are doubling the volume of HNO3. If
the molarity of conc. HNO3 is 8 M when enough water is added to double the volume, then the
original solution must have been twice as concentrated: 16 M.

6.

A

Dimethyl mercury is a nonpolar molecule. So in the very first extraction, it will preferentially
dissolve in the hexane solution (solution A). However, later, this solution is refluxed with nitric
acid, a powerful oxidizing agent, which oxidizes dimethyl mercury into CO2, H2O, and Hg2+
(as the nitrate). Like other metal nitrates, mercuric nitrate is water soluble and is then found in
the aqueous portion of the solution (solution C). (This is why you keep the aqueous layer for the
analysis!) So dimethyl mercury will only be found in solution A.

7.

D Choices A, B, and C are all correct statements.
A: The radius of Hg2+ is much smaller than that of K+ because of ion contraction—2+ ions contract
more than 1+ ions do. However, you should have been able to reason that the sizes of the potassium and mercury ions had to be different because 18-crown-6 ether, a polydentate ligand, will
chelate any metal ion which snugly fits within the ring. 18-crown-6 ether chelated potassium
ions, but evidently left the mercuric ions in the aqueous phase.
B: The soil sample was extracted with 0.1 M HNO3 for this reason. Since most soils are frequently
washed through rainfall, almost all soluble salts are leached out of the soil. Hence, any mercury
salts which remain in the soil must be of the insoluble type. So through the addition of HNO3,
these salts are solubilized.
C: This is how and why crown ethers act to carry highly hydrophilic cations into hydrophobic solvents. Thus, crown ethers can be extremely toxic because of their ability to deposit toxic, heavy
metal ions in bad places (just as outlined in the explanation of question 2 above).
D: This is not true. Almost all ionic compound are solids at room temperature, and have extremely
low volatilities.

8.

B

The mass percent of oxygen is the mass of all the oxygen atoms divided by the total mass of the
crown ether, which equals the following ratio:
6mO
mass of oxygen
=
mass of molecule 6 mO + 12mC + 2 4mH
=

9.

B

6(16)
96
=
= 36 %
6(16) + 12(12) + 24(1) 264

Choice A is not true; nitric acid, one of the grand masters of oxidizing agents, will never reduce
anything! Choice C is not so bad since HNO3 is actually used to nitrate alcohols and electrophilic functional groups such as aromatic rings and alkenes. Unfortunately for this choice, there
are none of these functionalities in dimethyl mercury. Choice D is wrong and is contrary to the
fact that the mercury is found in the aqueous solution after this process. Any highly reduced
molecule, such as organometallic compounds, are readily oxidized by hot nitric acid.
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Passage 33
1.

C

According to Table 1, one mole of LaCl3 produces 4 moles of ions: one mole of La3+ and 3 moles
of Cl–  when m = 0.03.

2.

C

The four colligative properties are: 1) boiling point elevation, 2) freezing point depression, 3)
vapor pressure depression, and 4) osmotic pressure depression. Density is not a colligative property; its value depends on the identity of the substance.

3.

B

Since HCl is a strong acid and NaCl is a soluble salt, these compounds will dissociate completely
in water. Acetic acid is a weak acid, and weak acids do not completely dissociate in water. Thus,
choice B provides the best explanation for the greater boiling point elevation effects of HCl and
NaCl vs. acetic acid.

4.

A

The ionizability constant, i, for a compound is the number of free particles produced when that
compound dissolves in a particular solvent. If i were to decrease with the addition of a compound, this would imply that each molecule is yielding fewer free particles at higher concentrations. One explanation is that ions begin to pair up at the higher concentrations, so that two
particles actually begin to behave like just one.

5.

B

Using the equation for freezing point depression given in the passage, we find
∆Tf = kfmi = (–1.86°C/m)(0.87 m)(2) = –3.2°C, thus, Tf ′ = (0°C) – 3.2°C = –3.2°C.

Passage 34
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1.

A

Only solids melt or sublime, so eliminate choices C and D right away. This question tests the
definition of boiling, the process that occurs when the vapor pressure of a liquid equals the atmospheric pressure.

2.

A

Without a dissolved solute, freezing point depression is meaningless, and is irrelevant to this
question; this eliminates choice C. A water molecule is held together by polar covalent bonds,
not ionic bonds, so choice D is eliminated. Relatively weak London dispersion forces (choice B)
cannot account for this important property of water, which leaves choice A: Water molecules
experience relatively strong and extensive hydrogen bonding. In ice, each water molecule is hydrogen bonded to four others in a tetrahedral arrangement. This creates a rigid, honeycomb-like
lattice with big open spaces which accounts for the lower density of ice compared to liquid water, in which the molecules hydrogen bond in a more random, but tighter arrangement.

3.

C

Since Substance X has a lower molecular weight than the antifreeze, the number of moles of X
to be dissolved in the water will be greater than the number of moles of antifreeze. More dissolved particles in the water implies a greater molality and, therefore, a greater freezing point depression, or increased boiling point elevation. Choices B and D can be eliminated easily because
they describe the same effect—a higher freezing point than the original solution.
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4.

C

From the freezing point depression equation given in the passage, we obtain the equation kf =
∆Tf/m. Dividing ∆Tf by m in any of the trials in Table 1, we find that kf is greater than 1.8 but
less than 1.9.

5.

D

Choice B can be eliminated because it is a false statement. CaCl2 has the greater molecular
weight. However, molecular weight is irrelevant here, so eliminate choice C as well. Each NaCl
unit dissociates into two ions: one Na+ and one Cl–. However, each CaCl2 unit dissociates into
three ions: one Ca 2+ and two Cl–. Since boiling point elevation is a colligative property, the solution with the greater number of dissolved particles will have the greater boiling point.

6.

B

By definition of equilibrium, the rate at which the liquid vaporizes must equal the rate at which
the vapor condenses.

Passage 35
1.

D

The note under Table 1 states that water has a higher heat of vaporization per gram than mercury.

2.

A

Since ethanol is already a gas here, choice B is eliminated. Choice C is wrong since cooling a
substance decreases the average kinetic energy of its molecules, and choice D is wrong since vapor pressure increases as the temperature increases. The answer must be choice A. According to
Table 1, the boiling point of ethanol is 78.3°C at standard pressure. When the temperature of a
sample of ethanol gas is cooled below this temperature, the most likely result is that the gas will
condense into a liquid.

3.

B

Vapor pressure always increases as the temperature increases, so choices C and D are eliminated.
According to Table 1, diethyl ether has a lower boiling point than ethanol, which means that
diethyl ether must have a higher vapor pressure than ethanol. The graph in choice B is best.

4.

D

Boiling occurs when the vapor pressure of a liquid equals the atmospheric pressure. All liquids
boil at lower temperatures at higher altitudes because the atmospheric pressure decreases with
increasing altitude.

5.

C

Choices A and B can be eliminated because heat capacity is important when calculating a temperature change for a substance upon the addition of heat, but when a liquid vaporizes, it does
so at a constant temperature. The energy associated with phase changes is due to the formation
or cleavage of intermolecular forces. The energy required to vaporize a liquid is always greater
than the energy to melt a solid, because all intermolecular forces must be broken in order to
form a gas. Thus, choice C is the correct choice. The statement in choice D is irrelevant to phase
change energetics.

6.

B

Choice A is false, and all molecules experience some intermolecular forces, so choice C is wrong.
Ethanol, with its –OH group, is more polar than diethyl ether and experiences hydrogen bonding. Thus, choice B is correct.
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Passage 36
1.

A

Sublimation is the phase change from solid to gas. Segments AB and BC represent solid–gas
phase boundaries.

2.

C

Point C is the triple point between gaseous, liquid, and monoclinic-solid sulfur.

3.

C

Since ∆Hfusion (the energy required to cause the solid-to-liquid phase change) for sulfur is 38.1
J/g, the total amount of energy required to melt 50 g of solid sulfur would be (50 g)(38.1 J/g) =
1905 J.

4.

D

According to the phase diagram, liquid sulfur cannot be formed at temperatures below 119°C.
Therefore, the phase transitions at 100°C cannot include liquid (eliminating choices A and B).
Moving up along a vertical line at 100°C, the correct phases are vapor, then monoclinic solid,
then rhombic solid.

5.

C

If the combustion of monoclinic sulfur releases 0.1 kJ/mol more energy than the combustion
of rhombic sulfur, then S(monoclinic) must have 0.1 kJ/mol more energy locked up inside than
S(rhombic) has. So, converting S(rhombic) to S(monoclinic) would require adding an extra 0.1
kJ/mol: choice C.

6.

A

At STP (T = 0°C, P = 1 atm), the phase diagram shows that the most stable form of sulfur is
S(rhombic).

7.

C

If V, n, and R are constants, then the ideal gas law, PV = nRT, implies that P is proportional to
T. If the temperature is increased, then the pressure must increase, so choice A cannot be correct.
Since the absolute temperature increased by a factor of (473 K)/(373 K), which is about 1.25, the
answer must be C. (Note: Choice D can be ruled out since 473/373 is less than 2, and choice B
can be ruled out since 473/373 is not too close to 1.)

Passage 37
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1.

D

The gas phase is favored at low pressure and high temperature, which is represented by the lower
right portion of a phase diagram. This is Region Z in Figure 1.

2.

B

A liquid will boil when its vapor pressure equals the ambient pressure.

3.

D

The addition of heat energy to a substance can be used either to increase its temperature or to
break intermolecular forces (possibly leading to a phase change). Since the researcher measured
no temperature change, the answer must be choice D.

4.

B

Since ∆Tb = kbm, the fact that ∆Tb = 1.02°C and kb = 0.51°C/m means that the aqueous solution
must be 2.0 molal (since 1.02/0.51 = 2.0). Remember, however, that each NaCl unit produces
two particles in solution: one Na+ and one Cl–. Therefore, 1 mole of NaCl per kg of water (that
is, a 1 m NaCl solution) would produce the desired 2.0 m concentration of dissolved particles.
The correct answer is choice B.
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5.

C

At constant pressure, increasing the temperature moves us horizontally to the right across the
phase diagram. This implies that the phase changes from solid to gas, or, if the pressure is high
enough, from solid to liquid to gas. In either case, such phase changes require the input of energy (positive ∆H) and result in greater disorganization (positive ∆S).

6.

A

The solid/gas phase transition occurs along the AB segment, not the AC one, so choice B can be
eliminated. Choice D comments on the boiling points of the substances which occur along the
AD line segments for each substance. Choice C is a false statement as water is the bent molecule
and CO2 is the linear one. For this reason, and the subsequent three dimensional structures the
molecules of each compound make in the solid phase, choice A is the best answer. The open
crystal lattice of water due to its structured arrangement of hydrogen bonds leaves large holes
between molecules, giving solid water a lower density than its liquid phase. The solid–liquid
phase boundary line in the phase diagram for virtually all substances has a positive slope. However, the solid–liquid phase boundary line in the phase diagram for H2O has a negative slope,
because the densest phase of H2O is the liquid phase.

Passage 38
1.

C

The passage states that oxygen is removed from—and carbon dioxide is added to—the air in
the lungs.

2.

A

The passage states that gases move by passive diffusion. Molecules undergo passive diffusion due
to concentration gradients (they diffuse from high to low concentrations).

3.

B

According to the data in Table 1, oxygen experiences the greater decrease in partial pressure
(this eliminates choices C and D). This drop is due to the binding of oxygen to hemoglobin in
the capillaries.

4.

D

Partial pressure is proportional to the number of moles of the gas. The graph of a proportion is a
straight line through the origin: the graph in choice D.

5.

C

Since n = (V/RT )P, we have ∆n = (V/RT )∆P = (V/RT )(159 torr – 100 torr) from Table 1.

Passage 39
1.

B

Intermolecular forces are essentially electrostatic, and the fundamental equation for the electrical interaction between charges is given by Coulomb’s law, which is an inverse-square law. The
force must decrease as the separation distance increases, so the answer is choice B.

2.

B

Since graphite is softer than diamond, it seems reasonable to conclude that the bonds in graphite are weaker; this eliminates choices C and D. The passage states that graphite is composed
of planar sheets of carbon atoms, so choice B is a better answer here than choice A. With the
information given to us in the passage, we cannot conclude that all the bonds in graphite are
weak, only the intermolecular forces between the sheets of graphite.
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3.

D

Benzene boils at 80.1°C, so choice A can be eliminated as the temperature range in question is
far below the boiling point of the solvent. Choice C is a false statement. Choice B is also wrong
since any comparable change in temperature (same magnitude for ∆T ) will require the same
amount of added heat, as long as the phase does not change. However, unlike the temperature
interval from 25 to 35°C, the interval from 75 to 85°C involves a phase change from liquid to
gas (see Figure 1), which greatly increases the amount of heat energy required.

4.

C

The vapor pressure of any solution increases with increasing temperature; this eliminates choice
D. According to the colligative property of vapor pressure depression, the addition of a solute
lowers the vapor pressure of the solvent. Therefore, the vapor pressure of the contaminated solvent (II) must be less than the vapor pressure of the pure solvent (I). Only the graph in choice C
illustrates this.

5.

B

The cleavage of bonds, and intermolecular forces requires energy (eliminating choice A), while
the formation of bonds and intermolecular forces releases energy (eliminating choice D). During condensation, intermolecular forces are being formed to hold the molecules together into a
cohesive liquid. Choice B is best.

6.

B

The heat of vaporization is the energy required to convert a liquid at its boiling point temperature to a gas at the same temperature. Therefore, all the chemist needs to measure is the heat
consumed between time 2 and the time at which the sample is entirely gaseous.

Passage 40
1.

D

Using the freezing point depression equation, we find that ∆TFP = k Fim implies
i=

∆TFP
=
mkF

0.10°C
≈ 0.3
°C kg H 2O
1 mol
×1.86
mol
5 kg H 2O

When i is less than 1, this means that the compound must not be completely dissolving because
the freezing point depression is less than that expected if each molecule dissolved into solution.
2.
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The freezing point depression of a solution only depends upon the concentration of the dissolved particles. Even if most of the solution was discarded after Compound #1 was dissolved,
the result would be the same because each portion of the solution has the same concentration of
impurities, i.e., will have the exact same freezing point.

General Chemistry Solutions

3.

A

The passage states that compounds 4 and 5 are inorganic salts, so choices B and C can be eliminated. The freezing point depression of a known amount of an unknown substance can be used
to determine the identity of that substance. Using the freezing point depression equation, we
solve for the i of Compound #4: ∆TFP = k Fim implies
i=

∆TFP
=
mkF

1.12°C
≈3
°C kg H 2O
1 mol
×1.86
mol
5 kg H 2O

Since i = 3, Compound #4 breaks up into three particles when dissolved. Among the choices
given, choice A is the best. The expected i for glucose is 1, for methanol it is 1, and for sodium
chloride the expected i is 2.
4.

C

The first trick to getting the correct answer is to realize that according to the horizontal axis,
the far left is pure ethylene glycol, and the far right is pure water. From the passage, we should
expect that the freezing point line should intersect the vertical axis on the left (pure ethylene
glycol) at –13°C and on the right (pure water) at 0°C. This eliminates choice B. Now you have
to remember that the presence of an impurity in any substance, whether it be water or ethylene
glycol, will lower the freezing point of the substance. So we would expect that as more and more
ethylene glycol is added to the water (moving from right to left on the graph), the freezing point
of water should decrease. However, it might not be so obvious that if you started with pure
ethylene glycol, and then added water (move from the left to the right), the freezing point of
ethylene glycol should also drop because water is an impurity. So the answer is choice C.

5.

C

Choices A and B would lead to conclusions that contradict the fact that impurities lower the
freezing point of a liquid. So these choices, which may be scientifically correct, are certainly not
explanations for freezing point depression. Furthermore, reduction in vapor pressure (choice D)
affects a liquid’s boiling point, not its freezing point. Impurities lower the freezing point temperature of a liquid by inhibiting the rearrangement, on the molecular scale, of the molecules
into their characteristic solid-phase conformation.

6.

C

The passage indicates that all of the tested compounds were not flammable, however, the term
inflammable means to be flammable. Hence, choice C has it backwards. Choices A, B, and D
are all correct statements.

7.

A

When the solvent has a density of 1.0 kilogram per liter (choice C), such as water (choice D),
the molarity and molality of solutions with solutes that take up no volume (therefore very dilute
solutions) will be identical. The type of solute is irrelevant, so choice B can be eliminated.

Passage 41
1.

C

Since KE equals 12 mv 2 and momentum p equals mv, the correct relationship between KE and
momentum is
KE =

1
1
(mv)(v) = pv → 2 × KE = pv
2
2
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2.

B

If the total pressure within the rocket nozzle is 10 atm, and the contribution of water vapor is
one-fourth this (2.5 atm), then the total pressure of the oxygen and hydrogen must be 7.5 atm.
Furthermore, we’re told that for maximum efficiency, the ratio of H2 to O2 should be two to one.
Therefore, the partial pressure of 2 H2 plus that of O2 equals 7.5 atm. The partial pressure of 2
H2 must be 5.0 atm.

3.

B

In a mixture of gases, the individual gases are assumed to have identical temperatures. Kinetic
energy is proportional to temperature, so the kinetic energies of the gases in this mixture are
identical (choice A). Avogadro’s law states that gases occupy identical volumes under normal
conditions. Therefore, we always assume that equal amounts of two gases occupy the same
volume (choice C). Since the molecular mass of O2 is sixteen times greater than that of H2, the
velocity of H2 molecules should be four times greater than that of O2:
KE O2 = KE H2

vH
vH2 2
1
1
32
2
2
= 16 → 2 = 4
→ (32 amu )(vO2 = (2 amu )(vH2 ) → 2 =
2
2
2
v O2
vO
2

The momentum of a gas molecule equals its mass times its velocity. So at any given temperature,
the momentum of an O2 molecule will be 16(1/4) = 4 times greater than that of an H2 molecule,
not equal to it (choice D). The mole fraction of a gas is the number of moles of the gas divided
by the total number of moles of the mixture. Since half the gas in the mixture is H2, the mole
fraction of H2 is 0.5. Now, the mass fraction of a gas is the mass of the gas divided by the total
mass of all the gases in the mixture. Since there are equal amounts of H2 and O2, the masses of
the gases are 2 g/mol + 32 g/mol = 34 g/mol, and the mass fraction of H2 is
mass of H 2
2 g/mol
1
≈ 0 . 06
=
=
mass of mixture 34 g/mol 1 7
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4.

A

This is a question that could have you do more work than is necessary. First, the explanation for
the last question’s choice D should have made it clear that two gases with different masses have
the same KE at the same temperature, but not the same momentum! Eliminate choice D. We
are asked to choose whether ten grams of helium or ten grams of neon will provide more rocket
lift (momentum). We use the definition: momentum = mv. The total masses of both gases are
the same (10 g), so we have to choose the gas with the greater velocity. Lighter gases at the same
temperature have greater velocities, so the helium would provide more lift.

5.

C

The velocity of H2 gas will be four times greater than that of O2 gas at all temperatures, so
choice A is okay. Since vaporization is an endothermic process (it absorbs heat), as the liquid
vaporizes, it will cool the surroundings (the reason we perspire), so choice B is okay. The reverse
process of vaporization, condensation, is an exothermic process (it releases heat), so choice D
is fine. While hydrogen gas is extremely explosive when mixed with O2, the combustion of H2
requires an initial energy source to get the reaction going. If there is no initial energy source, the
reaction between H2 and O2 is extremely slow (choice C).

6.

B

The major forces which cause gases to deviate from ideality are most influential when gas molecules are very close together and moving slowly. Therefore, gases are most ideal when their molecules are far apart and zipping around. These conditions correspond to low pressure and high
temperature.

© The Princeton Review, Inc.

General Chemistry Solutions

Passage 42
1.

C

Hydrogen bonding is a type of dipole–dipole interaction. All ionic interactions are stronger
than dipole–dipole interactions (choices A and B). The strength of a dipole–dipole interaction is
proportional to the dipole moment of the molecule. Since F is more electronegative than O, the
dipole moment in HF is greater than in H2O. Therefore, each hydrogen bond in HF is stronger
than those in H2O (choice D). Oxygen has a greater electronegativity than nitrogen, so the dipole moment and the strength of the hydrogen bonds are greater in H2O than in NH3.

2.

A

Choices B, C, and D are all incorrect statements. The vapor pressure above a liquid or solid is
only a function of the temperature and purity of that substance; vapor pressure is independent
of external pressure (choice B). Adding impurities (such as sea salts) to water lowers its vapor
pressure at any given temperature (choice C). The phase diagram in the passage has logarithmic axes, so the triple point of water occurs between 102 K and 103 K (choice D). According to
the phase diagram, applying significant pressure on ice which is very close to the solid–liquid
boundary line will cause some of the ice to melt (choice A).

Pressure (torr)

apply
pressure

760

Liquid

Solid

Gas
273
Temperature (K)

3.

A

Using the phase diagram, water at 100 K and 102 torr is in the solid phase.

4.

D

The last sentence in the passage tells us that high specific heat, heat of fusion, and heat of vaporization are due to strong intermolecular forces. Therefore, we are looking for the molecule with
the strongest intermolecular forces. Methane (choice A), hydrogen sulfide (choice B), and oxygen (choice C) are all gases at room temperature because they have weak intermolecular forces.
Methanol, CH3OH, on the other hand, has stronger hydrogen bonding, which is responsible
for making it a liquid at room temperature. Methanol has the highest heat of vaporization.
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5.

D

Before water can boil at one atmosphere pressure, it must be heated to 100°C. The amount of
energy required to heat 20 g of water from 75°C to 100°C (a temperature change of 25°C or 25
K) is computed as follows:
Heat = mass × specific heat × temperature change
= mC sp∆T = (20 g) ×

4.2 J
× 25 K
gK

= 2100 J = 2.1 kJ
Energy must then be added to convert the liquid at 100°C to gas at 100°C. This process is vaporization, and the required energy is
Heat = mass × ∆Hvap = 20 g ×

40.7 kJ 1 mol
×
≈ 45 kJ
18 g
mol

Therefore, the total energy cost is no less than about 2 + 45 = 47 kJ, so choice D is best.
6.

B

Normally, the bond angles of a tetrahedral atom, like oxygen in water, are 109.5°. However, lone
pairs of electrons repel one another, so the O−H bonds get squeezed a little closer than 109.5°:
to 104.5°.

7.

A

First, the question tells us that the solid phase is carbon’s densest phase. So in the phase diagram
for carbon, the top of the liquid-solid boundary line should slant to the right because the densest (solid in this case) phase will be favored under high pressures (this eliminates choices B and
D). The question also says that the solid phase of carbon is divided into two domains, that of
graphite and that of diamond, with the diamond phase being the denser. Therefore, diamond
should be favored at high pressures and graphite at low pressures (choice A).

Passage 43
1.

C

Pressure is defined as force per unit area. The force exerted on the rocket pocket cushions is
equal to the player’s mass, 100 kg, times the acceleration of gravity, 9.8 m/s2, times 0.98 (because the passage says that only 98% of the wearer’s mass rests directly on the cushions). However, the problem wants the pressure for each cushion. Since there is one cushion under each
foot, the total weight of the athlete is divided between the sneakers. The force on each cushion is
force =

1
× 0.98 × 100 kg × 9.8 ms2,
2

so the pressure on each cushion is
2
force 12 × 0.98×100 kg × 9.8 m/s
pressure =
.
=
area
25 cm 2
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General Chemistry Solutions

2.

A

We want the gas with the lowest condensation/boiling point (BP). Both water and bromine
(choices B and C) are liquids at room temperature, so they are poor choices. Ammonia and carbon dioxide are gases, however, the boiling point of CO2 is much lower than that of ammonia.
If you didn’t know this, you should have been able to predict that CO2—with its dispersion
forces—will have a lower BP than ammonia, with its hydrogen bonds.

3.

C

You need to know that the compression of a gas heats it up, and expansion cools the gas. With
this in mind, as the subject lifts off the ground, the pressure that his weight is applying to the
cushion decreases. As the external pressure of the cushion decreases, the cushion expands and
cools (temperature goes down). However, once he lands again, the pressure is reapplied, and the
gas is compressed, heating up to its original temperature (choice C).

4.

C

Choices A, B, and D are all legitimate shortcomings of water used in this capacity. The densest
phase of water is the liquid phase. So when pressure is applied to water, it is the liquid phase that
is favored, not the solid.

5.

C

The balanced equation for the decomposition of sodium azide to sodium nitride is
3 NaN3(s) → Na3N(s) + 4 N2(g).
So for every mole of sodium azide that decomposes, 4/3 = 1.3 moles of nitrogen are liberated.
Since one mole of any ideal gas occupies 22.4 L at STP, the decomposition of one mole of sodium azide will produce (22.4 L) × (1.3) ≈ 30 L of nitrogen gas.

6.

B

The Lewis structure for the azide ion is
N

N

N

Since the central nitrogen has two groups of bonding electrons, its shape is linear.
7.

D

This problem constitutes an effusion experiment. In an effusion experiment, the gas with the
lowest molecular weight escapes with the greatest rate. So the gas that will escape with the slowest rate is the one with the highest molecular weight. Of all of the choices, carbon dioxide has
the greatest molecular weight.

Passage 44
1.

A

Choices B, C, and D are all correct statements; but the question asks for the false statement.
Based upon the data in the passage, the cell shrank the most in Solution 1. This means that the
net movement of water was out of the cell. Osmosis tells us that water diffuses into solutions
with higher concentrations of solutes, so Solution 1 must be the most concentrated, not the
most dilute, solution; the answer is choice A. A solution that causes water to flow out of a cell is
hypertonic to the cell, one that causes water to flow into a cell is hypotonic to the cell, and one
that causes no net movement of water is an isotonic solution.
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2.

B

Cells do not dissolve in ordinary salt solutions (choice A)—if they did, oceanfront property
wouldn’t be as expensive as it is. The trend in the data suggests that the cells should have increased in size in Solution 4 (choice C). Animal cells, such as lymphocytes, do not have cell
walls (choice D). The passage tells us that the solutions were labeled in order of concentration.
We have figured out that Solution 1 is the most concentrated, so Solution 4 must be the most
dilute. Solution 4 is a hypotonic solution because water is flowing into the cell. Cell membranes
can only stretch so much, and when immersed in Solution 4, the cells ruptured.

3.

C

This is a lesson in geometry. The volume of a sphere is (4/3)πr 3, where r is the radius. While
you may have not remembered this, you should have remembered that the units of volume are
always (some unit of distance)3. So, if we pretend that the cell had an initial radius of 1 unit, but
then shrunk by 8% to a radius of 0.92 (≈ 0.9) unit, then cell’s initial volume ∝ (radius)3 = 1 × 1
× 1 = 1, cell’s final volume ∝ (radius)3 ≈ (0.9) × (0.9) × (0.9) ≈ 0.73. Since our approximation of
the decrease in the cell’s volume is 1 – 0.73 = 0.27 = 27%, choice C is the best answer.

4.

D

The equation Π = i∆MRT indicates that osmotic pressure is proportional to temperature, in
kelvins. Solution Y has a higher osmotic pressure than Solution X because its temperature, 303
K, is greater than that of Solution X, 288 K. The ratio of the osmotic pressure of Solution Y to
that of Solution X is therefore 303 to 288, or about 1.1 to 1, so choice D is best.

5.

A

A rule of laboratory chemistry is that the volume of an aqueous solution is always measured
from the base of the meniscus.

6.

B

Since molarity, M, equals moles/volume, the equation Π = iMRT may be written
Π = i(n/V )RT
So the osmotic pressure of a solution may be expressed in the form of the ideal gas law,
ΠV = inRT

7.

C

In chemistry, all equilibria are dynamic equilibria. What this means here is that while the volumes of the liquids on each side of the membrane are not changing, individual water molecules
are still passing through the membrane from both directions, just in equal numbers (choice A).
The kinetic energy of a molecule is proportional to its temperature, and the equation in the passage makes it quite clear that osmotic pressure is indeed a function of temperature (choice B).
Choice D has it backwards, since osmotic pressure opposes the direction of osmosis. The answer,
choice C, correctly and succinctly describes the direction of osmosis (water flow).

Passage 45
1.
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The ionizability factor of a molecule is the number of “pieces” that the molecule yields when it
dissolves into solution; thus all ionic compounds must have an i of two or more. Each sodium
phosphate consists of three sodium and one phosphate ion. Therefore, the ionizability factor of
sodium phosphate is 4.

General Chemistry Solutions

2.

D

Choices A, B, and C are all true statements. Choice D is incorrect because, by definition, the
molality of a solution is the moles of solute per kg of solvent, not solution.

3.

A

Neutral magnesium and sodium atoms have about the same size because they’re next to each
other on the periodic table. However, the magnesium ion is substantially smaller than the sodium ion because it has a +2 charge as opposed to a +1 charge of sodium (choice B is eliminated).
Hydrogen bonds only occur between the hydrogen of a N−H, O−H, or F−H and another N, O,
or F; chlorine never participates in hydrogen bonding (choice D is eliminated). While choice C
is true, it has no relevance here because none of the atoms in MgSO4 or NaCl have d electrons.
Ions associate with one another because opposite charges attract. If the magnesium and sulfate
ions associate more than sodium and chloride, this implies that the Mg2+ and SO42– are feeling
each other’s charge more.

4.

A

The first structure illustrates the strong hydrogen bonding which occurs between two acetic
acid molecules (choice A). Choice B represents a repulsive orientation. Choices C and D represent orientations that don’t fully utilize the hydrogen bonding potential of acetic acid.

5.

D

Van’t Hoff factors are used to determine the effect of dissolved particles upon the colligative
properties. The colligative properties are MP depression, BP elevation, vapor pressure depression,
and osmotic pressure. So experiments based upon one of these properties (choices A, B, and C)
could be used to determine the van’t Hoff factor. The density of the solution (choice D) doesn’t
provide any insight into whether dissolved species are individually solvated or are complexing.

6.

A

In nearly all instances, using the ideal ionizability factor overestimates the number of free ions
in solution. Based upon the passage, the difference between the van’t Hoff factor and expected
i for potassium sulfate is about ten percent, since (3.00 – 2.70) / 2.70 = 0.3 / 2.7 ≈ 0.3 / 3.0 =
10%.

7.

B

The passage indicated that van’t Hoff factors only begin to depart from the theoretical ionizability factor at higher concentrations. Therefore, one would expect that in very dilute solutions, the
van’t Hoff factor should equal the ionizability factor.

Passage 46
1.

B

If a noble gas like helium or argon is not readily available, chemists often use nitrogen as an
inert gas. But how were you supposed to know this? Oxygen and fluorine are strong oxidizing
agents and are very reactive gases (choices C and D). Hydrogen is a mild reducing agent, and is
used to reduce organic compounds (choice A). Nitrogen, on the other hand, makes up 80% of
the Earth’s atmosphere because it has accumulated due to its lack of chemical activity. Furthermore, diatomic nitrogen has an internal triple bond that gives N2 a very high bond dissociation
energy, hence N2 is not very reactive.

2.

D

According to the data, as the temperature increases linearly, the vapor pressure increases exponentially because the vertical axis of the plot is logarithmic. (Choice B is certainly incorrect; it
says that as the temperature goes up, VP should go down). For example, when the temperature
is increased from 223 K (= –50°C) to 248 K (= –25°C), the VP goes up ten times. In fact, for
every 25 K, the vapor pressure goes up by a factor of ten. The vapor pressure in increasing much,
much faster than the temperature, therefore choices A and C are incorrect.
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3.

C

The interaction R−S−H...O−R is a dipole interaction (choice C). The electronegativity of sulfur
is strong enough to polarize the S−H bond. This is not a hydrogen-bonding interaction; only
hydrogen bonded to N, O, or F and interacting with another N, O, or F qualifies as hydrogen
bonding (choice B). Ionic interactions only occur between ions; there are no ions here (choice
A). While all atoms and molecules with electrons experience dispersion forces, in light of dipole
interactions, their contribution is insignificant (choice D).

4.

D

If the melting (freezing) point of pandorium were greater than –47°C, then the liquid would
have solidified during the course of the experiment. The last line of the passage indicates that
some liquid remained (choice A). The vapor and liquid phase couldn’t have been in true equilibrium throughout the experiment because the term equilibrium implies balance and no net
change of the distribution of the molecules in their respective phases. But 2 grams of liquid remained (and the experiment started with 5 grams), so 3 grams of the liquid just got up and left
during the experiment (choice B). The density of pandorium was never alluded to in this passage; there is no way of figuring out a substance’s density in this type of experiment (choice C).
As the experiment progressed, the temperature of the remaining liquid decreased even though
the vessel was not being refrigerated. The liquid gradually cooled because three grams of pandorium were vaporized during the experiment, and vaporization is a heat absorbing process.

5.

D

In a closed container the external pressure is not fixed, and the pandorium in vapor phase would
count towards the overall pressure. Likewise, pressure would increase as temperature rises. Both
B and C are correct (choice D).

6.

B

The molecular mass of pandorium is (7 × 12.0) + (2 × 16.0) + (32.1) + (10 × 1.0) ≈ 158 g/mol,
and the mass of the sample is 5 grams. Therefore, in a 5-gram sample of pandorium, the
number of moles =

5g
158

7.

B

g
mol

≈

1
3
= 0.03
≈
32 100

Molecular mass and intermolecular forces determine a compound’s physical state at a given
temperature. Since all of these compounds have the same molecular mass (approximately), the
compound that is most likely to be solid at room temperature is the one with the greatest intermolecular forces. All of the compounds except choice D will experience strong hydrogen bonding. However, the hydroxy groups (OH) in choices A and C lie close to one another, so they will
spend a significant amount of the time hydrogen bonding intramolecularly (between OH’s of
the same molecule). In other words, the intermolecular hydrogen bonding of these compounds
are significantly weakened. Choice B has an OH group in a position where it cannot interact
intramolecularly, so it would be expected to have the most intermolecular hydrogen bonding
and be a solid at room temperature.

Passage 47
1.
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The activity coefficient is a correction factor that accounts for the anomalous behavior of concentrated solutions. In dilute solutions, the correction factor drops out; the activity coefficients
equal 1.0, as the passage states in the last sentence.

General Chemistry Solutions

2.

C

The plot of the solubility of calcite indicates that [Ca 2+] is about 0.001 M at very dilute solutions.
Since the Ksp for calcite equals [Ca 2+]·[CO32–], and the concentrations of dissolved calcium and
carbonate must be identical, then
Ksp = [Ca 2+]·[CO32–] = (0.001)2 = (10 –3)2 = 10 –6

3.

D

The solubility of an insoluble salt will be lower in solutions if ions present in the salt are already
in solution; this is the common ion effect. Therefore, calcium carbonate will be less soluble in
solutions that already contain calcium or carbonate ions in solution.

4.

B

The passage tells us that clustering is caused by the persistence of ion–ion interactions after the
salt lattice has broken up. The strength of ionic interactions is proportional to the charges of the
ionic species. Choices A and D are repulsive interactions that have nothing to do with clustering.
While choices B and C are attractive interactions, the ionic attraction between the magnesium
and carbonate ion is stronger than that between sodium and carbonate because magnesium has
a greater charge than sodium.

5.

A

Ionic clustering is the principal cause of the departure of concentrated solution from ideality.
The amount of ionic interaction in solution is proportional to the charge of the ions. Therefore,
the ions that will experience minimal clustering, and thus, behave the most ideally, are ions
with the least charge.

6.

C

Although the solubilities of inorganic salts can be difficult to memorize, you should know the
three solubility rules that are given in Chapter 5. Based on Rule 2, we conclude that cadmium(II)
nitrate must be very water soluble.

7.

C

The charge of an ion is independent of its temperature (choice A is eliminated). At nearly all
temperatures, water expands. As it expands, the number and strength of the hydrogen bonding
interactions decreases (choice B is eliminated). The temperature of a substance is proportional
to its kinetic energy (choice D is eliminated). The solubility of most salts increases at higher
temperatures because the average distance between ions increases with temperature, so the ionic
attractions decrease.

Passage 48
1.

B

Since lead and silver would show positive at the same time, they would be filtered out together. Then after the addition of sulfuric acid, BaSO4(s) would be filtered out while ammonium
remained in solution for the entire analysis. Therefore, during the course of the analysis, the
sample would be filtered twice.

2.

B

All ammonium salts are soluble (choices C and D are eliminated). While the ammonium ion
has a very low vapor pressure, ammonia is a gas at room temperature. Ammonia is very soluble
in water, but as most of us know, the vapor pressure of ammonia in aqueous solution is still
strong enough to make your eyes tear. Therefore, the addition of a base to convert NH4+ to NH3,
and then a quick sniff, could be a qualitative test for the ammonium ion.
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3.

C

The only common ions that will produce bubbles of gas after the addition of acid are the bicarbonate and carbonate ions. The reaction for carbonate in acid is
CO32–(aq) + 2 H+(aq) → CO2(g) + H2O(l)

4.

B

In this question, we have to find the statement that is definitely false based upon information
given in the passage. The only statement contradicted by the passage is choice B−barium is the
only Group II metal sulfate that is insoluble. Note: BaCO3 is very insoluble, but in this analysis,
all Ba is removed before any CO2(g) is added.

5.

D

Recall that all ammonium, Group I metal ions, perchlorate, nitrate, and acetate salts are very
soluble. Therefore, based upon these solubility rules, the precipitate cannot be choices A, B, or
C. Lead bromide is a very insoluble salt.

6.

C

The addition of an impurity (ammonia) to a pure substance (hydrogen sulfide) always increases
the boiling point of that substance (choice A is eliminated). Ammonia is a base, and bases increase the pH (choice B is eliminated). All ammonium salts are soluble, so (NH4)2S would not
precipitate (choice D is eliminated). Ammonia is added to neutralize HCl and make the solution basic.

7.

A

HCl is just about as stable as a molecule gets. It is certainly stable at the relatively cool temperatures of 100°C (choice B is eliminated). The solubility of gases, like H2S and NH3, decreases
with increasing temperature (choice C is eliminated). The best answer is choice A. This analysis
rests upon observing precipitation after some reagent is added. The solubility of most solids
increases at higher temperatures (that’s why you put the instant coffee in water after it’s hot).
Therefore, it is likely that at higher temperatures, some of the precipitates will not form.

8.

A

Lead iodide is a very insoluble salt. The term insoluble means that these salts make solutions
that are less than 0.01 M. Therefore, regardless of how much lead iodide you put in water, the
concentration of dissolved salt is going to be very low.

Passage 49
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1.

D

While NAT acts as a reactant in the first reaction, it is regenerated in the last reaction. Therefore,
NAT is a catalyst in the formation of chlorine gas (eliminating choices A and B). Since NAT is a
solid, and the chlorine radical is a gas, NAT is a heterogeneous catalyst (choice D). Recall that a
heterogeneous catalyst is one that has a phase different from the reactants which it is catalyzing.

2.

C

The destruction of O3 is initiated by the photolysis of Cl2. The bond energy of a Cl–Cl bond is
243 kJ/mol. If green light has an energy of 225 kJ/mol, then green and yellow light have too little energy to break the bond (choices A and B are eliminated). Furthermore, the questions asks
for an answer that is in the visible spectrum—ultraviolet light is not (choice D is eliminated).
The energy for blue light is between that of green and violet, i.e., about 240–260 kJ/mol.

© The Princeton Review, Inc.

General Chemistry Solutions

3.

B

The third reaction is
Cl–O(g) + Cl–O(g) → Cl–O–O–Cl(g)
An O–O bond must be formed because halogens only form one covalent bond at a time, while
oxygen is happiest with two. The passage tells us that the O–O bond energy is 140 kJ/mol. Recall that the ∆Hrxn may be calculated using the bond enthalpies (energies):
DHrxn = (Bond enthalpies)reactants – (Bond enthalpies)products
To save yourself time, realize that to break a bond, we need to put in energy, and when a bond is
formed, we get out energy. During this reaction an O–O bond is being formed, so the reaction
releases 140 kJ/mol of energy. Therefore, DHrxn = –140 kJ/mol.

4.

A

The Lewis dot structure for ozone is:
O
O

O

Therefore, the geometry of O3 is trigonal planar, but its shape is bent.
5.

A

The boiling point temperature of a liquid is that temperature at which the vapor pressure of the
liquid is equal to the external pressure. Since the external pressure in the stratosphere is very
low, water, and all other liquids, will boil at a much lower temperature than at standard pressure
(water has a VP of 8 torr at 5°C): choice A is correct.
The total pressure equals the sum of all of the partial pressures. If the total pressure of all the
gases in the stratosphere is 8 torr, then there is no way that ozone can have a partial pressure
greater than this (choice B is impossible). Lowering the pressure over a substance will never
substantially increase the melting point of that substance (choice C is impossible). Evidently,
gaseous reactions do occur at these low pressures—this passage has been written about them
(choice D is eliminated).

6.

C

The rate law only depends upon the reactants in the rate-determining (slow) step of the overall
reaction—the third reaction step takes hours, while all of the others take minutes or seconds
(choices A, B, and D are all eliminated). The exponent in (the order of) the rate expression reflects the number of those types of molecules that must come together in the rate determining
step. Since two ClO are reacting together, this rate law must be second order.

7.

D

This question is just testing if you remember what a catalyst does and does not do. A catalyst
works by lowering the activation energy of the rate-determining step (choice A is true). A catalyst does not affect the overall thermodynamics (energy) of the catalyzed reaction (choice B is
true). Finally, a catalyst only has a net effect on a reaction that is not at equilibrium, and in this
case, the catalyst just increases the rate at which the system reaches equilibrium. Therefore, at
equilibrium, the [O3] has to be much less because the catalyst Cl is just working to get the system to equilibrium by destroying ozone (choice C is true).
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Passage 50
1.

D

An open-end manometer measures the pressure within a vessel relative to atmospheric pressure
(760 torr). So when the levels of liquid, Z and Z*, are equal (like in the diagram in the passage),
the pressure inside the vessel is equal to 760 torr. Choices A and B do not relate the pressure
of the gas to atmospheric pressure. Choices C and D only differ in sign. Intuition should lead
you to the conclusion that when Z is lower than Z*, the internal pressure of the vessel must be
greater than atmospheric pressure. Choice D is the only one that preserves this relationship.

2.

A

In this exercise, the scientist used the partial pressures of the gases as a measure of their concentration. Both the equilibrium and kinetic results were expressed in units of pressure. So the
primary assumption here was that the pressure of a gas is directly proportional to the number
of moles of that gas. In other words, choice A. Choices C and D are not applicable here because
the temperature was constant throughout this experiment. Choice B is never an assumption, it
is always a reality.

3.

B

In the case of an inert mixture of gases, the final pressure within the apparatus should be equal
to the average of the pressure of each component,
final total pressure = (Pflask A + Pflask B) / 2,
since the volumes of Flasks A and B are equal. Throughout the experiment, the initial pressure of Gas F (in Flask A) was 450 torr. In the individual tests, the initial pressure within Flask
B was 240 mm Hg, 620 mm Hg, and 450 mm Hg. So now, all we have to do is plug these
numbers into the equation above in order to get the expected final pressure if the component
gases did not react. Doing this, one gets 345 mm Hg, 535 mm Hg, and 450 mm Hg for each
test. Since the measured final pressure in test 2 equals the expected final pressure of inert gases,
Gases F and N must not have reacted.

4.

D

The very first step in determining a rate law is writing
Rate = k[each reactant]
So here, we write
Rate = k[F][P]
In order to determine the exponent (called order) for the reaction of gases F and P, we just need
a total of three trials, with F at the same pressure in two trials and P at the same pressure in two
trials. Based upon the table in the passage, the best trials to use to meet this criterion are trials 4,
5, and 6. Comparing trial 4 to trial 5, we see that the concentration of P is about the same, but
the concentration of F twice as great. Looking at the rate of the reaction (∆pressure), we see that
the rate of trial 4 twice as great as is trial 5. Therefore, [F] is directly proportional (first order) to
the rate of the reaction (eliminate choices B and C).
Now comparing trial 5 to trial 6, as the concentration of P is doubled, the rate increases by a
factor of four. Therefore, [P]2 is directly proportional (second order) to the rate of the reaction.
So the rate law is
Rate = k[F]1[P]2
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5.

D

The rate constant, k, is only a function of temperature (choice A is eliminated), steric orientation
(choice B is eliminated), and activation energy (choice C is eliminated). The free energy of the
reaction, ∆G, is a thermodynamic quantity, not a kinetic one.

6.

A

Mercury is one of two elements that are liquids at room temperature (bromine is the other).
Therefore, if mercury is a liquid at room temperature (298 K), then its melting point must be
lower than 298 K.

7.

C

The vapor pressure of a liquid (or solid) depends upon the velocities of the molecules (choice B),
the strength of attraction between particles (choice D), and the molecular accessibility to the
surface (choice A). The vapor pressure of a substance is independent of the external pressure.

Passage 51
1.

C

The equilibrium expression for Reaction 1 is Keq = [NO][CO2]/([NO2][CO]). Using the given
equilibrium concentrations, we find
Keq = (0.1)(0.02)/[(0.01)(0.1)] = 2

2.

C

The only way to change the value of the equilibrium constant is to change the reaction temperature, so choices A and B are eliminated. According to Le Châtelier’s principle, adding more
reactant shifts the reaction in the forward direction.

3.

B

Catalysts lower the activation energy, so choice D is immediately eliminated. NO is not consumed in Step 1b, so it is not an intermediate, eliminating choice A. (Note: NO3 is an intermediate in Reaction 1.) The rate-determining step is always the slowest step, so choice B is correct.

4.

C

The passage states that photochemical processes were responsible for maintaining ozone levels
in the past. Photochemistry is the study of the effects of light (electromagnetic radiation) on
chemical reactions, so choice C is the answer.

5.

D

Reactions 2a and 2b indicate that each NO molecule is regenerated during its reaction with
ozone. Therefore, NO is a catalyst since there is no net loss or gain during the reaction. Only
choice D is true.

6.

B

Dynamic equilibrium implies that formation and destruction reactions are still occurring (eliminating choice D), but there is no net change in the amount of ozone. In order for this to be true,
the rate at which ozone is formed must equal the rate at which it is destroyed.

Passage 52
1.

D

First, note that choice A is wrong since it would imply a constant rate of reaction, independent
of [HI], but the data indicate that this is not true. To obtain the rate law, we must compare trials and determine how changes in the initial concentration of the reactant affect the initial rate
of the reaction. Comparing Trials 1 and 2, we see that [HI] increased by a factor of 2 and the
reaction rate increased by a factor of 4 = 22. Therefore, the reaction is second order, so the rate
law is given by Rate = k[HI]2.
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2.

D

The equilibrium expression is obtained by placing the product of the concentrations of the products over that of the reactants with the exponents equal to the stoichiometric coefficients. Thus,
Keq is given by the expression in choice D.

3.

A

The passage states that Reaction 1 is exothermic, so the energy of the products must be less than
the energy of the reactants; this eliminates choices C and D. The passage also states that the activation energy for the Pt-catalyzed reaction (59 kJ/mol) is less than the activation energy of the
Au-catalyzed reaction (105 kJ/mol). This means that the energy “hump” from the reactants to
the activated complex should be smaller for the Pt-catalyzed reaction than for the Au-catalyzed
reaction. This is shown in the graph in choice A.

4.

A

Changing the temperature will affect the kinetics and thermodynamics of this reaction. First,
an increase in temperature always results in an increase in the initial rate of the forward reaction.
Second, since the reaction is exothermic, Le Châtelier’s principle predicts that increasing the
temperature will then shift the reaction to the left, resulting in an increase in [HI].

5.

C

First, since choices A and D are equivalent, they can both be eliminated. The rate of a chemical
reaction always increases with increasing temperature, but while the rate often depends on the
concentrations of the reactants, the rate constant k does not. The answer must be C.

6.

D

The passage states that light with a wavelength less than 327 nm (which equals 3.27 × 10 –7 m)
can photolyze HI. Such wavelengths include ultraviolet light, but not visible or infrared.

7.

B

The dissolution equilibrium for HI is
HI(aq)  HI(g)
Since a saturated solution is at equilibrium, the question is asking which perturbation could
result in shifting the equilibrium to the right. Choice A is eliminated since catalysts change
the rate of a reaction, not the position of equilibrium. Choices C and D are eliminated because
decreasing the amount of HI(aq) or increasing the pressure would shift the reaction to the left.
This leaves choice B.

8.

C

According to the mechanism given in the passage, HI dissociates into H, and then two H reassociate to form H2. Therefore, during the course of the reaction, the speciation of hydrogen
should evolve from HI to H to H2. This eliminates choice A. By stoichiometry, the amount of
H2 should end up being half the original amount of HI, so choice C is best.

Passage 53
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1.

B

Since HCl is a strong acid, it dissociates completely in water, so [H+] will equal [HCl]. Thus,
pH = –log [H+] = –log(0.1) = 1.

2.

C

Since an oxygen atom has eight electrons, choices B and D are immediately eliminated, since
they account for nine and seven electrons, respectively. The configuration given in choice A is
that of an oxygen atom in the ground state, not an excited state. The answer must be choice C.
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3.

B

Krypton is a noble gas, not a halogen, so choices C and D are eliminated. The conjugate base of
HBr is Br– (choice B).

4.

D

Excitation of electrons in any atom requires the absorption of light (so choice B cannot be correct). The passage states that dark bands are associated with absorption spectra and bright bands
with emission spectra. Thus, choice D is the only choice that makes sense.

5.

A

According to the data given with the question, bond strength increases as the radius of the
halide atom decreases (choice A). This is primarily due to the fact that the Coulomb force is
inversely proportional to the square of the separation distance between the charges; decreasing
the distance increases the force of attraction.

6.

D

The equilibrium expression is obtained by placing the product of the concentrations of the products over that of the reactants with the exponents equal to the stoichiometric coefficients. Thus,
Keq is given by the expression in choice D.

7.

C

The conjugate bases of the hydrogen halides are the halide ions. Since halide ions have an extra
electron, they have noble-gas configurations, which accounts for their remarkable stability.

8.

D

Le Châtelier’s principle is a thermodynamic (equilibrium) concept, not a kinetic one, so choice
A can be eliminated. Choice B is eliminated since ∆H is the change in potential energy between
the reactants and products, while temperature is a measurement of the average molecular kinetic energy; kinetic energy has no effect on potential energy here. Choice C is eliminated because
temperature will not affect the molar quantities of gas, so the answer is choice D: Le Châtelier’s
principle predicts that exothermic reactions will be shifted to the left when the temperature is
increased.

Passage 54
1.

A

The passage tells us that CO2 and H2S dissolve in water to produce hydrogen ions (choices B
and C are OK). The covalent bonds in CO2 and H2S are all highly polar (choice D is OK), but
CO2 is a linear, symmetric molecule. So while each C−O bond is polar, overall the CO2 molecule is nonpolar.

2.

D

The temperature of a gas is proportional to its kinetic energy; choices A and B are identical.
Furthermore, the information in the question says that the solubility of all gases decreases with
temperature, not the other way around. Nitrogen is less soluble in warm solutions, yet nitrogen
is not an acid or base, so choice C, even if correct, does not account for the behavior of gases
that are not weak acids.

3.

C

An endothermic process is one that consumes heat. Choice A would suggest that the temperature of the solution should decrease. While choice B is true, it does not explain why the trials
using nitrogen, a gas that is neither an acid nor base, also warms. Friction converts kinetic energy (energy of motion) into heat; friction does not convert kinetic energy into potential energy
(choice D). Since the vessel is sealed, as water is added, the volume of the gas decreases—the
compression of gas releases heat.
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4.

B

Initially, the flasks were filled with 10.0 L of gas at 25°C and 760 torr. For the sake of simplicity,
we can assume that we are dealing with gases at STP (0°C and 760 torr) because the difference
in the volume of a gas at STP and at 25°C and 760 torr (as in this experiment) is less than 10%.
Since 1.0 mole of any ideal gas occupies a volume of 22.4 L at STP, 10.0 L of a gas is a little less
than half a mole, or about 0.4 mol.

5.

A

The equilibrium and solubility constants of any substance are only functions of temperature, not
pressure, concentration, or the presence of a catalyst (choices C and D are eliminated). Based
upon the equilibrium reactions given in the passage, the addition of hydroxide would consume
H+. As [H+] decreases, the equilibrium of reaction (2) and (3) shifts to the right. This in turn,
decreases the concentration of carbonic acid, H2CO3, which causes reaction (1) to shift to the
right, driving more CO2(g) to dissolve in the solution.

6.

B

Choices A, C, and D are all statements that are substantiated by the passage. If the initial pressure of 10.0 L of nitrogen was 760 torr, then decreasing the volume of insoluble gas to 5.00 L,
the pressure should be 1520 torr. However, we cannot neglect the contribution of the vapor
pressure of water, which is 24 torr at 25°C. Therefore, if N2 were completely insoluble in water,
the observed pressure should be 1520 torr + 24 torr = 1544 torr. A pressure less than this (as in
this experiment) indicates that some nitrogen has dissolved into the solution.

7.

A

Precision is a measure of the consistency between several measurements, while accuracy is the
measure of whether a piece of data is equal to some correct or standard value. The following
target diagrams may be helpful:

precise and
accurate

precise but
not accurate

neither precise
nor accurate

Therefore, the chemist’s results were precise, but not very accurate.
8.
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This question is just trying to see if you recall that the equilibrium constant for any reaction will
only change with a change in temperature (choice B). Other factors, like pressure and reactant
concentration shift the equilibrium so that the original value of K is re-established.
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Passage 55
1.

B

The balanced reaction for the formation of the acetal is
CH3CHO + HOCH2CH2OH  acetal + H2O,
and the equilibrium expression is simply
Keq = [acetal]·[H2O] / [CH3CHO]·[HOCH2CH2OH].
(Note: Water is not the solvent here; this is a toluene solution.)

2.

A

The passage suggests that the formation of this acetal is an exothermic process (heat is evolved
during the reaction). Although increasing the temperature of an exothermic reaction will increase the initial reaction rate, the reaction will shift to the left from a thermodynamic perspective; the product yield will decrease.

3.

C

Decreasing the concentration of water and the acetal will shift the reaction to the products
(choices A and B). Since H+ is just a catalyst, the removal of H+ from the equilibrated system will
have no effect (choice D). Decreasing the concentration of ethylene glycol will shift the reaction
to the reactants.

4.

B

There is no net consumption or production of H+ in acetal reactions; H+ is a catalyst. Therefore,
as an acetal is formed, the pH of the solution remains the same.

5.

C

In general chemistry, we ignore effects of pressure upon equilibria without gas phase constituents. Therefore, the acetal reaction will not be affected by an increase in pressure.

6.

B

Choices A, C, and D are all true statements. While we often believe that there is a direct relationship between the rate (kinetics) of a chemical reaction and its equilibrium constant or ∆H
(thermodynamics), there is no formal relationship between the two. Therefore, there is no way
of determining how long it will take a system out of equilibrium to reach equilibrium (choice B
is incorrect) based solely on the value of K.

7.

D

The carbonyl carbon has three groups of electrons (two single bonds and one double bond), so
it has a geometry of trigonal planar. In the acetal, this same carbon atom has four groups of
electrons (four single bonds), so it has a geometry of tetrahedral. Note that trigonal pyramid is a
shape, not a geometry—choices A, B, and C could be eliminated right away.
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Passage 56
1.

C

Lead is highly toxic, and precipitating all halogens from solution would be catastrophic for the
human body (choice A). The point of this question is to prevent 131I from entering the body—
injecting 131I directly into the patient is doing the opposite (choice B). The radioactive decay rate
of a nucleus is not a function of pressure, temperature, or concentration (choice D). The only
thing one can do is to have people continuously exposed to 131I consume vast amounts of normal iodine in hopes of shifting the equilibrium given in the passage to the left. The goal is for
normal iodine to flood the body’s receptors, winning the battle of competitive inhibition against
radioactive iodine.

2.

A

Strontium phosphate dissociates in water according to the reaction
Sr3(PO4)2(s)  3 Sr2+(aq) + 2 PO43–(aq)
Therefore, the equilibrium expression is
Ksp = [Sr2+]3·[PO43–]2
and given the dissolution of x moles of strontium phosphate, the algebraic expression is
10 –28 = (3x)3·(2x)2 = 27x3·4x 2 ≈ 100x5
Thus, x = 10 –6 M and [Sr2+]= 3 × 10 –6 M. This value is certainly closest to choice A.

3.

D

Remembering solubility rules, all Group I salts are soluble and will not precipitate out of human
electrolytic fluids (choice A and B). Furthermore, the chemistry of cesium is much more similar
to other Group I ions such as Na+ and K+ than to Group II ions like Mg2+. Therefore, the best
answer is choice D.

4.

C

The decay of strontium involves the emission of an electron (a beta particle):
90
38 Sr

→

0
−1 e

+

?
?

.

Making sure that the mass number and charge are equal on both sides of the reaction arrow, the
daughter nucleus must be an element with 39 protons (subscript) and a mass number (superscript) of 90. This is 90Y.
5.
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The solubility rules tell us that the salts in choices A, B, and D are very soluble. Therefore, calcium carbonate (choice C), a salt whose solubility is very pH sensitive, is the best answer.
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6.

C

This is a tricky question. Choice D is not true because only fissile elements like 235U and 239Pu
can explode in a blaze of nuclear energy. Since there is an equilibrium in solution, the addition
of more iodine will have some effect upon the solubility of Pb131I2 (choice B is incorrect). You
might have thought that less 131I would be dissolved in solution because of this common-ion effect (choice A), but the right answer is choice C. The common-ion effect tells us that the total
[I] will decrease when NaI is added to the solution. Yet before the NaI is added, the [131I] is only
about 0.001 M (Ksp of PbI2 is about 10 –9)—most of the 131I is sitting as a solid at the bottom of
the beaker. When you add a whole bunch more dissolved I–, eventually, the 131I will be replaced
in the PbI2(s) with the normal I and, in the end, a lot more 131I will be dissolved in the solution.

Passage 57
1.

B

The equilibrium constant for a reaction only depends upon temperature of the reaction (choices
A and D are wrong). The addition of propylamine will shift the equilibrium towards the products and increase the formation of imine (choice C is incorrect). In the case of imine condensation, water appears in the equilibrium expression (choice B). Water is only absent when it is the
solvent, i.e., aqueous-phase equilibria.

2.

B

The double arrows simply mean that a reaction is reversible (choice B). You must be told in writing whether a reversible reaction is at equilibrium (choice A is eliminated). Choices C and D are
just not right.

3.

C

Given the reaction
propylamine + cyclohexanone  imine + water,
one mole of water will be produced for every one mole of imine. The yield of imine in the reaction of 2-to-1 propylamine-to-cyclohexanone is 78%. The percent yield represents the fractional
conversion of the limiting reactant to product. In this case, the limiting reactant is 1 mol of
cyclohexanone, so 0.78 mol of imine and water are produced in this reaction. Since the mass of
water is 18 g/mol, 0.78 mol of water has a mass of about 14 g.

4.

D

As alluded to in the previous solution, the theoretical yield of a reaction only depends upon the
number of moles of the limiting reactant.

5.

D

Hydrogen bonding exists between hydrogen covalently bonded to F, N (as in the case of propylamine), or O (as in the case of water) and another F, O, or N atom. Therefore, both propylamine and cyclohexanone hydrogen bond with water (choice B is true). All hydrocarbons are
essentially nonpolar and insoluble in polar solvents like water (choice C is true). If the boiling
point of toluene is higher than water, then the vapor pressure of toluene near its boiling point
must be less than that of water (choice A is true).

6.

D

The nitrogen in the imine has a nonbonding pair of electrons (choice A). All molecules have
some degree of van der Waals interactions (choice B). The imine is not a rigidly symmetric
molecule, so it will experience some weak dipole forces (choice C). Since there are no hydrogens
bonded to F, O, or N, the imine product cannot experience hydrogen bonding with other imine
molecules.
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7.

A

An esterification reaction is the condensation between a carboxylic acid (or related derivative)
and an alcohol. But there are no carboxylic acids or alcohols in this reaction, so choice B is
eliminated. The end product of an elimination is always a double or triple bond between two
carbon atoms (choice C is eliminated). The oxidation state of all atoms are constant in the imine
condensation reaction (choice D is eliminated). Finally, the reverse reaction is a hydrolysis reaction (choice A). Hydrolysis reactions are reactions in which a bond is broken by the addition of
water across the bond. It’s a good rule of thumb that organic reactions that consume water are
hydrolysis reactions.

Passage 58
1.

B

The passage tells us that acids with a pKa greater than 0 are called weak acids. The pKa of phosphoric acid, H3PO4, is 2.1.

2.

C

Choices A and B are true statements which indicate how fluorine is different from all the other
halogens. However, while all of the other halide ions are pH neutral in solution, the fluoride ion
is basic.

3.

B

Chemist #1 argues that electronegativity is the principal factor affecting acidity. Compounds
that contain more electronegative atoms have weaker H−O bonds and are therefore more acidic.
Although choices B, C, and D each have 3 electronegative atoms, the compound with the more
electronegative atoms (F) is trifluoroacetic acid, choice B. In fact HOOCCF3 is a stronger acid
than sulfuric acid for this reason.

4.

C

While this question may seem absurd at first, you can calculate the molarity of a pure solution
of water. Molarity is the number of moles of solute (in this case water), per liter of solution.
Considering that the density of water is 1.00 g/mL and that 1.0 mol of water has a mass of 18 g,
the number of moles of water in one liter must be
1.000 L·(1.00 g·mL –1)·(1000 mL·L –1) = 1000 g H2O = 1000 g / 18 g·mol–1 ≈ 55 mol H2O.
Thus, the molarity of pure water is M = 55 mol/L.
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5.

A

Chemist #2 argues that the most acidic compounds have conjugate bases with lots of resonance
stability. Unlike all of the other choices, phenol (choice A) has a benzene ring. You should remember that benzene is so special because all of the double bonds resonate (move around) the
ring—in organic chemistry, only molecules with double or triple bonds will have multiple resonance structures. Therefore, only the conjugate base of phenol, the phenoxide ion, will experience resonance.

6.

D

The fluoride ion cannot experience resonance with itself (it takes two to tango), so the definition
by Chemist #2 is not applicable (choices B and C are eliminated). Considering that fluorine is
more electronegative than all the other halogens, the definition by Chemist #1 leads us to believe that HF should be the most acidic halohydride acid—which it is not (choice A is eliminated). Therefore, some other consideration not mentioned here must be made in order to predict
the acidity of all compounds.
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7.

A

pH equals the negative log of [H+]. Since the first proton of H2SO4 is a strong acid, we can
assume that all H2SO4 is dissociated into H+ and HSO4 –. Therefore the pH due to this first
proton only is: pH = –log [H+] = –log (1.0) = 0. However, unlike all of the other strong acids
—HCl, HBr, HI, HNO3, and HClO4 —we must also consider the small contribution of the
second acidic proton produced by the dissociation of HSO4 – to SO42–. While this proton is
weak, meaning that about 1 out of 1000 of them actually dissociate, they still make the solution
slightly more acidic. Therefore, the actual pH of a 1.0 M sulfuric acid solution is less than 0.0.
Note that normally we ignore the contribution of the second proton, however choice B uses the
word “exact,” indicating that we have to be more careful here.

8.

D

Since HBr is a strong acid, 99.9% of all of the HBr molecules in solution will be dissociated
(choice A is wrong). The pH values of a 0.001 M and of a 0.01 M HBr solution are
0.001 M: pH = –log (0.001) = –log (10–3) = 3,
0.01 M: pH = –log (0.01) = –log (10–2) = 2.
Therefore, the pH of a 0.005 M HBr solution has to be in between these values, probably about
2.3 (choice B is wrong). Boiling point elevation is a colligative property. A colligative property
is something that depends upon the number of dissolved particles in solution. Unlike HF, HBr
is a strong acid in which every HBr dissociates to form two ions (H+ and Br–). Therefore, the
BP elevation for a 0.005 M HBr solution should be greater than that for a 0.005 M HF solution
(choice C is eliminated).

Passage 59
1.

C

One order of magnitude means “one factor of 10.” Based upon the pH’s given in the passage,
the [H+] of lemon juice is about 10 –2 M and that for seawater is about 10 –7 M. Therefore, [H+] is
105 times, i.e., five orders of magnitude greater, in lemon juice than in seawater.

2.

A

Based upon the passage, the concentration of H+ in gastric juice is 10 –1 M. If 99.9% of this is
neutralized by an antacid, then only 0.1% = 10 –4 M remains. The pH of a solution with a [H+]
of [10 –4 M] is 4 (choice A). So a little bit of extra acid makes a big difference in terms of pH!

3.

B

The dissociation reaction for acetic acid is
HOOCCH3(aq)  H+(aq) + OOCCH3 –(aq) + heat
Therefore, increasing the temperature will shift the reaction to the left, and hence lower the
concentration of H+, increasing the pH.

4.

C

HF is the conjugate acid of F–, and in turn, F– is the conjugate base of HF (choices A and B are
backwards). The conjugate of a weak acid, such as HF, is a base. Therefore, a solution of NaF
will have a higher pH than a solution of HF.
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5.

C

The conjugate base of a weak acid is a base, but the conjugate base of a strong acid forms a
pH neutral solution; the conjugate acid of a weak base is acidic, but the conjugate acid of a
strong base forms a pH neutral solution. Thus, the Na+ and Cl– ions form pH neutral solutions,
eliminating choice A. The fluoride ion is a weak base, so overall, NaF is a basic salt, eliminating
choice B. Now, NH3 is basic, but not strongly so. Therefore, its conjugate acid will be somewhat
acidic.
NH4Cl(aq)  NH3(aq) + H+(aq) + Cl–(aq)
Thus, there is an excess of H+ ions, so the solution will be slightly acidic; choice C is the answer.
Choice D should be eliminated since potassium hydroxide is a strong base.

6.

A

The [H+] of gastric juice is 10 –1 M. Doubling the volume of a 10 mL solution by adding water
will cut [H+] in half, to 0.05 M. The pH of this solution is
pH = –log (0.05) = log 20 = log 10 + log 2 = 1.3
Therefore, the only answer that’s close is choice A.

7.

C

Calcium carbonate is a basic salt, and sodium oxide is a strong base, so choices A and B are
eliminated. Methane is an alkane, and all alkanes form pH neutral solutions (choice D is eliminated). H2S is a weak acid (acidity increases as you go to the right or down the periodic table).
Since sulfur is under oxygen, H2S must be more acidic than H2O. Therefore, in aqueous solution, H2S will behave as an acid.

Passage 60
1.

B

The question indicates that the solution with the greatest [H+] will hydrolyze a peptide the fastest. Considering that only about 1 out of 1000 molecules of a weak acid dissociate, and that all
of the molecules of a strong acid dissociate, the approximate [H+] of the choice solutions are
actually:
choice A:

0.1 M HF ≈ 0.0001 M H+

choice B:

0.1 M HNO3 = 0.1 M H+

choice C:

1.0 M HC2H3O2 ≈ 0.001 M H+

choice D:

1.0 M H3PO4 ≈ 0.001 M H+

Therefore, the solution with the greatest [H+] is the one in choice B.
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2.

A

If choice B were true, we would expect acidic solutions to be much more damaging than basic
solutions—the question says otherwise. The hydrogen ion is the smallest ion possible since it
is nothing more than a free proton (choice C is incorrect). Regardless of how fancy choice D
may sound, it has one fundamental flaw: Particles with the same charge, such as Na+ and the
positively-charged carbonyl (C=O) carbon strongly repel one another and will never associate.
According to the reaction scheme given in the passage, the acid hydrolysis of a peptide is reversible while the base hydrolysis is not (choice A).

3.

B

Hydrogen bonding exists between the hydrogen in an H−F, H−O, or H−N bond and another F,
O, or N atom. Both forms of the carboxylic acid may form hydrogen bonds with the hydrogen
in water’s H−O bonds (choice A is wrong). Since the deprotonated form of the carboxylic acid is
more water soluble, it must be more water-loving; a water-loving molecule is called hydrophilic
(choice C is wrong). Therefore, it is the protonated carboxylic acid that is more hydrophobic
(water-hating). Choice D has to be incorrect because the oxygen atom in the water molecule has
a partial negative charge. The deprotonated form of the carboxylic acid is more soluble than the
protonated acid because the ion–dipole interactions between the RCOO – and water are stronger
than the dipole–dipole interactions between RCOOH and water (choice B).

4.

C

The first question is to determine if any base remains un-neutralized. The child consumed
(0.001 L) · (1.0 M NaOH) = 0.001 mol of NaOH.
This was neutralized by
(0.050 L) · (0.01 M HCl) = 0.0005 mol of HCl.
Therefore, 0.0005 mol of NaOH (0.001 mol NaOH – 0.0005 mol HCl) remains in the stomach. So what’s one to do? Basic solutions are extremely corrosive to the linings of the mouth and
esophagus. Therefore, as with all corrosive substances, once consumed, it is best not to induce
vomiting because vomiting re-exposes these sensitive tissues to the base (choice A). Antacids
are weak bases and would not neutralize the NaOH (choice B). Obviously, something must be
done to prevent the stomach lining from being hydrolyzed (choice D). The best thing to do is to
neutralize the remaining base with a weak acid like carbonic acid (choice C).

5.

D

The compound with the strongest intermolecular forces and greatest molecular mass will have
the highest melting point (and boiling point). Since all of these compounds have about the
same molecular mass, we conclude that the compound with the greatest intermolecular forces
will have the highest MP. Choice A (acetone), choice B (ethanol), and choice C (acetic acid) are
all compounds that experience moderately strong dipole interactions—and are liquids at room
temperature. However, sodium acetate is a high MP solid at room temperature because it experiences strong ionic interactions (choice D).

6.

C

A pair of resonance structures are two structures that are identical except for the distribution
of electrons. All of the answer choices are resonance structures, but we must also consider that
hydrogen can never have more than two valence electrons. Since choice C has a hydrogen with
four valence electrons, it’s an impossible resonance structure.
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7.

A

Choice B is not true; if it were, all solutions containing sodium ions, such as seawater and human blood, would feel like oil (choice B is wrong). Likewise, the hydroxide ion is not a lubricant
(choice C is wrong). The “thickness” of a liquid is called its viscosity. The viscosity of all normal
aqueous solutions are very low—water is a lot thinner than tar or molasses (choice D is wrong).

8.

B

Hydrolysis reactions are reactions in which a bond is broken (lysis) with the addition of water
(hydro). Therefore, hydrolysis reactions must occur in water (choice C is eliminated). Obviously,
peptides and esters don’t hydrolyze in pure water—otherwise bathtub excursions would be very
painful (choice D is eliminated). Examining the product, you should notice that all acidic protons have been removed. Therefore, this hydrolysis must have taken place under basic conditions (choice B).

Passage 61
1.

D

At any given temperature, the velocity of lighter molecules is greater than that of more massive
molecules (choice A is incorrect). Ionization energy increases as one moves upwards and to the
right in the periodic table; the ionization of O is greater than N (choice B is incorrect). Each
atom in diatomic nitrogen has a single pair of nonbonding electrons (choice C is incorrect). Due
to the fact that molecular nitrogen has three covalent bonds to molecular oxygen’s two, the total
bond dissociation energy of nitrogen is greater than that of oxygen (choice D).

2.

A

Temperature is proportional to the kinetic energy of a gas, so choices B and C are identical and
incorrect. Since the reaction between hydrogen and nitrogen is an exothermic one, decreasing
the temperature of the reaction once it is at equilibrium will shift the reaction to the right and
favor the production of ammonia.

3.

B

The reaction for the Haber–Bosch process is
7 CH4(g) + 2 O2(g) + 8 N2(g) +17 H2O(g) + 7 K 2CO3(s)  16 NH3(g) + 14 KHCO3(s).
Since pure solids and liquid do not appear in the equilibrium expression, we have
Keq = [NH3]16 / [CH4]7[O2]2[N2]8[H2O]17

4.

B

The passage indicates that the Haber reaction is an exothermic reaction (∆H < 0). Therefore, the
bond energy of the products must be less than that of the reactants. This eliminates choices C
and D. Furthermore, a catalyst lowers the activation energy (the hump) of the reaction; it does
not affect the initial or final energy of the reaction.

5.

D

The question says that a three to one mixture of hydrogen and nitrogen had a total pressure of
60 atm. Therefore, the partial pressure of hydrogen and nitrogen must be 45 atm and 15 atm,
respectively. Based upon the balanced equation for the Haber process, one nitrogen and three
hydrogen molecules must be consumed for every two ammonia molecules formed: 3 H2 + N2 →
2 NH3. The final pressure, 45 atm, equals the sum of the final pressures of hydrogen, nitrogen,
and ammonia:
45 atm = (45 atm – 3x) + (15 atm – x) + (0 atm + 2x)
Thus, x = 7.5 atm, so the partial pressure of ammonia must be 2x = 15 atm.
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6.

C

At equilibrium, a catalyst has no net effect, so choice D doesn’t do anything. From here, you
must consider that in the reaction quotient expression for the Haber process, the concentration
of hydrogen is cubed and that of ammonia is squared:
Q = [NH3]2 / [H2]3[N2]
Therefore, choices A, B, and C result in the following changes in the reaction quotient:

A: 50% reduction in 1.0 atm of H2: (0.5 atm)3 = 0.125 atm3 = increase by a factor of 1/(0.125) = 8;
B: 60% reduction in 1.0 atm of N2: 0.4 atm = increase by a factor of 1/(0.4) = 2.5;
C: 70% reduction in 1.0 atm of NH3: (0.3 atm)2 = 0.09 atm2 = decrease by a factor of 1/(0.09) = 11.
Considering that we assumed the initial concentrations of all of the gases were 1.0 atm, choice
C would result in the greatest perturbation to the equilibrium, since it causes the greatest factor
change in the reaction quotient.
7.

D

Carbon monoxide is a ligand (choice D) that forms strong coordinate covalent bonds (choice C
is incorrect). A ligand is a Lewis base, not a Lewis acid (choice B is incorrect). While CO is toxic
to most organisms (because it is a strong ligand), the toxicity of a molecule to organisms does
not mean that the molecule is industrially useless (choice A).

8.

D

This is a trick question that illustrates a very important point. Nowhere does this question tell
us that the system is at equilibrium, so the concentrations given may have nothing to do with
equilibrium concentrations. So unless you are told the system is at equilibrium (called saturated
for solubility systems), numbers and data mean nothing.

Passage 62
1.

C

The solubility equilibrium constant, Ksp, is directly related to solubility. Since Ksp for AgCl is
greater than for AgI, AgCl must be more soluble.

2.

C

Since the titration curve has two inflection points, the unknown acid must be diprotic. Amphoteric describes a substance that can behave as an acid and a base (choice A). Autoionization is
the reaction of molecules of the same substance to produce ions, such as the autoionization of
H2O to produce H3O+ and OH– (choice D).

3.

C

According to Figure 1, the pH of the solution after adding 6.5 mL of NaOH is 4. Therefore,
[H+] = 10 –pH = 10 –4 M.

4.

C

In general, it is best to choose a buffering system for which the pKa of the conjugate acid is as
close as possible to the desired pH. If the desired pH is 7.4, then, among the given choices, the
best conjugate acid to use is monobasic phosphate ion, H2PO4 –.

5.

B

The question states that the conjugate base of the unknown weak acid is monoprotic. Therefore,
the titration curve will have only one inflection point; this eliminates choices C and D. Since
strong acid is being added to the solution, the pH must decrease, so the best graph is the one in
choice B.
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6.

A

The only way to change the value of an equilibrium constant is to change the temperature, so
neither choice C nor D can be correct. Given the equilibrium in Reaction 1, increasing the concentration of Cl–(aq) by adding NaCl will shift the reaction to the left, resulting in the formation of more AgCl(s). This is called the common ion effect.

Passage 63
1.

C

The molecular mass of CO2 is 12 + 2(16) = 44 g/mol.

2.

A

The conjugate base of a chemical species is simply that species after it has lost an H+. Therefore,
the conjugate base of the bicarbonate ion, HCO3 –, is the carbonate ion, CO32–.

3.

C

The most appropriate buffer system is the one in which the pKa of the conjugate acid most
closely matches the desired solution pH. If the desired solution pH is 7.4, then, according to the
data in Table 1, the H2PO4 –/HPO42– buffer system would be the most effective.

4.

B

Carbon atoms may never have more than four bonds; therefore, choices C and D are immediately eliminated. Since the carbonate ion is very stable, it is reasonable to assume that the carbon
atom has a complete octet. Generally, stable carbon atoms have a total of four bonds, so choice
B is best.

5.

C

If the concentrations of a weak acid and its conjugate base are equal, then the pH of the buffer
solution equals the pKa of the acid, and vice versa (this follows immediately from the Henderson–Hasselbalch equation). Given that the pKa of carbonic acid is 6.37 but the solution pH is
7.4, we conclude that the acid and base concentrations cannot be equal (eliminating choice B).
If the pH of a buffer is greater than the pKa of the acid, then there must be more conjugate base
than acid: choice C.

6.

C

In order to have complete neutralization, the amount of acid must equal the amount of base.
Since the amount of solute (in moles) is equal to the concentration (C, in mol/L) times the volume (V, in L), we have
(CV )acid = (CV )base
(0.1 M)(0.5 L) = (0.2 M)Vbase
0.25 L = Vbase

7.
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Choices C and D cannot be correct since [H+] and pH follow opposite trends (as one increases,
the other decreases). Since the passage implies that rapid breathing causes [CO2] to decrease in
the blood, the answer is choice B.
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Passage 64
1.

A

Since the Ka for HF is 6.8 × 10 –4, which is between 10 –4 and 10 –3, the pKa value should be between 3 and 4.

2.

D

The passage states that the X in HX has a greater electronegativity than Br. This eliminates
choices B and C. Furthermore, the passage states that HX is more acidic than HF, so choice A is
eliminated.

3.

A

Since HI is a strong acid, it will dissociate completely in dilute solutions to give equal amounts
of H+ and I–, the conjugate base of HI.

4.

A

A buffer is a mixture of a weak acid, like HF, and its conjugate base. The conjugate base of HF
is F–, which would be produced when KF is dissolved in solution.

5.

D

Dipole moment and polarity measure the same thing, so one cannot be large and the other
small; this eliminates choice B. Also, HI is a stronger acid than HF, so neither choice A nor
choice C can be correct. Choice D is the only statement supported by the data.

Passage 65
1.

D

Adding an acid to any solution, whether it be a buffered or unbuffered solution, will always
lower the pH, just by differing amounts (choice A). All carbonate and bicarbonate salts generate
CO2(g) when mixed with acids (choice B). Increasing the [H+] by adding HCl will shift both of
the equilibria given in the passage to the right (choice C). Hydrogen gas is only evolved in redox
reactions; the reaction between HCl and NaHCO3 constitutes an acid–base reaction, not an
oxidation–reduction reaction (choice D).

2.

C

The sum of pKa and pKb of the conjugate pairs always equals 14 at 25°C. Since the Kb of bicarbonate is 2.7 × 10 –8, the pKb of HCO3 – is about 8. Thus, the pKa of carbonic acid is about 6.
Choices A and D can be eliminated because they are unlikely candidates for something that
buffers blood which has a pH of 7.4. Remember, a good buffer typically has a pKa close to the
pH you are trying to maintain.

3.

A

Consider that carbon dioxide dissolves in water to produce carbonic acid, which can then dissociate to produce H+:
CO2(g) + H2O(l)  H2CO3(aq)  H+ + HCO3 –(aq)
Therefore, when tissues release CO2 into the bloodstream, H+ is ultimately produced causing
the pH of the blood to decrease. In the lungs, HCO3 – and H+ re-associate, leading to the release
of CO2(g) driving the pH of the blood up again (choice A).
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4.

B

In the kidney, reabsorbed substances are taken back into the body from the filtrate, while those
that remain in the filtrate are excreted in the urine. For plasma pH to rise, a base must be reabsorbed or an acid must be excreted. Choices A and C do not represent normal physiologic functions of the kidney and can be eliminated. Even if they were possible, they would essentially
both represent the reabsorption of an acid because CO2 or H2CO3 would drive the equilibrium
in the passage to the left, producing more H+ in solution and lowering plasma pH. HCO3 –
(choice D) is the conjugate base of H2CO3, a weak acid, and therefore it has basic properties.
Excretion of HCO3 –, a base, will therefore lower plasma pH both directly and indirectly by
diminishing the buffering capacity of the body to all the CO2 produced by cellular respiration
(choice D can be eliminated). NH4+ is the conjugate acid of NH3, a weak base. Therefore, it has
acidic properties and its excretion will act to raise plasma pH.

5.

C

An ion that can buffer against acids and bases must have the ability to accept and donate a proton. The only ion given that can behave as both an acid and a base is H2PO4 – (choice C).
H2PO4 – → H+ + HPO42–
H2PO4 – + H+ → H3PO4

6.

B

Since the pH of blood is greater than 7, the concentration of OH– is greater than that of H+
(choice A is true and thus incorrect). If CO2 is not allowed to be exhaled from the blood, more
and more carbonic acid will be produced, making the blood more acidic, a condition called acidosis (choice C is true). An electrolyte is a compound that dissolves in water to produce a large
amount of ions. Since only about 1 out of 1000 molecules of a weak acid or a weak base form
ions, weak acids and bases are very poor (weak) electrolytes (choice D is true). Due to the presence of more OH– in blood (pH 7.4) than in pure water (pH 7.0), the common-ion effect tells us
that the solubility of Mg(OH)2 should be less in blood than in pure water (choice B is false and
therefore the correct answer here).

Passage 66
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1.

D

The initial pH of solution X is 10.7. Therefore, the dissolved solute must be a base. Acetic acid
(choice A) and ammonium nitrate (choice C) are weak acids. Ethanol (choice B) is a normal
alkyl alcohol, therefore its chemistry, including its pH, are very similar to that of H2O. The only
base given as a choice is ethylamine, choice D. With only a very few exceptions, a nitrogen atom
in any compound that is not positively charged—as in the case of the ammonium ion—will
behave as a base.

2.

A

The titration curve given in the passage indicates that the equivalence point of the titration occurs at pH 7. The titration of a strong acid with a strong base (or vice versa) has an equivalence
point which occurs at pH 7. The only strong acid given is choice A.

3.

B

Sodium chloride is a neutral salt. Therefore, as NaOH is added, the concentration of OH– will
not be affected by the presence of sodium and chloride ions. So as sodium hydroxide is added to
the solution, the pH rapidly increases from pH 7.
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4.

D

The conjugate base of a strong acid and the conjugate acid of a strong base form pH neutral
solutions. The conjugate base of a weak acid is basic, and the conjugate acid of a weak base is
acidic in solution. So Na+, I–, HSO4 – and NO3 – result in pH neutral solutions. The ferric, and
ammonium ions are weak acids, while the chlorite ion, ClO2–, is a weak base. Therefore, the
only basic salt is NaClO2.

5.

D

The pKa of the conjugate acid of solute X can be determined from the titration curve in the passage. First, the pKb for solute X is equal to the pOH of the solution when it is half titrated: half
the distance to the equivalence point on the x axis. At 25°C, the pKb of solute X plus the pKa
of solute X’s conjugate acid is equal to 14. While the pH axes are not explicitly marked off in
the graphs, we are told that the pH of the initial solution (beginning of the titration curve) is
10.7. Since the pH at the half-equivalence point is between 7 and 10.7, the pOH at this point is
between 14 – 10.7 = 3.3 and 14 – 7 = 7, so we can conclude that the pKb of solute X is between
3.3 and 7. Since the pKb is less than 7, the pKa of its conjugate acid must be greater than 7.

6.

D  The sum of the pKa of an acid (H2X) plus the pKb of its conjugate base (HX–) equals 14 at 25°C
—not the pKa + pKb of the same molecule (eliminating choice A). The Kw for pure water equals
10 –14 at 25°C or 298 K, not at 273 K (so choice B is eliminated). An electrolyte is a compound
that increases the electrical conductivity of water by producing lots of ions. Evidently, Solute Y
is the better electrolyte because the electrical conductivity of Solution Y is much greater than
that of pure water or Solution X (so choice C is eliminated). The boiling point (BP) of a liquid is
the temperature at which the vapor pressure of the liquid equals the atmospheric pressure. Since
the BP of Solution Y is greater than that of Solution X, the vapor pressure of Solution Y is less
than that of Solution X at every temperature (choice D).

7.

C

The solution with the greatest number of dissolved particles will have the lowest melting point.
Since the concentrations of all the solutions are identical, we must consider the number of ions
produced when each molecule dissolves. The dissolution of ammonium nitrate and sodium hydroxide produce two ions each, while the dissolution of barium chloride produces three ions.
Thus, choice C is best.

Passage 67
1.

C

The manometer and barometer are devices that measure pressure, and a buret is a glass tube that
is precisely marked to dispense accurate amounts of liquid. A pH meter converts the H+ gradient on the inside and outside of an electrode immersed in the test solution into an electrical
potential.

2.

A

Any equilibrium constant, including Ka’s, are only changed by a change in temperature (eliminating choices B and C). Among the remaining choices, choice A sounds the most plausible because an indicator is an acid or base, and in moderate concentrations, can behave as a reactant.
Choice D is untrue.

3.

B

The passage indicated that the pKa of an indicator is about equal to the mid-region of the pH
color change range. Therefore, since the pKa of thymol blue is about 2, the Ka of thymol blue
must be about 10 –2.
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4.

D

The passage tells us that an indicator is a weak acid or base. If the organic group R is not an acid
or a base, then the functional group explicitly given in the choices must be the acid or base part.
The carboxylic and sulfuric functional groups (choices A and B) are acidic, and the amino group
(choice C) is basic. But the methyl group (choice D) is as acid–base inert as any group of atoms
can get.

5.

A

In the passage, we are told that the human eye only detects an indicator’s color change when
one of the species outnumbers the other by an order of magnitude (means 10 times). If methyl
green is blue, then there are ten times more unprotonated molecules than protonated ones. Thus
the ratio of protonated to unprotonated molecules is 1:10 = 0.1.

6.

B

We want to use an indicator that changes color right around the pH where we expect the equivalence point. Based upon what we know about titrations, the titration of a weak base with a
strong acid has an equivalence point just under pH 7 (about pH 4 to pH 6). Therefore, the best
indicator to use would be methyl orange.

7.

B

Since pure alcohol has a pH similar to that of water, we can pretend that the solution is an aqueous solution. Methyl red is a weak acid with a pKa of 5 (so Ka = 10 –5):
Ka = [H+][A–] / [HA] = 10 –5
Solving for [H+], we find
Ka =
→

[H+ ][ A − ]
x⋅x
= 10−5 →
= 10−5
[HA ]
0.01− x

x2
≈ 10−5 → x 2 = 10−7 = 10 ×10−8
0.01
→ x = 10 ×10−8 = 3.2 ×10−4

So, pH ≈ –log(3.2 × 10 –4) ≈ –(0.5 – 4) = 3.5.

Passage 68
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1.

C

First of all, if we have 100 times more base in a solution than acid, the solution must be basic
(eliminating choices A and B). Because the Henderson–Hasselbalch equation has the unitless
term log ([base] / [acid]), as long as you know the ratio of base to acid (100 to 1 in this example)
and the pKa (about 9 for ammonium), you can solve for the pH: pH = 9 + log 100 = 9 + 2 = 11.

2.

B

A buffer must consist of the conjugate pairs of a weak acid and base. Hydrochloric acid is a
strong acid, and sodium hydroxide is a strong base (so choices A and D are eliminated). The
conjugate base of HF is F–, not the covalent compound CH3F (choice C is eliminated). Choice
B is correct since the weak base bisulfite ion, HSO3 –, is the conjugate base of the weak acid sulfurous acid.
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3.

D

Adding a strong base will reduce the concentration of H+, shifting the equilibrium to the right
(so choice A is OK). The neutralization reaction between any base and acid is an exothermic
reaction (so choice B is OK). By shifting the reaction to the right, neutral acetic acid is converted into the acetate ion. The electrical conductivity of a water solution is proportional to the
concentration of dissolved ions (so choice C is OK). Finally, whenever a strong base is added to
a solution, whether the solution is buffered or not, the pH must increase: choice D.

4.

C

The conjugate acid of a metal hydroxide is nothing more than the metal ion with the same
charge. Choice C is a hydrated strontium ion, nothing more than Sr2+ in disguise.

5.

A

Since pKa = –log Ka, the pKa for sulfurous acid = –log(1.5 × 10 –2). Since 1.5 × 10 –2 is between
10 –1 and 10 –2, the pKa of sulfurous acid must be between 1 and 2.

6.

D

The reaction is
HCl + H2O → H3O+ + Cl–
HCl must be a better H+ donor (have a smaller pKa) than water, and water must be a better H+
acceptor (have a smaller pKb) than the chloride ion. None of choices A, B, or C correctly states
these relationships, so choose D.

7.

A

This type of question is often asked because students regularly get it wrong. One HCl will react
with one NH3 to give one NH4Cl. So in this reaction the number of ammonium chloride molecules will be the same as the original number of HCl and the original number of NH3. However,
we are mixing two solutions with identical volumes, so in essence, we are doubling the volume
of the solution. Thus if the number of NH4Cl is the same as the initial number of HCl, but the
volume is doubled, the solution will be half as concentrated (choice A).

Passage 69
1.

B

Since the given titration curve has two equivalence points (points C and E), this is a diprotic
acid.

2.

D

Since the “p” in expressions like pH, pKa, etc. means “take the –log of what follows,” the
Henderson–Hasselbalch equation is
[base ]
)
[acid ]
[ base ]
)
= −(log K a − log
[acid ]
[acid ]
= −(log K a + log
)
[base]
[acid ]
)
− log[H + ] = − log( K a ⋅
[base ]
[acid ]
.
∴ [H + ] = K a ⋅
[base ]

− log[H + ] = − log K a − ( − log
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3.

B

As indicated in question 1, this acid is diprotic (choices C and D are eliminated). Both equivalence points occur above pH 7, so both acid protons are weak. Therefore, the correct choice
must be sulfurous acid.

4.

A

Point B is the pKa for the first proton, point D is the pKa of the second proton, and point E is the
equivalence point of the second proton. Recall that the pKa points are found on the flat domains
of a titration curve where the buffering capacity of the solution is maximum, and equivalence
points come at the steepest part where the pH of the curve is very sensitive to the addition of
more acid or base.

5.

B

The maximum buffering capacity of a solution is at a pH that equals the pKa of the acidic buffering species. According to the Henderson–Hasselbalch equation, the occurs when [base] equals
[acid].

6.

B

A polyprotic base is one that can accept two successive protons. Ammonium hydroxide (choice
A) and ammonia (choice C) are both monoprotic bases. Note that ammonia in water is the same
thing as ammonium hydroxide, just like H+ in water is understood to be the same thing as H3O+.
Choice D is not a base at all—in fact, it’s an unconventional (but correct) way of expressing the
formula for sulfuric acid. The only polyprotic base is sodium oxide (choice B). Sodium oxide
reacts with water in the following way:
Na 2O + H2O → 2 NaOH
So each mole of Na 2O can consume two moles of acid.

Passage 70
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1.

B

The isoelectric point, pI, for an amino acid with only one acid and base group is the average of
the pKa’s. The average of 2.2 and 9.2 is 5.7.

2.

D

The pH of a 1.0 M KOH solution is 14. So for valine, both the COOH group and the amino
group are deprotonated (COO – and NH2) in this solution. Therefore at this pH, the overall
charge of the valine is negative, and it will be attracted to the positive plate (choice A is eliminated). Asparagine only has two pKa’s, hence it has only two acid–base groups: the COOH
and the NH2. Therefore, the amide group must not be basic or acidic (moreover, in organic
chemistry, you should know that esters and amides are not acidic or basic functional group. The
reason being that unlike amines, the lone pair of the nitrogen atom spends a significant amount
of time participating in a p bond with the carbonyl (C=O) carbon. Thus, choice B is eliminated.
When pH = pI, the amino acid has no net charge and will not migrate in an electric field (choice
C is eliminated). At very low pH, all groups are protonated (COOH and NH3+), so valine has a
net positive charge and will migrate towards the negative plate.

3.

D

At a pH of 9.5, the cysteine and the carboxylic acid groups are mostly deprotonated because
their pKa values are less than the surrounding pH. However, the amino group should still be
mostly protonated because its pKa value is more than the surrounding pH.

© The Princeton Review, Inc.
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4.

B

The pKa of the carboxylic acid group of asparagine is 2.0 according to the table. By definition,
at pH = pKa the [conjugate acid] = [conjugate base], so choice A is a true statement. Thiols are
more acidic than corresponding alcohols, so choice C is a true statement, and amines are Lewis
bases, so choice D is a true statement. However, the hydroxy group in serine, just like all other
normal alcohol groups, is not a strong acid, so choice B is the false statement here.

5.

D

The pH of a 1.0 M solution of NaOH is 14. If 90% of the NaOH is neutralized and the volume of the solution does not change (dissolving gases in solution does not affect the solution
volume), then the [OH–] of the remaining base must be 10% (one-tenth) that of the original.
Therefore, the pOH goes down by log(10 times), or one unit. The pH of the remaining solution
is 14 – 1 = 13.

Passage 71
1.

C

∆Hrxn is the difference between the total ∆Hf of the products and the total ∆Hf of the reactants.
Thus,

∆Hrxn = Σ(∆Hf, products) – Σ(∆Hf, reactants) = (–110.5 kJ/mol + 0 kJ/mol) – (0 kJ/mol – 241.8 kJ/mol)
= 131.3 kJ/mol
2.

D

According to the data given with the question, the total energy released by the combustion of
one mole of CO and one mole of H2 is (283 kJ) + (241.8 kJ) = 525 kJ. Thus, if two moles of each
are consumed, then the energy released is twice this value: 1050 kJ.

3.

B

According to Le Châtelier’s principle, increasing the pressure shifts the reaction to the side with
fewer gas molecules. The water gas reaction has one gas molecule on the reactant side but two on
the product side. Therefore, the reaction will shift in the reverse direction, eliminating choices
A and C. Since decreasing the number of gas molecules leads to a decrease in the entropy of the
system, choice B is correct.

4.

B

For elements in their standard state, ∆Hf is defined to be zero.

5.

D

Since the products have more energy than the reactants, this reaction must be endothermic.

6.

C

The total number of moles of gas in this system is 12. Since there are 3 moles of oxygen, oxygen
accounts for 3/12 = 1/4 of the pressure. Thus, the partial pressure of O2 is (1/4)(800 torr) = 200
torr.

7.

D

No calculation is required if you realize that the water gas reaction must involve an increase in
entropy since the products (which are both gases) are more disorganized than the reactants (a
solid and a gas). Thus, ∆S° must be positive.

8.

B

Choices A, C, and D can be eliminated, because these are all kinetic factors with no influence
on the thermodynamics of the reaction. Since ∆G = ∆H – T∆S, the value of T (choice B) will
affect ∆G.
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Passage 72
1.

B

All of these choices sound good; A, C, and D are true statements. However, only the entropy of
simple, chemically pure elements is zero at 0.0 K (choice B).

2.

A

The reaction 2 H2 + O2 produces 2 moles of H2O. We use ∆G°rxn = G° f (products) – G° f (reactants). Since
pure elements in their standard state have G° f = 0, ∆G°rxn = 2G° f(water) = –457.2 kJ·mol–1.

3.

C

A positive ∆Srxn means that the entropy of the products is greater than that of the reactants, i.e.,
you’re getting more disorganized. Keeping in mind that gases typically have much more entropy
than liquids or solids, choices A and B are processes with large negative ∆Srxn. While diamond
has less entropy than graphite (choice D has a slight positive ∆Srxn), this choice pales in comparison to the process of converting solid carbon dioxide to carbon dioxide gas. Choice C is the best
choice.

4.

C

The question tells us that oxidizing agents can be recognized because they have two or more
highly electronegative atoms directly bonded together. Choices A and B only have one highly
electronegative atom each (Br and N). Neither boron nor hydrogen are highly electronegative,
and in fact BH3 is a known reducing agent. Hydrogen peroxide is a powerful oxidizing agent
because its structure is H–O–O–H; the two oxygen atoms are directly bonded together (choice
C). This rule is very useful; you might want to keep it in mind!

5.

C

If each H atom has an oxidation state of +1, the total of the oxidation states of the two N atoms
must be –4 (so that the molecule has a net oxidation state of zero). Therefore, each N atom has
an oxidation state of –2.

6.

D

Since ∆Hrxn = Hf (products) – Hf (reactants),we have the following for the reaction of hydrogen and bromine to make hydrogen bromine:
DHrxn = 2·Hf (HBr) – (Hf (H2) + Hf (Br2))
The question tells us that Hf (HBr) = –36 kJ/mol. Hf for a pure element in its natural phase is 0.0
kJ/mol at standard conditions. So Hf (H2) = 0 kJ/mol. However, the natural phase of bromine
under standard conditions is liquid, not gas—so in this question Hf (Br2) ≠ 0.0 kJ/mol. Therefore,
unless we are told what the Hf (Br2) for gas phase bromine is, we cannot calculate ∆Hrxn.

7.
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First of all, an equilibrium constant must always be positive (so choices A and B are eliminated).
Evidently, the reaction of methane and oxygen occurs spontaneously and essentially goes to
completion. Since Keq = [products] / [reactants], and very little reactants remain once the reaction is initiated (that’s why this reaction is tested as a potential rocket fuel), the [products] are
much, much greater at equilibrium than the [reactants]. Therefore, Keq must be very large.

General Chemistry Solutions

Passage 73
1.

B

If the conversion of heat to electrical energy was complete (100% efficient), then the temperature of the intake and outflow tertiary water should be the same. It is not (choice A is eliminated). The reaction inside all nuclear reactions is fission, not fusion (choice C is eliminated).
Choice D is backwards. Electric turbines are used to convert mechanical energy (the spinning
propeller driven by the pressure of the steam) to electrical energy.
Atmospheric pressure at sea-level is 760 torr. At high enough temperatures, the vapor pressure of
water is much greater than this (choice B). Recall that water does not boil until the vapor pressure equals the external pressure. As long as the pressure over the water inside the pipes is greater
than the water’s vapor pressure, it will remain a liquid.

2.

A

Before passing by the turbine, the steam has some amount of internal energy. As it passes
through the turbine, some of its internal energy is converted into electrical energy and transported away (as electricity). Therefore, after the steam has passed through the turbine, it has to
have less internal energy than when it started: ∆E is negative.

3.

B

If F (Z = 9) were to alpha decay, the daughter nucleus would be N (Z = 9 – 2 = 7), and the mass
number would decrease from A = 19 to A = 19 – 4 = 15 (this eliminates choice A). If 15O decayed
by positron emission, the daughter nucleus would have Z = 8 – 1 = 7, and the mass number, A
= 15, would remain unchanged (this eliminates choice C). Finally, if 15O experienced electron
capture, the net effect is the same as positron emission: The atomic number would decrease by 1
(to 8 – 1 = 7, which is N), and the mass number (= 15) would remain the same (this eliminates
choice D). The correct answer must be choice B. If 14C beta decays, its atomic number will increase by 1 to 6 + 1 = 7, which is nitrogen, but the mass number would stay at 14. That is, 14C
beta decays to 14N, not to 15N.

4.

D

As the temperature of a substance increases, the number of intermolecular forces decreases
(choice A is just not true). Furthermore, as the temperature of a substance increases, it expands,
so the spacing between molecules increases (choice B is not true). The spacing cannot increase
in this particular situation, but it certainly will not decrease. The passage indicates that the
primary coolant water is pressurized so it won’t boil (choice C is eliminated). As one increases
the temperature of a substance, the molecular motion (average kinetic energy) of the molecules
increases overcoming ordering intermolecular forces resulting in higher entropy (choice D is the
best answer).

5.

A

Based upon the information in the question, we can write:
H+ + OH– → H2O + heat, DHrxn < 0 (exothermic)
Increasing the temperature will shift the reaction to the left, increasing [H+] and [OH–]. Since
the pH is nothing more than –log[H+], at high temperatures, the pH of water is less than seven.
(All K ’s are a function of temperature [choice B is eliminated]. Pressure does not affect reactions
that do not have gaseous products or reactants [choice D is incorrect].)
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6.

A

This reaction is a oxidation–reduction (redox) reaction because the oxidation state of the sodium
and hydrogen atoms go from 0 to +1 and +1 to 0, respectively. Hint: The production of hydrogen gas is almost always a dead give-away that a chemical reaction is a redox reaction (choice A).
Choices B and C are eliminated because these reactions do not involve the change in oxidation
states of any of the participating atoms. A combustion reaction is a subclass of redox reactions in
which oxygen gas is converted to carbon dioxide and/or water (choice D is not applicable here).

7.

D

The heat content of a substance is q = mass·Csp·∆T. The mass of 1.0 L of water is 1.0 kg or 1000
grams (recall that each mL of water has a mass of one gram). The C sp of water equals 1.0 cal/
(gram·°C), and ∆T equals 8°C (= 31°C – 23°C). Therefore, the heat content of 1.0 L = 1000
grams of tertiary coolant water is 8000 cal

Passage 74

482

|

1.

D

The compressed refrigerant will release more energy to the environment when the environment
is cooler (so choice A is eliminated). The passage tells us that the compressed gas has to be allowed to release its heat to the surroundings. Therefore, you do not want the gas to be insulated
from the environment (choice B). Again, the compressed gas has to be allowed to release its heat
to the surroundings. Thus the compressed gas should be allowed to equilibrate with the surroundings (choice C is eliminated, choice D is the best).

2.

C

The passage indicates that the refrigerator, just like all other heat engines (system in which
work and heat are converted to one another and then back again), is not completely efficient.
Therefore, energy (in the form of electrical current) must be periodically added to keep the cycle
going. So while the cooling inside the refrigerator is counteracting the heat released by the compression coils, over three days, the additional energy is getting pumped into the closet from the
electrical outlet causes the temperature to go up.

3.

D

This question is easy if you remember that expanding gases cool, and compressing gases warm.
When compressed air escapes to the low pressure out here, 760 torr, it must cool (choice A is
OK). When air in pressurized, it’s compressed, and it has to heat up (choice B is OK). The pressure at any depth in the ocean is greater than the surface pressure. Therefore, as a gas bubble
rises through the water column, it is exposed to less pressure, and it expands—and cools (choice
C is OK). The boiling point of a liquid is that temperature at which the vapor pressure of the
liquid equals the external pressure. A glass of water at room temperature will boil if the external pressure can be reduced to 24 torr (placed under a vacuum). As defined by DHvaporization, the
vaporization of a liquid to a gas is an endothermic process. Therefore, when liquid water evaporates (or boils), the remaining liquid is chilled (choice D is backwards). The body takes advantage of this chilling effect during perspiration.

4.

C

CF2Cl2 is not an ion, so it cannot experience ionic forces (choice A is eliminated). In order to
experience hydrogen bonding, the molecule must at least have one hydrogen atom (choice B is
eliminated). CF2Cl2 is a slightly polar molecule since fluorine is more electronegative than chlorine. Therefore, considering that dipole forces are stronger than van der Waals interactions, the
best choice is C.
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5.

A

This question is asking us to identify an endothermic process. Freezing (liquid to solid), condensation (gas to liquid), and deposition (gas to solid) are all exothermic processes. Sublimation
(solid to gas) requires the absorption of energy from the environment.

6.

A

The change of the internal energy of a gas may be written as DE = q + w = heat + work. Therefore, the compressor can increase the E of a gas by doing work on that gas (choice A). Choice C
is a fancy way of saying that the gas has been allowed to expand, a process that reduces the internal energy of the gas (choice C is eliminated). The compressor converts electrical energy into
mechanical energy (choice D is wrong). Moreover, there is no such term as pressure energy.

Passage 75
1.

B

By the ideal gas law we know that is T is constant, and P is increased, V must decrease. Answer
choices A and D say the same thing, since average kinetic energy of a gas is a measure of its temperature; both are wrong as the system is isothermal.

2.

B

If the diameter is doubled, then the area increases by a factor of 22 = 4. If the force is doubled,
then the pressure—which is force per area—will become 2/4 = 1/2 as great.

3.

D

Adiabatic (from the Greek: a, not + diabatos, passable) walls are defined as barriers that do not
permit the transfer of heat. Thus any heat produced by a system will remain in the system.

4.

C

Equilibrium D is in solution (liquid phase) so changes in pressure will have little effect on it. Of
the remaining gas reactions, only Equilibrium C has a net change in the number of gas molecules, so this equilibrium will be affected most by compression and the corresponding increase
in pressure.

5.

C

From the ideal gas law, PV = nRT, we see that P is proportional to T if V is held constant. Thus,
T will double if P is doubled.

Passage 76
1.

A

Since the metal was initially submerged in boiling water, Tinitial (metal) = 100°C. At equilibrium,
Tfinal (metal) = Tfinal (water)
so using the equation given in the passage and the data for Metal #1 from the table, we find
Cp =

2.

C

−100 g × 4.2 J/g°C ×(35.8°C − 25.6°C ) (420)(10) J
J
J
≈
≈3
=3
20 g ×(35.8°C − 100°C )
(20)(64) g°C
g°C
gK

The walls of a good coffee cup are insulators, that is, they prevent heat transfer with the environment. This is an adiabatic (or closed) system.
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3.

B

Since the table indicates that ∆Twater is the greatest and ∆Tmetal is the smallest for Metal #2, the
equation given for Cp tells us that this metal will have the greatest specific heat, Cp. In other
words, Metal #2 is most resistant to changes in temperature.

4.

D

While coffee cups are useful for their purpose, they cannot handle extreme conditions. For this
reason, specialized equipment is needed to operate under the conditions described in choices A,
B, and C.

5.

D

The heat capacity of one gram of a substance is called the material’s specific heat. Thus,
heat capacity
= specific heat
mass

Passage 77
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1.

D

Given that the oxidation states for H and O here are +1 and –2, respectively, the oxidation states
of S in choices A through D are 0, +4, +5, +6, respectively. Since the oxidation state of S in SO3
is +6, the answer must be D.

2.

A

The question states that HSO3 is a radical. Therefore, the correct Lewis dot structure must have
an unpaired electron, so choices B and C are eliminated. Finally, the total charge of all atoms
must equal zero since HSO3 is neutral, eliminating D. Choice A is the answer.

3.

A

According to the question, a bond is formed, but no bonds are being broken in the reaction.
Since bond formation always releases energy, ∆Hrxn must be negative. Choices C and D are
eliminated. As for the change in entropy, ∆Srxn, the combination of two molecules into one definitely represents a decrease in entropy, so choice A is correct.

4.

D

Each change by 1 in the pH value corresponds to a change by a factor of 10 in [H+]. Since 5.5 – 2 = 3.5,
the factor change in [H+] must be greater than 103 = 1000, so D is the only possible correct
choice here. (More precisely, the change in [H+] is 103.5 = 103 × 100.5 ≈ 1000 × 3 = 3000.)

5.

D

By stating that Reaction (1a) is slow, the question is saying that Reaction (1a) is the ratedetermining step for the overall Series 1 reaction. Therefore, only changes in reactants in Reaction (1a), specifically COS and hv, will have an impact on the rate. Choice D is correct, because
O2 is not a reactant in the rate-determining step.

6.

A

Choice B is eliminated because the passage states that COS is produced by microorganisms.
Furthermore, choice C is wrong because SO2 actually is a reducing agent in Reaction (3a). Also,
both oxidation pathways of COS require UV light, either directly in Series 1, or indirectly
through the photolysis of ozone to produce O in Series 2, so choice D is wrong. However, the
statement in choice A is supported since the passage states that sulfuric acid droplets rain out of
the stratosphere. The process of raining out, also called sedimentation, is caused by higher density particles dropping through a lower density fluid.
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7.

C

Recall that H2SO3 is a weak acid and H2SO4 is a strong acid. Therefore, H2SO3 does not completely dissociate into H+ and HSO3 –, eliminating choices A and B. According to Le Châtelier’s
principle, the complete dissociation of H2SO4 into H+ and HSO4 – would, in effect, decrease
the concentration of undissociated H2SO4. Therefore, decreasing the amount of undissociated
H2SO4 will shift Equilibrium (2) to the right (choice C).

Passage 78
1.

B

This question requires the understanding of the diagrams in the passage. Foremost, the passage
says that without the greenhouse effect of clouds and CO2, the temperature of the surface would
be –20°C. Life as we know it requires liquid water to metabolize and grow. Therefore choice A is
OK. Furthermore, clouds reflect 25% of the sunlight reaching the Earth. Therefore, during the
day, clouds end up cooling the surface (choice C). Obviously, CO2 must interact with IR and/or
microwaves because it is a greenhouse gas.
The passage suggests that the greenhouse effect of clouds ends up warming the surface at night
(last paragraph). Choice B is neither correct nor suggested by the passage.

2.

B

By definition, when the net heat (energy) flux is into the system, q is positive (choice B). Remember, ∆E = q + w (so q = ∆E – w), so if the system is absorbing energy, DE is positive, thus q
must be positive because no work is being done in this case.

3.

C

The key to getting this one is if you realize that just as much energy is being absorbed by the
Earth as is being radiated to space, and that each individual IR/microwave photon has less energy than each individual visible photon. Based upon this, more IR/microwave photons must be
emitted by the Earth because each photon carries less energy than each visible photon (choice
C). Note that while visible photons are only absorbed half of the day (during daylight hours),
the Earth is constantly emitting IR/microwaves in an attempt to cool off (choice D).

4.

C

The question tells us that E = constant × T  4. Therefore, as T gets larger, E gets much, much
larger.

5.

A

We have all experienced the fact that we lose body heat faster the colder the air is in contact
with our skin. This is the sensible heat flux talked about in this passage. Therefore, as the difference between the surface and air temperatures gets larger, so too should the heat flux q (choices
B and D are eliminated). Furthermore, when there is no difference between surface and air temperature, there should be no net heat flux (choice C).

6.

B

Latent heat is the heat in water vapor that was absorbed during evaporation. Therefore, a calculation of the latent heat flux requires knowledge of the amount of heat required to evaporate
water: ∆Hvaporization (choice B).

7.

B

This question is asking us to do nothing more than to figure out how CO2 and H2O are alike.
While water is a polar molecule (meaning that it has a permanent dipole moment) that experiences hydrogen bonding, carbon dioxide is a nonpolar molecule that has van der Waals forces
(choices A, C, and D are eliminated). The only way carbon dioxide and water are alike is that
they both have polar covalent bonds. Recall that CO2 is not polar overall because it is a linear,
symmetric molecule (choice B).
© The Princeton Review, Inc.
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1.

D

Sodium metal is a strong reducing agent. It will only react, and explode, in the presence of an
oxidizing agent. The passage tells us that an oxidizing agent is a molecule that has two or more
highly electronegative atoms covalently bonded together. Therefore, sodium metal will react if
mixed with bromine liquid (choice B) or oxygen gas (choice C), because these compounds are
strong oxidizing agents. Although water is a very weak oxidizing agent, sodium metal explodes
on contact with water (a fact you should know). The correct answer is choice D because neon, a
noble gas, is inert to all chemical reactions.

2.

B

According to this question, the oxidant in household bleach contains an electronegative atom
with a +1 or +2 oxidation state. Choice D is eliminated because table salt, NaCl, is not an oxidizing or reducing agent. For all of the remaining compounds, we have to determine the oxidation states. Since sodium has an oxidation state of +1, and each O atom has a –2 oxidation state,
the oxidation state of iodine in NaIO3 (choice A) is +5, and the oxidation state of chlorine is +1
in NaClO (choice B) and +7 in NaClO4 (choice C). Therefore, the oxidant in bleach must be
sodium hypochlorite, NaClO.

3.

A

The passage tells us that the energy liberated by a redox reaction depends directly upon the
strengths of the oxidant and the reductant. So a reaction which is more exothermic than H2/
O2 must involve a better reducing agent, a better oxidizing agent, or both. Choices C and D are
incorrect because in both cases, we use the same oxidant, O2, but we substitute the weak reducing agents Cl2 and N2 for H2. In choice B, we use the same reductant, H2, but a weaker oxidant,
Cl2. The best choice is choice A. F2 is one of the most powerful oxidants commercially available
because fluorine has the highest electronegativity of all the elements.

4.

C

Since gunpowder is an explosive, it must consist of an oxidant and a reductant. Both elemental carbon and sulfur are moderate reducing agents, so an oxidizing agent is required to give
 otency to the mixture. Choice D is neither an oxidizing nor a reducing agent, choice A is a
p
good reducing agent, and choice B is a very, very mild oxidizing agent. Potassium nitrate, on the
other hand, is a strong oxidizing agent because the electronegative nitrogen in nitrate is in a very
irritated +5 oxidative state. Therefore, choice C is best.

5.

C

Three of these choices are not explosives, i.e., are not mixtures of a reducing agent and an oxidizing agent. Choice A is a mixture of two very strong oxidizing agents, choice B is a mixture
of a good reducing agent (methane) and a weak one (ammonia), and choice D is a mixture of
a non-reactive salt and a mild reducing agent. The Mn atom in the permanganate ion, MnO4 –,
has an oxidation state of +7, making it one of the strongest known oxidizing agents. Manganese
metal (like all metals) is a reducing agent. Heat the mixture in choice C and BANG!

6.

A

Since HCNO is not an oxidizing agent, the electronegative atoms N and O must not be directly
bonded to one another. In addition to this, choices B, C, and D violate the valence requirements of hydrogen, oxygen, nitrogen, and carbon, which lead these elements to form one, two,
three, and four covalent bonds, respectively.
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7.

D

This is a classic redox tug-of-war question. The first problem is to decide who’s pulling on whose
electrons. You should realize that HCl(aq) and ZnCl2(aq) are really H+, Cl–, and Zn2+ in solution. With this in mind, it is easier to figure out that chloride is a spectator ion; it doesn’t affect
anything (eliminating choice A). Next, it is apparent that the H+ ion is pulling away (oxidizing)
the zinc’s electrons, but it cannot take away the copper’s electrons. This means that H+ is a better
oxidizing agent than Zn+ or Zn2+ but is not as strong as the Cu+ ion. Therefore, choices B and C
are incorrect and choice D is the best answer.

8.

A

The point of this question is to find the molecule in which the oxygen atom is in the highest
(meaning most positive) oxidation state. Oxygen will only have a positive oxidation state when
ionized or when it is bonded to a more electronegative atom. There is only one element that has
a higher electronegativity than oxygen, and that’s fluorine. So even without determining a single oxidation state, the answer must be choice A. The oxidation state for O in oxygen difluorine
(F2O) is +2, in nitrous oxide (N2O) it’s –2, in superoxide ion (O2–) each O has oxidation state
–1/2, and in peroxide ion (O22–) each O has oxidation state –1.

Passage 80
1.

A

The trick here is to realize that in any oxidation, the oxidation state must become more positive,
so choice A is the only possible correct answer.

2.

C

This is a common type of MCAT question. Three of the statements are scientifically incorrect.
Choice A is incorrect because sulfur atoms are larger than oxygen atoms, not the other way
around (size increases as one moves down and to the left in the periodic table). Since O has a
higher electronegativity than S, choice B is incorrect because this statement contradicts information given in the question itself. Choice D is incorrect because oxygen has a much better ability to attain its octet; after all, this is a definition of electronegativity. Choice C is correct: Larger
atoms may form stronger covalent bonds because of a larger area of electron overlap.

3.

B

The oxidation state of a monatomic ion is always equal to the charge of that ion. Since the ion
Fe2+, which goes by the name ferrous (as in Bueller) or iron(II), has a +2 charge, its oxidation
state must be +2.

4.

D

Don’t do things the hard way before thinking about what the question asks. If you tried to
calculate oxidation states, you’d have a difficult task for this type of molecule. Here’s a simpler
approach: During the oxidation of NADH (the opposite reaction from the one given in the passage), the nitrogen is going from being neutral to being a cation. Therefore, in the reaction, the
aromatic nitrogen atom is losing some electron density and becomes a cation.

5.

A

The question tells us that the metabolism of proteins goes to completion. What this implies is
that the carbon atoms which make up most of the mass of a protein will be in their highest oxidation state, just like carbon in CO2. The highest possible oxidation state of carbon is +4, so the
trick is to find the carbon compound with a carbon in the oxidation state +4. To determine the
oxidation state of a carbon atom, use the method we used in the solution to the first question in
this passage. When you’ve done this, you will find that the correct answer is choice A, urea. The
oxidation state of the carbon in choices B and D are +3 and 0, respectively, and for nitrogen in
choice C, it is –3.
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6.

C

Any protein that is going to interact with a chemical species must be chemically compatible
with that species. The protein must have a hydrophilic (water-attracting) channel, because H+,
like all ions, is strongly hydrophilic. Secondly, in order for the proton to pass through the channel, the proton must not be repelled by it. Therefore, the channel must not be positively charged.
The best answer is choice C.

Passage 81
1.

A

Cell voltage (E) and the Gibbs free energy change (∆G) are related by the equation ∆G = –nFE.
Therefore, when E is positive, ∆G is negative, which indicates that the reaction is spontaneous.

2.

A

Electrolytic cells employ electricity generated somewhere else to drive a nonspontaneous chemical reaction. The only nonspontaneous reaction listed in the passage is Reaction 1, since it is the
only one with a negative cell voltage.

3.

D

Since [H+] and pH follow opposite trends, choices B and C can be eliminated. As Reaction 3
proceeds, [H+] should decrease, which results in a higher pH.

4.

D

The number of electrons flowing in the cell has nothing to do with the cell potential. This eliminates choices A, B, and C. Since both zinc and magnesium lose two electrons per atom to form
Zn2+ and Mg2+, respectively, equal numbers of electrons will be produced if equal amounts of
the metals are reacted.

5.

D

Any equilibrium with gases present will be affected by changes in pressure resulting in change
of concentration if the numbers of gas molecules on the reactant and product sides are different.
Since this is the case in all the reactions listed in the passage, the answer is choice D.

Passage 82
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1.

B

Since Q takes the form of K (that is, it is the ratio of the concentration of the products over
those of the reactants), Q will get larger as reactants are converted into products. As Q gets
larger, log Q gets larger, so the term subtracted from E° in the Nernst equation will increase,
causing a decrease in E.

2.

C

The number of electrons exchanged in Reaction 2 is two.

3.

C

The concentration terms for solids do not appear in the reaction quotient. Therefore, changing
the amount of solid will not change Q. If Q does not change, then the Nernst equation implies
that E will not change either.

4.

C

If the concentrations of all the aqueous species is 1 M, then Q equals 1. Since log 1 = 0, the
term subtracted from E° in the Nernst equation is 0, so E = E° = 1.56 V.

5.

D

Since log Q can be positive, negative, or zero (depending on whether Q is greater than, less than,
or equal to 1, respectively), the Nernst equation implies that E can be less than, greater than, or
equal to E°.

© The Princeton Review, Inc.
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Passage 83
1.

B

The salt bridge is not the site of chemical reactions; this eliminates choices C and D. Instead,
the salt bridge allows for the gradual migration of ions from one compartment (half cell) to the
other.

2.

D

Since anions migrate toward the anode, and cations migrate toward the cathode, choices A and
C are eliminated. In the zinc–copper cell, Zn gets oxidized and Cu gets reduced. Since the
cathode is the site of reduction, the copper electrode is the cathode in this cell, so the answer is
choice D.

3.

D

Since the cell actually produced a current, its voltage must be positive; this eliminates choices A
and B. Since the two half-reactions in this cell are
Zn(s) → Zn2+(aq) + 2e–

E° = +0.76 V

Cu2+(aq) + 2e– → Cu(s)

E° = +0.34 V

the total cell voltage is +1.10 V, choice D.
4.

C

An oxidizing agent gets reduced, that is, it gains electrons. Choices B and D can be eliminated
since neither Li(s) nor Ag(s) gain electrons to become anions. According to Table 1, the reduction of Li+(aq) is nonspontaneous, while that of Ag+(aq) is spontaneous. Thus, choice C is the
answer.

Passage 84
1.

C

According to Table 2, the cell always had a positive potential, which indicates that the reactions
were spontaneous. This eliminates choices A, B, and D, and supports choice C.

2.

D

The anode is always the site of oxidation, and the cathode is always the site of reduction, so
choices B and C are eliminated. In a voltaic cell, the anode is labeled as the negative electrode
since free electrons are being formed there due to oxidation (and the cathode is the positive electrode since free electrons are consumed there by the reduction reaction). (Note: In an electrolytic
cell, these designations are reversed: that is, the cathode is the negative electrode and the anode
is the positive electrode.)

3.

A

If electrons flow from the Zn electrode to the M electrode, then Zn is getting oxidized, and M
is getting reduced. The unknown metal M cannot be Li, Ca or K since the reductions of Li+(aq)
and K+(aq) have large negative potentials (see Table 1). This eliminates choices B, C and D.
Since the oxidation of Zn(s) has a potential of +0.76 V, we are looking for a reduction that has a
potential of +0.52 V, to give a total cell potential of +1.28 V, as stated in the passage. The reduction of Cu+(aq) to Cu(s) has such a potential.
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4.

D

Since the reactions in Experiment 2 actually happened, they must have been spontaneous; this
immediately eliminates choices A and B (since spontaneous reactions to do not have positive
∆G’s). Furthermore, the equilibrium of a spontaneous reaction favors the products, so Keq will
be greater than 1.

5.

B

Table 2 indicates that the battery voltage decreased as the initial [Zn2+] increased. Therefore,
choices A and C are false, and choice B is true. There is no evidence that choice D is true.

Passage 85
1.

A

The strongest oxidizing agent is the one with the greatest tendency to be reduced. Comparing
Reactions 1, 2, and 3, it is clear that VO2+ has the highest reduction potential because V has a +5
oxidation state in this molecule.

2.

D

The passage states that it takes a stronger reducing agent to “bring about the reduction to
V(II) . . . than to V(IV).” Therefore, it seems likely that an extremely strong reducing agent
would indeed produce V(II), which is the lowest oxidation state.

3.

A

Each vanadium atom must lose three electrons to go from vanadium(II) to vanadium(V), but
only one electron to go from vanadium(IV) to vanadium(V). Therefore, the number of electrons
that must be removed from vanadium(IV) is one-third the number that must be removed from
vanadium(II) to achieve the fully-oxidized vanadium(V) state. So, if 6 moles of permanganate
ion are required for the complete oxidation of vanadium(II), only 2 moles will be required for
the complete oxidation of vanadium(IV).

4.

A

In a redox reaction between MnO4 – and VO2+, the permanganate ion gets reduced and the vanadyl ion gets oxidized. This is because the reduction potential for MnO4 – (1.51 V) is greater than
the reduction potential for VO2+ (0.36 V). The oxidation of VO2+(aq) is the reverse of Reaction
1, so the oxidation reaction has a potential of E° = –1.00 V. The reduction potential for MnO4 –
is given in Reaction 4 as E° = +1.51 V. Therefore, the total cell potential is +0.51 V. (Remember:
When calculating the total cell voltage, the E° values for the half-reactions are not multiplied by
any stoichiometric factors that are used to balance the numbers of electrons gained and lost in
the overall redox reaction. Therefore, there is no need here to balance the half-reactions.)

5.

C

The oxidation number of each oxygen atom in MnO4 – is –2, and the overall oxidation number
for the ion must be –1. Therefore, the oxidation number of Mn is x, where x + 4(–2) = –1. This
gives x = +7.

Passage 86
1.
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The voltage of identical cells that are wired in series is equal to the sum of the individual cell
voltages. The voltage of a single standard zinc fluorine cell, Eocell, is +2.87 V – (–0.76 V) = 3.63 V.
Therefore, the Vtotal of three cells must be 3.63 V + 3.63 V + 3.63 V = 10.89 V.

General Chemistry Solutions

2.

D

The current of a number of identical cells wired in series is always equal to the current of one of
the separate cells. However, this choice does not appear here. The numbers given in choices A
and B are grabbed out of thin air, and choice C is an incorrect statement; a cell’s voltage cannot
be used to predict the current. In order to determine the Itotal, you must be provided with the
current of a single cell, or at the very least, more information that can be used to determine Icell.

3.

D

The passage indicates that in a single cell, the current is a function of the surface area of both
electrodes. Therefore, in constructing a high current battery, you would wish to use high surface
area electrodes. The surface area of piece of foil would be greater than that of the other choices.

4.

B

Based upon the passage, an ampere was defined as being the amount of charge (coulombs) which
flows per second (sec–1). Thus 1 A = 1 C·sec–1.

5.

C

This is a tricky question. Choice A is a true statement: The total current output of a battery is
dependent upon the number of moles of the reactants, nothing else. Choice B is correct: Lithium–fluorine batteries are the highest voltage, single-cell battery possible, 5.90 volts. Choice D
is an excerpt from the passage: last sentence, second paragraph. Choice C is an incorrect statement. While it is true that a cell with a positive voltage will produce a positive current, a cell
with a negative voltage (non spontaneous reaction) is considered “dead” and will produce no
current (Icell = 0.0).

6.

C

The passage indicates that the current of a cell is directly proportional to the surface area of its
electrodes. So in order to determine the ratio of current of battery A and battery B, you must
determine the ratio of the electrode surface area of the these cells.
Surface area of A = (3.14)(5 cm)2 × 2 ≈ 150 cm2
Surface area of B = (10 cm)2 × 2 = 200 cm2
Since the wafer has two sides, we multiply by 2 (although if you forgot to do this for both cells,
you’d still get the right answer). The ratio of 150 to 200 simplifies to 3:4.

7.

A

The passage clearly indicates that in order for the rules of series and parallel wiring as presented
here to hold, the cells must be identical.

Passage 87
1.

B

In Reaction #1, iron metal is oxidized to Fe2+, and the hydrogen in the water molecules is reduced to H2(g). Based upon the schematic and Reaction #1, iron is first oxidized at the iron/
droplet interface. Since the anode is always the site of oxidation, we conclude that the iron/water
interface is the anode (based on this alone you could get the right answer). Oxygen is finally
reduced in Reaction #2, and the rust which is produced in the reaction serves as a tracer for this
reaction. Therefore, the cathode is the iron/atmosphere/droplet interface.
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2.

C

The best way to answer this question is to eliminate the choices that contain scientifically incorrect statements. Choice A is wrong: The chloride ion has no desire to accept more electrons—
thus it is not an oxidizing agent. Choice B is wrong because calcium and sodium are among the
weakest oxidizing agents around, and further, if calcium and sodium metal were being formed
on the bottom of your car during wet, sloshy weather, you’d know about it (BOOM!). As for
choice D, it is true that the calcium ion is a weak acid, but sodium and chloride ions are neither
acids nor bases. In fact, the dilemma in using street salts is that the ions in these salts serve as
electrolytes, thereby increasing the conductivity of the thin water film that adheres to metal surfaces of automobiles during wet weather. The salt water film acts like a salt bridge between the
metal and the atmosphere, greatly enhancing the corrosion rate of the metal surface.

3.

B

Although Reaction #1 produces two molecules of hydroxide for every molecule of iron, reaction
#2 produces four protons for every two iron atoms. Therefore, the same amount of acid and base
are produced in the reaction, and over time, the average pH of the whole droplet should remain
constant.

4.

A

The first paragraph after the diagrams indirectly states that Reaction #1 and Reaction #2 are
redox reactions. Choices B, C, and D are incorrect because a redox reaction supersedes all other
types of reactions, that is, if an oxidation or a reduction is occurring in a reaction, regardless
of whether a precipitate or acid or base is being produced, the reaction is still classified as a redox
reaction.

5.

D

In the absence of any other substances, a junction between two different metals poses no problems because metals can never act as oxidizing agents becoming anions (there go choices A and
B). However, in the presence of oxidizing agents, such as oxygen, both metals will be attacked
by O2. Yet interestingly enough, if the metals are in contact, the metal with the higher reduction potential (more corrosive resistant), in this case copper, will replace electrons lost to oxygen
by taking them from the metal with the lower reduction potential, in this case iron. So for the
Statue of Liberty, over time, the corrosion of copper was inadvertently minimized at the expense of the iron which was being oxidized by both O2 and Cu2+. The iron framework served as
a sacrificial anode.

6.

A

All metal oxides are alkaline. Therefore, immersion in an acid bath will strip off these protective
coats and allow the acid to begin to oxidize the metal below. For many metals, such as Al, Zn,
and Mg, this reaction is rather fast, and copious amounts of H2(g) can be generated.

Passage 88
1.
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Choice A is contrary to the evidence in the passage: An applied current is consumed during
electrolysis, therefore electrolysis must be endothermic. The key to all electrochemical systems
is to allow ions to migrate. Just as electrochemical cells require a fluid solution to facilitate ion
migration, so too do electrolytic cells; choice B is wrong, solids won’t work. With no great
stretch of logic, if a chemical process is non spontaneous (energy must be put in), such as the
electrolysis of sodium chloride, then the reverse reaction, sodium metal + chlorine gas, must be
spontaneous (choice D). Finally, the correct choice indicates that in an electrolytic cell, the anode is the positive electrode and the cathode is the negative electrode (it’s the other way around
in a galvanic cell).

General Chemistry Solutions

2.

B

According to basic stoichiometry, for every two Al produced, one and one-half molecules of O2
will be produced. Therefore (dividing by two), for every mole of Al produced, three-quarters of
a mole of O2 is produced.

3.

D

Choice A is cannot be correct because oxygen is being oxidized (its oxidation state goes from –2
in water to 0 in oxygen gas!) during the electrolysis of water. Water is a polar molecule (polar is
the adjective implying a dipole moment); it has a region of net positive charge and a region of net
negative charge, yet the overall charge of the molecule is zero. Therefore, in an applied electric
field, the water molecules will point their positive region at the negative terminal, and point
their negative region at the positive terminal, but they will not move in either direction (choice
B). Hydrogen is produced twice as fast as oxygen because there are two hydrogen for every oxygen in a water molecule. Na2SO4 is a soluble salt, and is therefore a good electrolyte.

4.

D

The anode is the site of oxidation. In an aqueous solution of NaCl, the only two possible oxidation products are O2(g) from H2O or Cl2(g) from Cl–(aq).

5.

B

In the face of an electron configuration problem, one should always try to eliminate choices
with the incorrect number of electrons. The configuration [Kr] 5s14d  5 accounts for 36 + 1 + 5 =
42 electrons. Therefore, the correct choice must have forty-two electrons (choice B). Recall that
the electron configurations ns1(n–1)d 5 and ns1(n–1)d 10 are stable due to closed-shell stability.

6.

D

By definition, an electrolyte is a compound which, when dissolved in water, will produce lots of
ions. Therefore, all ionic compounds, whether soluble or not, are technically electrolytes (this
eliminates choices A and B). Moreover, all strong acids and bases are electrolytes because they
completely dissociate (choice C is eliminated). The addition of water to water will not increase
the concentration of dissolved ions (choice D).

Passage 89
1.

C

There are a few ways that you can get the right answer. In this case, the best way is to realize
that nitrogen has a greater electronegativity than carbon, hence, it will have its oxidation state
of choice which is –3. The next step is to recall that the charge of an atom or molecule equals
the sum of all the oxidation numbers in that atom or molecule. Since the cyanide molecule has
a charge of –1, the oxidation state of the carbon atom must be +2.

2.

A

The passage indicated that the strength of the coordinate covalent bond of a ligand is proportional to the energy of the absorbed photon of the colored solution. Recall that violet is the most
energetic photon in the visible region. According to the color wheel, a solution absorbing violet
light will appear yellow; both yellow solutions involve complexes formed with the cyanide ion.
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3.

D

Choice A disagrees with the chemist’s data that indicate chromium halide complexes absorb red
light (they are green in color) and chromium hydrate complexes absorb yellow light (they are
violet in color). Since the energy of the absorbed light is proportional to the binding strength of
the ligand, water is a better ligand that halide anions. Choice B is wrong: All haloacids are very
water soluble, and with the exception of HF, are strong acids (which means they completely dissociate in water). Choice C is also incorrect because a Lewis base is a molecule that can donate
a nonbonding pair of electrons (which loosely translates into the fact that any molecule with
a nonbonding pair of electrons is a Lewis base to some degree). As the data indicated, halide
anions are weaker ligands than water, so more of them are required in solution before they can
exclude water from the complex.

4.

C

The hexamine copper(II) complex is simply a Cu2+ ion surrounded by an octahedron of six
ammonia molecules. The charge of the total complex is just the sum of the charge of all of its
constituents. Therefore, the charge of the entire complex equals +2 + 6(0) = +2.

5.

B

The term “ligation” describes the process of forming a coordinate covalent bond between an
electron pair donator (ligand) and an electron pair acceptor (metal ion). Therefore, ligation is
nothing more than a Lewis acid–base reaction (choice B).

6.

C

Based on the passage, we can determine that the colors absorbed by the following compounds
are as follows:
Compound
choice A
choice B
choice C
choice D

Apparent color
violet
orange
blue
yellow

Absorbed
yellow
blue
orange
violet

Orange has the longest wavelength among these choices.

Passage 90

494

|

1.

B

It is the convention that the arrow showing the direction of the current represents the direction a positive particle would travel in the applied potential field. Since electrons are negatively
charged, the actual electron flow is always opposite this current arrow. But without this information, you could still determine which way the electrons were flowing based upon the fact that
free electrons are being produce at the zinc electrode (Zn → Zn2+ + 2e–) and then are consumed
at the copper electrode (Cu2+ + 2e– → Cu). So the electrons must be flowing from the zinc electrode to the copper electrode. Choices A and C are just off by 180°. Note that the atoms in a
solid metal do not migrate (choice D).

2.

B

Since G° = –nFE°, when a cell has a positive voltage, the reaction must be spontaneous. Most
often (especially when not dealing with gaseous species where ∆S is appreciable), spontaneous
reactions are exothermic, not endothermic (choice C is eliminated). As for choice A, a reaction
that is at equilibrium has a 0.00 voltage.

© The Princeton Review, Inc.

General Chemistry Solutions

3.

C

Choices A, B, and D are true statements. If a student allowed the reductant and the oxidant to
come in direct contact, thereby causing a short circuit, the current through the wire would stop
because the electrons will take the short way to the oxidant—right through the solution (choice
A). Copper ions that come in contact with the surface of the zinc electrode would be reduced
to copper metal and deposited onto the zinc electrode (choice B). Since the reaction is no longer
producing an organized electrical flow, all of the energy of the reaction would be expelled as
heat (choice D). Zinc ions cannot spontaneously oxidize copper metal because this process has
an E°cell of –1.1 V (it’s the reverse of the reaction in a galvanic cell), so choice C will not occur.

4.

A

If the solution were allowed to solidify or precipitate out the copper ions, the reaction would
completely stop (choices B and D). Copper ions require the ability to float to the cathode in
order to be reduced. It is difficult to float without any water. Removal of the salt bridge, choice
C, would prevent migratory ions to compensate the charge flow of the electrons. This means
that after a second or so, the arriving electrons at the copper cathode would give it an excess
negative charge. The anode would develop an excess positive charge because while it is exporting
electrons to the cathode, the cations which are being formed are not allowed to migrate to the
cathode. Therefore, very quickly, electrons would be unable to flow from the attacking positive
anode towards the repulsive negative cathode because of electrostatic force.

5.

B

The passage alludes to the fact that the function of the salt bridge is to facilitate ion migration
while minimizing electron conduction. The function of the electrodes and wire is to conduct
the electrical current, not ions. The passage indicated that choices A and C are good electrical
conductors, and in this cell, choice D is actually serving as the anode so zinc must conduct electricity (as all metals do). Thus agar, which makes up the salt bridge, must be the least conducting material.

Passage 91
1.

C

The voltage of a cell equals the sum of the voltage of the reduction and the oxidation reaction.
Therefore, if the reductive reaction (MnO2 to Mn2+), has a potential of +1.23 volts and the oxidation reaction (Zn to Zn2+ under basic conditions) has a potential of +0.44 volts, then total cell
potential is about 1.7 volts.

2.

A

Throw out choice D right away; the passage tells us that this is an alkaline battery—the cell is
operating under basic conditions. The rest require a little more thought. The overall reaction in
the alkaline dry cell is:
MnO2(s) + Zn(s) + 4·H+(paste) → Mn2+(paste) + Zn2+(paste) + 2·H2O(paste)
As the cell operates, it consumes acid. Therefore, the pH of the charged cell must be lower than
the pH of the expended one.
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3.

A

Choices B and C are wrong because air (especially moist air) is a poor electrical conductor, and
the outermost casing of the battery is insulated from the positive terminal. But the most important reason why these statements are wrong is this: electrons do not flow from the cathode
(positive terminal in a voltaic cell) to the anode (negative terminal in a voltaic cell). It’s the other
way around. Electrons flow from the negative terminal to the positive terminal. Choice D is
also wrong for the analogous reason: cations do not spontaneously flow in the air from the negative terminal to the positive terminal. The correct answer, choice A, is an inherent problem of all
electrochemical cells. Electrons can slowly pass through the salt bridge in the absence of a better
conductor (like a wire), a process which eventually drains the battery over a period of years.

4.

D

(The MCAT sparingly asks questions that require calculations. More often, they ask qualitative
questions about the sensitivity of one of the variables in an equation to another variable in that
equation.) Careful examination of the graph indicates that for most of its life (measured as Tuse),
the battery output (Vout) is constant. Apparently, Vout only drops off when Tuse gets very large.
Choice A is incorrect because it states that as Tuse gets bigger, Vout should get bigger. Choice B is
incorrect because it suggests that from day one, the voltage should drop steadily to zero—this
is the equation of a straight line, contrary to the given plot. Choice C is incorrect because at the
instant the battery is first used, when Tuse is very small, the value of –Ke/Tuse would be so large
that the battery would have a huge, negative voltage for awhile. If this wasn’t bad enough, at
some later time, as the value of –Ke/Tuse became small, the voltage would approach a constant
voltage that would be maintained forever. In short, choice C is just not realistic. The answer is
D. If we assume Ke to be very small, for some stretch of time, Tuse, the value of –Ke(Tuse)3 would
be small and thus Vout basically equals E°cell for most of the cell’s life. But eventually, the cubic
function of Tuse grows so large that the “drainage” term, –Ke(Tuse)3, becomes significant. At this
point, Vout rapidly decreases to zero—just like a real cell (choice D).

5.

B

Choice A is not true. Most batteries would explode if you tried to recharge them due to the
internal production of hydrogen gas. Choice C is backwards: Oxidation occurs at the anode
(remember your vowels). Choice D is also backwards: The anode is often consumed in an electrochemical cell (and the cathode usually grows due to metal deposition).

Passage 92
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1.

A

A metal with a high reduction potential will not be easily oxidized by the H+ in the acid. The
student’s data indicated that choices B, C, and D were more reactive with acids than choice A.

2.

C

Of all the strong acids in the passage, only nitric acid and sulfuric acid have conjugate bases
with positive reduction potentials. Choices A and B are correct, nitric acid is more corrosive
than sulfuric and hydrochloric acid because the nitrate ion has a higher reduction potential (is a
better oxidizing agent) than H+. This is supported by data in the table. Choice D is also correct
because the ions present in Bath A and Bath B were unable (had a lower reduction potential) to
oxidize lead, silver, copper, and mercury—the student observed no reaction. If choice C is correct, sulfuric acid should be more corrosive than HCl, but this was not observed in the data set.

3.

D

Evidently, the odorless, colorless gas was hydrogen. Choices A, B, and C are incorrect because
ammonia, sulfur dioxide and nitrogen are colorless gases. NO2 is an acrid, orange-brown gas.
The reaction is:  M(s) + 4 H+(aq) + ZNO3 –(aq) → M2+(aq) + 2 NO2(g) + 2 H2O(l).
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General Chemistry Solutions

4.

B

Choices A, C, and D would be serious errors. Since the metal samples were the limiting reagent,
not the acids themselves, the concentration of the acids is irrelevant.

5.

A

In order for a molecule to have a tetrahedral or square planar geometry (choices B and C), that
molecule must consist of a central atom plus four surrounding atoms! The nitrate ion has a central nitrogen atom surrounded by three oxygen atoms and no lone pairs, therefore is sp2 hybridized and trigonal planer. Trigonal pyramidal geometry requires sp3 hybridization, with 3 bonds
and 1 lone pair.

6.

D

The student’s experiment indicated that nitric acid was very corrosive because of the extra oxidative kick bestowed by the nitrate ion (conjugate base). The key to this question is to find another strong acid that has a conjugate base which is a powerful oxidizing agent in its own right.
Remember that an oxidizing agent is a molecule which has two or more highly electronegative
atoms bound together. Choices A and C fail in this respect—HF isn’t even a strong acid by
definition. Phosphoric acid is not a strong acid either, and the phosphate group is not a strong
oxidizing agent (P has only a moderate electronegativity). Perchloric acid is a strong acid, and
the perchlorate ion, ClO4 –, is a powerful oxidizing agent.

Passage 93
1.

B

Choice A correctly defines the function of n, not of 2.303. The conversion factor between units
of energy of calories and joules is 4.184 J cal–1 (choice C), and choice D is not true. The value
2.303 is a conversion factor between natural (base e) and common (base 10) logs.

2.

C

The second experiment took the control cell (where the concentration of zinc and copper ions
were 1.0 M) and simply heated it to 100°C. According to the Nernst equation, whenever the
concentration of zinc and copper ions are equal, Ecell = Eocell, regardless of temperature. This
is because log 1 = 0, thereby making the right hand term drop out of the equation. Therefore
choices B and D are incorrect, and choice A is not consistent with the data in the passage
(which indicates that over time, the voltage of the cell dropped to zero).

3.

C

By definition, standard state conditions—represented by the superscript °—means temperature
= 25°C = 298 K, pressure = 1 atm = 760 torr, and the concentration of all solutes is one molar.

4.

A

Choice B is inconsistent with everything said about galvanic cells. Why would zinc ions appear
in the Nernst equation if they precipitated out of solution? Choice C has it backwards—colorimetry can only be used on colored solutions because transparent solutions do not absorb light.
Ions will be colored if they have a partially filled d or f orbitals. The electronic configuration of
Cu2+ is [Ar] 3d   9 and that of Zn2+ is [Ar] 3d  10 —copper solutions are blue or green, and zinc solutions are colorless.

5.

D

The reagents of a galvanic cell are Cu2+(aq) and Zn(s). Therefore, only one of these substances
can be the limiting reagent—eliminating choices B and C. The colorimetry data indicates that
even after the cell in Trial 2 ceased to produce a voltage, the solution still was absorbing light.
This directly suggests that copper ions remained in solution after the cell had died. The zinc
anode must have been all used up first, and therefore it is the limiting reagent.
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6.

A

The procedure in choice B would increase the current of the cell; the cell voltage would not
be affected. Choice C would kill the battery because of an opposing charge separation that
would develop on the electrodes. Since the copper cathode is just serving as an electrochemical
junction between the solution and the wire and not participating in any chemistry, its chemical identity is irrelevant. Replacing copper with another inert, conducting metal like platinum
(choice D) would have no effect. According to the Nernst equation, if the concentration of Zn2+
dropped to very low levels via a precipitation reaction, the voltage of the cell would increase
because as [Zn2+] becomes small, [Zn2+]/[Cu2+] becomes a small fraction. The log of a small
fraction (i.e., a fraction < 1) is a negative number, and because the term on the right is negative, a negative log makes the whole term positive. If the whole right hand term is positive, then
Ecell = E°cell + some more.

7.

D

This question is based upon a “pseudo-law” of chemistry—pressure only has strong effects on
chemical reactions that involve gaseous compounds. This is because the compressibility of gases
is large, while those of solids and liquids are much, much smaller. Chemical reactions consisting
of just solid and liquid phase compounds are not substantially affected by pressures less than
100–1000 atm! Therefore, only the cell with a gaseous reagent will be affected by pressure; that’s
choice D, the lithium–fluorine battery.
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Freestanding Questions 1 through 146 are NOT
based on a descriptive passage.
1.

3.

A.
B.
C.
D.

oxygen is directly required for it to occur.
NAD+ and FAD get reduced during the cycle.
two GTP are produced per glucose molecule.
in eukaryotic cells it occurs in the matrix of the
mitochondria.

I
I and III
II and IV
I, II, and III

6
12
24
36

Which of the following statements regarding enzymes is
NOT true?
A.

Enzymes speed up reactions by lowering the energy
of activation.
B. Enzymes increase the kinetic barrier.
C. Enzymes are not used up during reactions.
D. Enzymes do not affect the thermodynamics of a
reaction.
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Which of the following processes occur in the matrix of
the mitochondria?
I.
II.
III.
IV.
A.
B.
C.
D.

ATP
NADH
Oxygen
FADH2

How much ATP would be produced if three molecules of
glucose were used during anaerobic cellular respiration?
A.
B.
C.
D.

5.

glycolysis.
the citric acid cycle.
electron transport.
oxidative phosphorylation.

Which of the following is/are products of both glycolysis
and the electron transport chain?
I.
II.
III.
IV.

4.

the pH in the intermembrane space is lower
because protons are pumped into the matrix of the
mitochondria.
B. the pH in the intermembrane space is higher
because protons are pumped into the matrix of the
mitochondria.
C. the pH in the matrix of the mitochondria is lower
because protons are pumped across the inner
membrane of the mitochondria.
D. the pH in the matrix of the mitochondria is higher
because protons are pumped across the inner
membrane of the mitochondria.

All of the following are true statements concerning the
Krebs cycle EXCEPT:
A.
B.
C.
D.

Due to electron transport in a eukaryotic cell:
A.

All of the following are key processes in the production of
energy in the mitochondrion EXCEPT:
A.
B.
C.
D.

2.

6.

8.

electron transport chain
glycolysis
Krebs cycle
fatty acid oxidation
I and II
I, III, and IV
III and IV
III only

Antimycin is used as a piscicide (fish poison) because
it inhibits Complex III of the electron transport chain.
Blocking the flow of electrons through Complex III will
produce which of the following effects?
I. Complex I (NADH dehydrogenase) will persist
in a reduced state.
II. Complex IV (cytochrome C oxidase) will
persist in a reduced state.
III. Oxygen consumption will be decreased.
A.
B.
C.
D.

Statements I and III only
Statements II and III only
Statements I, II, and III
Statement III only

Biology

9.

Proinsulin, the precursor of insulin, is one peptide chain
that contains three disulfide bonds. Protease cleavage
releases a middle segment of the peptide chain, which
leaves two peptide chains held together via two disulfide
bonds. Which one of the following is most accurate?

10.

A.

The ratio of guanine–cytosine (G–C) pairs to adenine–
thymine (A–T) pairs is useful in laboratory manipulation
of double-stranded DNA. If a segment of DNA has a low
G–C : A–T ratio, it would be reasonable to assume that
this segment would:
A.
B.
C.

contain more guanine than cytosine.
contain more adenine than thymine.
require more energy to separate the two DNA
strands than would a comparable segment of DNA
having a high G–C : A–T ratio.
D. require less energy to separate the two DNA strands
than would a comparable segment of DNA having a
high G–C : A–T ratio.

Proinsulin Insulin
B.

11.

Which of the following is the most accurate, from least
organized to most organized?
A.

Proinsulin

Deoxyribose, nucleotide, nucleoside, DNA helix,
nucleosome, chromatin
B. Deoxyribose, nucleoside, nucleotide, DNA helix,
chromatin, nucleosome
C. Deoxyribose, nucleoside, nucleotide, DNA helix,
nucleosome, chromatin
D. Deoxyribose, nucleotide, nucleoside, nucleosome,
DNA helix, chromatin

Insulin

C.

12.

Proinsulin Insulin
D.

Proinsulin

Insulin

Which of the following is true about the differences in
genome structure between eukaryotes and prokaryotes?
I. A eukaryotic chromosome is linear and a
prokaryotic chromosome is circular.
II. In both eukaryotes and prokaryotes, DNA is
wrapped around histone proteins to form a
nucleosome.
III. Prokaryotic genomes contain fewer repetitive
sections than eukaryotic genomes.
A.
B.
C.
D.

I only
I and III
II and III
I, II and III
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13.

A codon is a segment of an mRNA molecule that codes
for one amino acid in a polypeptide chain formed during
protein synthesis. Which of the following correctly
describes the chain of events that occurs in the synthesis
of a polypeptide?

16.

A.

Specific RNA codons cause amino acids to line up in
a specific order; tRNA anticodons attach to mRNA
codons; rRNA codons cause protein molecules to
cleave into specific amino acids.
B. DNA generates mRNA in the nucleus; mRNA moves
to the cytoplasm and attaches to a tRNA anticodon;
an operon regulates the sequence of events that
causes amino acids to line up in their appropriate
order.
C. DNA generates tRNA; the tRNA anticodon attaches
to the mRNA codon in the cytoplasm; tRNA is
carried by mRNA to the ribosomes, causing amino
acids to join together in a specific order.
D. DNA generates mRNA; mRNA moves to the
ribosomes, where a tRNA anticodon binds to an
mRNA codon, causing amino acids to join together
in their appropriate order.

14.

15.

17.

It is known that the developing frog embryo requires
greater protein production than the adult organism. If cells
from a developing frog embryo and from a mature frog
were examined, would the investigator find the greater
rate of translation in cells of the embryo or of the adult?

19.

© The Princeton Review, Inc.

A researcher is running a PCR experiment to amplify
her DNA of interest. Assuming she starts with a single
DNA molecule, after 30 rounds of PCR, how many DNA
molecules would she have?
A.
B.
C.
D.

18.

The embryo, because a developing organism
requires a higher rate of translation than does an
adult.
B. The embryo, because ribosomal production is not yet
under regulatory control by DNA.
C. The adult, because ribosomal production is more
efficient in a mature organism.
D. The adult, because a mature organism has more
complex metabolic requirements.

|

Strain E underwent a conservative missense
mutation in the open reading frame coding for Sal3.
B. Strain E was allowed to grow for a longer time in
culture than Strain J.
C. Strain J could have undergone a nonsense mutation
only, in the open reading frame coding for Sal3.
D. Strain J could have undergone either a nonsense
or frameshift mutation in the open reading frame
coding for Sal3.

removal of a multiple of three nucleotides retains the
original reading frame.
B. amino-acid codons often are flexible in their size.
C. translation of unmutated mRNA at the ribosome is
successful only one-third of the time.
D. most mutations of DNA have little effect on cellular
function.

A.
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A.

Infrequently, the deletion of one or more nucleotides
occurs in the replication of a cell’s genome. In mutations
in which three base pairs are deleted, the mutated gene
codes for a relatively normal protein. A reasonable
explanation for this observation is that:
A.

A researcher is studying a certain protein of interest, Sal3,
which has been isolated from two strains of bacteria,
Strain E and Strain J. The researcher identifies Sal3 via
a western blot and discovers that Sal3 from Strain E is
the expected molecular weight but Sal3 from Strain J is
shorter. Amino acid sequencing confirms that the Sal3
from Strain J contains fewer amino acids. Which of the
following best explains this result?

2 × 30
1 + 302
302
230

Which of the following would NOT be required to run a
polymerase chain reaction (PCR)?
A.
B.
C.
D.

Taq DNA polymerase
Template DNA
RNA polymerase
Primers

Each of the following is true EXCEPT:
A.

PCR cycles through 3 temperatures: high
temperature for template denaturing, low
temperature for primer annealing and medium
temperature for polymerization.
B. Proteins are probed with antibodies in a western blot.
C. During gel electrophoresis, negative DNA moves
to the positive end of the gel in a size dependent
manner.
D. DNA is probed with DNA or RNA in a northern blot.

Biology

20.

Which of the following statements regarding the
separation of proteins via gel electrophoresis is
INCORRECT?

24.

A.

Decreasing the percent of polyacrylamide makes the
gel less dense and decreases the ability to resolve
small distances between two proteins with similar
molecular weights.
B. Proteins with smaller molecular weights travel more
quickly than those with higher molecular weights
when an electric current is applied.
C. Proteins migrate to the positive electrode of the gel
apparatus because they become negatively charged
during their preparation for electrophoresis.
D. Proteins travel in denatured states through the gel.

I. Restriction endonuclease
II. DNA ligase
III. Taq polymerase
A.
B.
C.
D.
25.

21.

Which one of the following structures is found in bacterial
cells?
A.
B.
C.
D.

22.

electron transport.
simultaneous transcription and translation.
mRNA processing.
regulation of transcription.

I only
II only
I and II
I, II and III

Which of the following lab techniques is described by the
following steps?
S tep 1: Separate DNA fragments on a gel
Step 2: Transfer fragments to a nitrocellulose filter
Step 3: Probe the filter for the target DNA sequence
with hybridized probes

Mitochondrion
Ribosome
Endoplasmic reticulum
Nuclear membrane

A.
B.
C.
D.

All of the following processes occur in bacteria EXCEPT:
A.
B.
C.
D.

A researcher wants to clone a gene of interest into a
plasmid. She plans on starting with genomic DNA, then
cutting the gene of interest out. Then she plans on cutting
open the plasmid and finally, ligating the gene into the
plasmid. Which of the following will she need?

26.

Radioimmunoassay
ELISA
Southern blotting
Conjugation

Which of the following is specific to an animal virus and
NOT to a bacteriophage?
A.

23.

A single plasmid is isolated from bacterial cells. When
the plasmid is digested with a restriction enzyme and then
subjected to gel electrophoresis, two bands are observed
on the gel. How many restriction sites for this enzyme are
present in this plasmid?
A.
B.
C.
D.

Infection of the host cell occurs via penetration of
genome through host cell membrane
B. Uncoating of a genome from the capsid coat within
the host cell cytoplasm
C. Destruction of the host cell during the productive
cycle
D. Lysis of the cell membrane after the lytic cycle

1
2
3
4
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The graph below describes the number of virions (viral
organisms) detectable in the bloodstream of a host after
the moment of infection, which is labeled Time I. Which
of the following is most likely occurring between Times I
and II?

Number of virions
detectable in bloodstream

27.

30.

A.

Gametes may join together and exist in a dikaryon
form until fusion of the nuclei occurs.
B. Production of endospores allows fungi to survive
during times of non-ideal environmental conditions.
C. During budding, fungi release haploid hyphae
with the intent of finding other hyphae of the same
species for sexual reproduction.
D. Hyphae that are specialized to digest and absorb
nutrients are called fruiting bodies.

31.
I

II

time

28.

32.

Which of the following viruses should be able to
reproduce successfully if they carry RNA-dependent RNA
polymerase into their host cell?

29.

All of the following are well-recognized multicellular
eukaryotic kingdoms EXCEPT:
A.
B.
C.
D.
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I only
II only
I and II only
I and III only

Animalia.
Plantae.
Fungi.
Protists.

© The Princeton Review, Inc.

Mitotic spindles
Flagellae
Organelle movement
Amoeboid motility of cells

Clathrin, a substance that aggregates on the cytoplasmic
side of cell membranes, is responsible for the coordinated
pinching off of membrane in receptor-mediated
endocytosis. A lipid-soluble toxin that inactivates clathrin
would be associated with:
A.

reduced delivery of polypeptide hormones to
endosomes.
B. increased secretion of hormone into the extracellular
fluid.
C. increased protein production on the rough
endoplasmic reticulum.
D. an increase in ATP consumption.

I. (+) RNA Virus
II. (–) RNA Virus
III. ds DNA virus
A.
B.
C.
D.

Colchicine is a compound which interferes with the
formation of microtubules. Which of the following would
be affected LEAST by the administration of colchicine?
A.
B.
C.
D.

A.

Host immune response destroys viral capacity for
reproduction.
B. Host reproductive machinery is used to replicate
viral genome.
C. Host cells appropriate viral nucleotides to produce
DNA and RNA.
D. Viral mitochondria actively conduct aerobic
respiration.

Which of the following is a true statement regarding
fungi?

33.

In Kartagener’s syndrome, defective dynein is produced
causing a paralysis of microtubule-based movement of
flagellae and cilia. One could expect to find all of the
following outcomes EXCEPT:
A.
B.
C.
D.

male infertility.
ectopic pregnancy in women.
chronic lung infections.
failure to ovulate in women.

Biology

34.

What organelle would be most closely associated with
exocytosis of newly synthesized secretory protein?
A.
B.
C.
D.

35.

38.

Lysosomes
Golgi apparatus
Peroxisomes
Ribosomes

When it is time to breed, salmon travel from saltwater, in
which they are hypotonic, to freshwater, in which they are
hypertonic. They maintain solute balance by reversing
their osmoregulatory machinery when moving between
the two environments. Failure to reverse this machinery
when moving to their breeding grounds would most likely
result in:

A.
B.
C.
D.
39.

36.

hemolyze.
remain the same.
swell up.
shrivel.

a loss of water by active transport to their hypertonic
surroundings.
B. a loss of salt to their surroundings.
C. an influx of water by osmosis into their tissues.
D. a need to maintain their tissues in a hypoosmotic
state.

Which of the following is most likely an example of
pleitropism?
A frameshift mutation produces a shortened version
of a critical regulatory protein.
B. A point mutation in a single gene leads to both
kidney and lung malformations in utero.
C. 2 alleles are both fully expressed, yet unblended, as
with the ABO blood groups.
D. A cross of DDEE × ddee parental strains yields
DdEE in only 4% of the progeny.

41.

Assuming independent assortment, how many different
gametes can be produced from the genotype AaBbCc?
A.
B.
C.
D.

Vertebrates have developed various renal structures for
osmoregulation based on their habitats. Bony fish that live
in seawater drink large amounts of seawater and use cells
in gills to pump excess salt out of the body. This is in
response to:
A.

Interphase
Meiosis I
Meiosis II
Mitosis

A.

If erythrocytes are placed into a hypertonic solution, they
will:
A.
B.
C.
D.

37.

40.

Anaphase I.
Anaphase II.
Prophase I.
Prophase II.

During which of the following are cells with a single
unreplicated copy of the genome formed in humans?
A.
B.
C.
D.

A.

death, as cells became too concentrated to carry out
normal metabolism.
B. death, as cells underwent lysis due to water influx.
C. improved metabolic activity, as enzyme
concentrations increased.
D. no change, because movement from a hypertonic
to a hypotonic medium does not present osmotic
challenges.

Klinefelter’s syndrome, in which a male has an extra X
chromosome (XXY), is the result of nondisjunction. The
failure in spermatogenesis that could produce this would
occur in:

42.

4
6
8
16

Color blindness is a recessive trait passed on through a
sex-linked gene on the X chromosome. If a woman who
carries the allele for color blindness has a child with a
man who is color blind, what is the probability that a
female offspring will be a carrier?
A.
B.
C.
D.

0%
25%
50%
100%
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43.

A man who is color blind mates with a carrier for the trait.
If the gene responsible for color blindness is found on the
X chromosome, what is the chance that their son will be
color blind?
A.
B.
C.
D.

44.

45.

48.

1/16
1/8
1/4
1/2

Which of the following statements is/are true of linked
genes?

A.
B.
C.
D.
49.

Which of the following is the equation for recombination
frequency (RF)?
RF = number of parental phenotypes / total number
of parental genotypes
B. RF = number of recombinant phenotypes / total
number of recombinant genotypes
C. RF = number of non-parental genotypes / total
number of parental genotypes
D. RF = number of recombinant phenotypes / total
number of progeny

50.

Certain nitrogen-fixing bacteria derive their nutrition from
plants. The plants, in turn, benefit from the nitrogen that
the bacteria supply. Which of the following best describes
the relationship between the bacteria and the plants?
A.
B.
C.
D.
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I and II only
II only
II and III only
I and III only

A.

Tay–Sach’s disease is a genetic disorder transmitted
through an autosomal recessive gene. If a male
heterozygous carrier and a female heterozygous carrier
have a first child who is homozygous for the normal trait,
what is the chance that the couple’s second child will
develop Tay–Sach’s disease?
A.
B.
C.
D.

Both the fetus and the mother are Rh+.
The fetus is Rh–, and the mother is Rh+.
The fetus is Rh+, and the mother is Rh–.
Both the fetus and the mother are Rh–.

I. They always assort together during meiosis.
II. They are found close together on the same
piece of DNA.
III. They lead to greater recombination than
unlinked genes.

1/2
1/4
1/8
1/16

gained a Y.
gained an X.
lost an X.
platelets which clump together and form a plug.

Erythroblastosis fetalis is a condition in which fetal blood
cell antigens elicit an immune system response from the
mother, causing clumping of the fetal blood cells. This
antigenic factor is called the Rh factor, and is inherited
through a dominant allele. What is the most likely status
of the mother and the fetus in such a situation?
A.
B.
C.
D.

Females with Turner’s syndrome have a high incidence
of hemophilia, a recessive X-linked trait. Based on
this statement, it can be inferred that females with this
syndrome have:
A.
B.
C.
D.

46.

25%
50%
75%
100%

If a color blind man without hemophilia marries a woman
who is a carrier for both traits, what is the probability
they would have a son affected by both color blindness
and hemophilia? Assume that the hemophilia and color
blindness genes are unlinked.
A.
B.
C.
D.

47.

Mimicry
Mutualism
Commensalism
Parasitism

Biology

51.

A small subpopulation of beetles with a slightly
advantageous modification of pincer structure was found
to be wiped out after a locally isolated severe wind storm.
A biologist studying this event would most likely attribute
the loss of the advantageous gene as due to:
A.
B.
C.
D.

52.

55.

A.

No, without knowing the composition of the cell
walls, he cannot distinguish between Fungi and
Plantae.
B. No, the cells could be from Domain Bacteria.
C. Yes, all organisms from Kingdom Fungi are
multicellular, have cell walls, and lack chloroplasts.
D. Yes, because Kingdom Protista is made up of
unicellular organisms.

genetic drift.
the Hardy–Weinberg principle.
natural selection.
differential reproduction.

Evolution is the set of long-term changes in a population
gene pool caused by selection pressures. Speciation is
the evolutionary creation of new, genetically distinct
populations from a common ancestral stock. Which of
the following factors can contribute to the process of
speciation?

56.

53.

Protein fibers assemble along the axon of neurons,
preventing leakage of current across the membrane.
B. Glial cells cover the nodes of Ranvier to prevent
backflow of current along the axon of neurons.
C. Schwann cells insulate the axons of neurons, causing
membrane depolarization to jump from node to node.
D. Convolutions in the axons of neurons dissipate
current through specialized leakage channels.

I only
I and II only
II and III only
I, II, and III
57.

A researcher working on an isolated island discovers what
she thinks is a new species of bird. It has a longer beak
than most birds on the island and different color plumage.
Its song is different from the songbirds on the island.
Which of the following tests would be most helpful in
determining if the bird is a new species or not?
A.
B.
C.

Sequence the bird’s genome
Breed the bird with other island birds.
Document all of the physical differences between
the new bird and the existing island birds.
D. Isolate proteins from the bird’s eggs, separate them
on a western blot, and compare them to proteins
isolated from other island bird’s eggs.

54.

One species of frogs mates in March and another
species mates in July.
B. Blackbirds have different mating rituals than
sparrows.
C. Cat sperm cannot fertilize dog ova.
D. When a horse mates with a donkey, a mule is born
and the mule is sterile.

The myelin sheath of many axons is produced by the:
A.
B.
C.
D.

58.

59.

nodes of Ranvier.
Schwann cells.
nerve cell body.
axon hillock.

Tetrodotoxin (TTX) is a potent neurotoxin that binds to
and inhibits the action of voltage-gated sodium channels
in neurons. Poisoning can be rapidly fatal, within 4–6
hours of ingestion. Which of the following is the most
likely cause of death from TTX poisoning?
A.
B.
C.
D.

Which of the following represents a postzygotic barrier to
hybridization/speciation?
A.

Which description below correctly identifies the role of
the myelin sheath in action potential transmission?
A.

I. Random mutation
II. Geographic isolation
III. Climate changes
A.
B.
C.
D.

A researcher observes cells from a multicellular organism
under the microscope. The cells appear to have cell walls,
but lack chloroplasts. He identifies the cells as belonging
to Kingdom Fungi. Is his identification correct?

respiratory failure
cardiac arrest
dehydration from excessive vomiting
increased blood pH due to hypoventilation

Nerve cells that control thermoregulation are concentrated
in which portion of the brain?
A.
B.
C.
D.

Cerebellum
Cerebrum
Medulla
Hypothalamus
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60.

The cell bodies of a somatic sensory nerve are located in
the:
A.
B.
C.
D.

61.

62.

66.

on the retina.
behind the retina.
in front of the retina.
on the optic nerve.

Cornea → vitreous chamber → anterior chamber →
choroid
B. Choroid → cornea → vitreous chamber → anterior
chamber → retina
C. Cornea → anterior chamber → lens → retina
D. Cornea → pupil → sclera → anterior chamber →
optic disk → fovea

67.

Which of the following senses relies on chemoreceptors?
I. Touch
II. Taste
III. Olfaction
A.
B.
C.
D.

64.

I only
I and II only
III only
II and III only

Hair cells used to detect motion are found in which of the
following structures?
I. The organ of Corti
II. The skin
III. The semicircular canals
A.
B.
C.
D.
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I only
III only
I and III only
I, II, and III
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Mechanical
Hormonal
Humoral
Neural

Leukotrienes and prostaglandins are lipid-derivatives
of arachidonic acid. They bind to G-protein-coupled
membrane-bound receptors found on the extracellular
side of the membrane. Based on this information, to
which of the following hormones would leukotrienes
and prostaglandins exhibit the greatest similarity in
mechanism of action?
A.
B.
C.
D.

69.

polypeptide.
steroid.
second messenger.
neurotransmitter.

By which of the following mechanisms is the release of
insulin primarily controlled?
A.
B.
C.
D.

68.
63.

Transmission is via blood circulation.
Cellular effects often require protein kinase activity.
Target organ is distant from site of release.
Hormones pass through the target cell membrane
and enter the nucleus.

A hormone is discovered that rapidly accumulates
inside renal cells in the absence of endocytosis when
administered to mice intravenously. The hormone is most
likely a:
A.
B.
C.
D.

Which of the following is the correct pathway of light
entering the anterior surface of the eye leading to
stimulation of the optic nerve?
A.

Which of the following features is NOT characteristic of
polypeptide hormone activity?
A.
B.
C.
D.

dorsal root ganglion.
spinal cord.
brain.
ventral horn.

In the condition myopia the inverted image formed by the
lens falls:
A.
B.
C.
D.

65.

cortisol
testosterone
prolactin
estrogen

All of the following hormones are released by the anterior
pituitary gland EXCEPT:
A.
B.
C.
D.

prolactin.
growth hormone.
ACTH.
ADH.

Biology

70.

If a woman has been walking through the desert all day
without food or water, what hormones will most likely be
found in elevated levels in her blood?

74.

A.

The valve between the left ventricle and right
ventricle
B. The valve between the left ventricle and left atrium
C. The valve between the left ventricle and the
pulmonary artery
D. The valve between the left ventricle and the aorta

I. Vasopressin
II. Aldosterone
III. Insulin
A.
B.
C.
D.
71.

Voltage-gated potassium channels open to repolarize
the membrane.
B. Voltage-gated calcium channels open to depolarize
the membrane.
C. Voltage-gated sodium channels open to bring the
cells to the threshold membrane potential.
D. Pacemakers cells are present outside of the sinoatrial
node.

A.

76.

high urinary output.
increased resistance to stress.
high plasma cortisol.
high sex hormone concentrations.

The exchange of fluid between the blood in the capillaries
and the surrounding tissues is the result of opposing
osmotic and hydrostatic pressure differentials. Which
of the following accurately describes the relationship
between hydrostatic and osmotic pressure differentials in
the capillaries?
The hydrostatic pressure differential forces fluid out
of the tissue and into the capillaries at the arterial
end.
B. The osmotic pressure differential causes solutes and
fluid to be filtered out of the capillaries at the arterial
end.
C. The hydrostatic pressure differential causes fluid to
move out of the capillaries at the arterial end.
D. The osmotic pressure differential forces fluid out of
the capillaries and into the tissues at the venous end.

Which of the following is FALSE regarding the
pacemaker cells in the sinoatrial node?
A.

will be normal.
will be above normal.
will be below normal.
can not be determined.

Addison’s disease, or chronic adrenal insufficiency, is due
to hypofunction of the adrenal cortex. This condition will
make a person have:
A.
B.
C.
D.

73.

75.

The rate of oxidative metabolism is measured using
a basal metabolic rate (BMR) test. If a subject has
hyperthyroidism the rate:
A.
B.
C.
D.

72.

I only
II only
I and II only
I, II, and III

During ventricular contraction, which of the following
valves is open?

An infant born with a congenital defect in the ventricular
septum that causes a mixing of blood between the right
and left ventricles is most likely to suffer from:
I. poor tissue oxygenation.
II. increased blood pressure in the pulmonary
circuit.
III. higher blood pH.
A.
B.
C.
D.

77.

I only
I and II only
II and III only
I, II, and III

Blood pressure is increased when:
A.

aldosterone increases water permeability in the
collecting ducts of nephrons.
B. sympathetic activation decreases the diameter of
arterioles systemically.
C. parasympathetic innervation increases the flow of
blood to digestive organs.
D. antidiuretic hormone increases sodium reabsorption
in nephrons.
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78.

Both the sympathetic and parasympathetic divisions of
the ANS can affect the cardiovascular system. Which of
the following statements regarding sympathetic activation
is/are true?

82.

A.
B.

antibodies have a quaternary protein structure.
genes for antibodies undergo genetic rearrangement
to ensure that a very wide variety of antigen-binding
regions can be produced.
C. the antigen binding region of the antibody is
comprised of only heavy chains.
D. antibodies can neutralize certain toxins.

I. Activation causes the heart to contract
II. Activation relaxes smooth muscle in blood
vessels serving skeletal muscle
III. Activation relaxes smooth muscle in blood
vessels serving skin and digestive organs
A.
B.
C.
D.
79.

|

Memory cells
Lysozyme
MHC I
Macrophages

Which of the following is involved in the body’s first line
of defense against infection?
A.
B.
C.
D.

510

Erythrocytes
Leukocytes
Platelets
Lymphocytes

Several nonspecific antibodies
Several nonspecific B cells
Several nonspecific T cells
Several nonspecific antimicrobial chemicals such as
acids

© The Princeton Review, Inc.

Which of the following is NOT associated with the
function of helper T cells?
A.
B.
C.
D.

84.

85.

MHC I
MHC II
cytokines
CD4 receptor

The major cell type involved in the humoral immune
response is the:
A.
B.
C.
D.

Which of the following is involved in both innate (nonspecific) and specific immunity?
A.
B.
C.
D.

81.

83.

Which of the following blood components is responsible
for coagulation?
A.
B.
C.
D.

80.

I only
II only
I and II only
I and III only

All of the following statements regarding antibody
structure are true EXCEPT:

killer T cell.
macrophage.
erythrocyte.
B cell.

Which of the following does NOT act as an antigen to the
immune system at any point?
A.
B.
C.
D.

Viral capsid proteins
Viral nucleic acid
Bacterial cell wall proteins
Red blood cell membrane proteins

Biology

86.

Macrophages express both classes of MHC molecules
(type I and type II) on their plasma membranes. Upon
infection of a macrophage with adenovirus, a viral
protein is generated that binds specifically to MHC type 1
molecules. As a result, these MHC molecules are retained
in the endoplasmic reticulum and not transported to the
plasma membrane. Which of the following is the most
likely consequence of adenoviral infection?

90.

A.

91.

Increased ability of an infected macrophage to
generate and secrete antibodies
B. Decreased likelihood of cytotoxic T-cell destruction
of an infected macrophage
C. Decreased ability of an infected macrophage to
internalize, process, and present extracellular antigen
to helper T-cells
D. Increased ability of an infected macrophage to
process and present antigen to cytotoxic T-cells

87.

88.

A.
B.
C.
D.

92.

primary anti-chickenpox antibody
chickenpox antigen
secondary anti-chickenpox antibody
conjugated enzyme

Which of the following western blotting techniques
correctly pairs the material used as a probe with the
material being detected?
Labeled antibodies are used to detect certain proteins.
Labeled nucleic acids are used to detect certain
proteins.
C. Labeled antibodies are used to detect certain nucleic
acid sequences.
D. Labeled nucleic acids are used to detect certain
nucleic acid sequences.

During the production of urine, the nephron controls the
composition of urine by all of the following physiological
processes EXCEPT:
A.
B.
C.
D.

filtration to leave Na+ in blood.
secretion of solutes into urine.
reabsorption of water.
countercurrent exchange with blood.

excrete urine that is more hypertonic.
excrete less sodium across the membrane.
produce urine that is isotonic to body fluids.
excrete nitrogenous wastes in an insoluble form.

Which of the following occurs in response to low blood
pressure?
I. Increased blood osmolarity due to aldosterone
release from the pituitary gland
II. Increased water retention due to ADH release
from the pituitary gland
III. Systemic vasoconstriction

A.
B.

89.

The descending loop of Henle
The ascending loop of Henle
The distal convoluted tubule
The Bowman’s capsule

Some mammals have unusually long loops of Henle that
maintain steep osmotic gradients. This allows for the
organism to:
A.
B.
C.
D.

93.

the glomerulus.
Bowman’s capsule.
the afferent arteriole, branching from the renal artery.
the peritubular capillaries.

At which portion of the nephron does aldosterone exert its
effect?
A.
B.
C.
D.

When running an ELISA to test for the presence of antichickenpox antibody in a patient’s blood, which of the
following would be bound to the microtiter well plate?
A.
B.
C.
D.

Each of the following is involved in some way with blood
filtration EXCEPT:

A.
B.
C.
D.
94.

III only
I and II
II and III
I, II and III

Which of the following occurs in the nephron in response
to high pH?
A.
B.
C.
D.

Increased bicarbonate secretion
Increased H+ secretion
Increased bicarbonate reabsorption
Increased carbonic acid secretion
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95.

Compared to the human kidney, the kangaroo rat kidney
has very long loops of Henle.  Thus it can produce more
concentrated urine because:
A.

glomerular filtration of plasma occurs at a greater
pressure.
B. more filtrate is processed in a shorter period of time.
C. urine is produced that is hyperosmotic relative to the
blood.
D. it creates a greater osmolar gradient from cortex to
medulla.

96.

What prevents pepsin from destroying the cells of the
stomach that produce this hydrolytic enzyme?
A.

The stomach is coated by a substance that halts the
effect of hydrolytic enzymes.
B. Pepsin remains in an inactive state until it is cleaved
by HCl.
C. Enzymes do not destroy cells that are their
precursors.
D. The amount of pepsin in the stomach is so small that
it cannot destroy stomach cells.

97.

Which of the following is FALSE regarding the digestion
and absorption of nutrients?

99.

The large intestine of humans contains a rich flora of
symbiotic bacteria called Escherichia coli. All of the
following are benefits to either organism EXCEPT that
the bacteria:
A.

live on organic material not otherwise used by
humans.
B. provide vitamin K, which is absorbed in the intestine.
C. produce toxins that inhibit the growth of bacteria
dangerous to humans.
D. invade other tissues of the host and cause disease.

100. Which of the changes occurs during defecation?
A.
B.
C.
D.

Internal anal sphincter is relaxed
External anal sphincter is contracted
Rectal smooth muscle is relaxed
Intra-abdominal pressure is lower than when at rest

101. Herbivores have longer alimentary canals than carnivores
relative to their body size. This evolutionary process
occurred because it allows:
A.
B.
C.
D.

less time for digestion.
for reduced oxygen requirements.
more surface area for absorption of nutrients.
microorganisms to feed off the nutrients.

A.

Pepsin, produced by chief cells, converts
polypeptides to smaller molecules.
B. Chylomicrons are absorbed into lacteals for
circulation in the lymphatic system after filtration
through the intestinal blood capillaries.
C. CCK is released into the bloodstream by the
duodenum.
D. Secretin is released into the bloodstream by the
duodenum.

98.

Which organ is involved in the absorption of all of the
following: amino acids, mono- and disaccharides, and
fatty acids?
A.
B.
C.
D.
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Stomach
Gallbladder
Small intestine
Large intestine
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102. The liver has all of the following functions EXCEPT:
A.
B.
C.
D.

the storage of glycogen.
the conversion of carbohydrates to fats.
deamination of amino acids.
synthesis of red blood cells.

103. A researcher is looking at a tissue sample under a
microscope. The tissue is striated and branched. The cells
are mononucleate and connected to each other via gap
junctions. This tissue is most likely:
A.
B.
C.
D.

skeletal muscle.
cardiac muscle.
multiunit smooth muscle.
visceral smooth muscle.

Biology

104. Which of the following is the most accurate, from largest
to smallest?
A.
B.
C.
D.

Fascicle, myofiber, myofibril, sarcomere
Fascicle, myofibril, myofiber, sarcomere
Fascicle, myofiber, sarcomere, myofibril
Myofiber, myofibril, sarcomere, fascicle

105. All of the following are true EXCEPT:
A.
B.
C.
D.

tropomyosin winds around actin.
calcium binds tropomyosin.
tropomyosin inhibits binding of myosin to actin.
troponin regulates tropomyosin.

106. Which of the following characteristics are true concerning
cardiac muscle?
I. It is striated.
II. It acts as a functional syncytium.
III. It is under the control of the autonomic nervous
system.
A.
B.
C.
D.

I only
II only
II and III only
I, II, and III

107. Which of the following is NOT true of the sarcoplasmic
reticulum (SR)?
A.

It contains ligand-gated Ca2+ channels as well as
Ca2+-ATPase transporters.
B. It functions in regulation of skeletal muscle
contraction.
C. It is a type of smooth endoplasmic reticulum.
D. It functions in calcium sequestering, storage and
release.

108. Which of the following is controlled by the somatic
nervous system?
A.
B.
C.
D.

Skeletal muscle
Cardiac muscle
Multiunit smooth muscle
Visceral smooth muscle

109. Which of the following do both skeletal and cardiac
muscle cells undergo?
I. Depolarization via fast voltage-gated sodium
channels
II. Depolarization plateau due to slow voltagegated calcium channels
III. Repolarization via voltage-gated potassium
channels
A.
B.
C.
D.

I only
III only
I and III
I, II and III

110. During skeletal muscle contraction, which bands can be
seen to contract under the microscope?
A.
B.
C.
D.

The I band and H zone
The A band and H zone
The I and A bands
The Z lines

111. Connective tissue functions to bind and support other
tissues. Which of the following is/are example(s) of
connective tissue?
I. Cartilage
II. Muscle
III. Bone
A.
B.
C.
D.

I only
II only
I and III only
I, II, and III

112. All of the following substances are involved in bone
remodeling EXCEPT:
A.
B.
C.
D.

vitamin D.
parathyroid hormone.
calcitonin.
thyroxine.
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113. Which of the following statements regarding bone
marrow is FALSE?
A.
B.

Red marrow is responsive to erythropoietin.
Adipocytes are the predominant cell type in red
marrow.
C. Yellow marrow is functionally inactive, compared to
red marrow.
D. Red marrow is found in the spongy bone areas
within flat bones.

114. Which of the following statements regarding the
microscopic structure of bone is correct?
A.

Compact bone is vascular but aneural (does not
contain nerves).
B. Compact bone is innervated but is avascular (is not
supplied by blood vessels).
C. Individual osteocytes communicate with one another
via gap junctions.
D. Individual osteons are anatomically separated and
are not connected.

115. Which of the following organ(s) is directly involved in
the synthesis of substances important in bone remodeling?
I. Thyroid
II. Parathyroid
III. Liver
A.
B.
C.
D.

II only
II and III only
I and II only
I, II, and III

116. All of the following describe the effects of parathyroid
hormone on bone metabolism EXCEPT
A.
B.
C.
D.

decreases phosphate excretion in kidneys.
increases bone resorption.
increases calcium reabsorption in the kidneys.
promotes osteoclast activity, compared to osteoblast
activity.

117. Which of the following is the correct sequence for the
movement of air through the respiratory system?
pharynx → larynx → bronchioles → alveoli
larynx → pharynx → bronchioles → alveoli
pharynx → larynx → alveoli → bronchioles →
lungs
D. larynx → pharynx → alveoli → bronchioles →
lungs

A.
B.
C.

118. If the production of surfactant were reduced, which of the
following effects would be most likely to occur?
A.
B.
C.
D.

119. The affinity of hemoglobin for oxygen:
A.
B.
C.
D.

|
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is low in the lungs and high in the tissues.
is high in the lungs and low in the tissues.
is low in the lungs and low in the tissues.
remains constant throughout the body.

120. Which of the following blood vessels carries blood with
the highest PCO2?
A.
B.
C.
D.

Pulmonary vein
Pulmonary artery
Aorta
Renal artery

121. The hemoglobin dissociation curve is “shifted to the left”
by all of the following EXCEPT:
A.
B.
C.
D.

fetal hemoglobin.
decreased carbon dioxide.
decreased temperature.
decreased pH.

122. At which of the following times in the respiratory cycle is
the intrapleural pressure most negative?
A.
B.
C.
D.
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Surface tension in the bronchioles would increase
Surface tension in the bronchioles would decrease
Surface tension in the alveoli would increase
Surface tension in the alveoli would decrease

At the beginning of inhalation
At the end of inhalation
At the beginning of exhalation
At the end of exhalation

Biology

123. A patient presents at a hospital emergency room with a
blockage in his left primary bronchus that completely
obstructs air flow at that point. Compared to the curve for
his right lung, the hemoglobin saturation curve for his left
lung would be:
A.
B.
C.
D.

left-shifted, due to an increase in pH.
left-shifted, due to a decrease in pH.
right-shifted, due to an increase in pH.
right-shifted, due to a decrease in pH.

124. Anemia is characterized by a reduced oxygen-carrying
capacity of the blood, most commonly due to a decrease
in hemoglobin production or a reduction in red blood
cell count. Would an individual who was mildly anemic
due to iron deficiency experience an increase in resting
ventilation rate?
A.

No, anemia does not directly affect blood gas
concentrations or blood pH.
B. No, in the absence of hemoglobin more oxygen
would dissolve in the plasma.
C. Yes, the lack of oxygen would cause blood pH to
increase.
D. Yes, the lack of oxygen would lead to an excess of
carbon dioxide and a decrease in blood pH.

125. Scientists hypothesize that certain types of lung disease
are the result of fragments of plasmid DNA being inserted
into an exon of mRNA, leading to defective proteins.
If a scientist identified a cell line that contained the
mutant mRNA and they wanted to determine the actual
base sequence of the mutation, which of the following
techniques would be most useful in generating a large
amount of genetic material to use for sequencing?
A.
B.
C.

DNA fingerprinting
Gas chromatography
Induction of aberrant growth with Restriction
Fragment Length Polymorphism (RFLP) analysis
D. Reverse Transcriptase Polymerase Chain Reaction
(RT-PCR)

126. Migratory animals that move annually to warmer climates
must dissipate metabolic heat. This is often accomplished
by:
A.
B.
C.
D.

dilating blood vessels in the skin.
shivering.
increased contraction of muscles.
a high metabolic rate.

127. The skin serves which of the following roles?
I. Non-specific immunity
II. Thermoregulation
III. Protection against ultraviolet radiation
A.
B.
C.
D.

II only
II and III only
III only
I, II, and III

128. The effects of aldosterone on sudoriferous (sweat) glands
of the skin are analogous to this hormone’s effects on
nephrons within the kidney. Which of the following is
correct regarding how aldosterone influences the salt
content of sweat?
A.

Aldosterone increases the secretion of sodium,
making sweat more dilute.
B. Aldosterone increases the secretion of sodium,
making sweat more concentrated.
C. Aldosterone decreases the secretion of sodium,
making sweat more dilute.
D. Aldosterone decreases the secretion of sodium,
making sweat more concentrated.

129. All of the following are true regarding the innervation of
skin by the autonomic nervous system EXCEPT:
A.

the sympathetic nervous system causes increased
sweating.
B. postganglionic sympathetic neurons that innervate
sweat glands release acetylcholine.
C. the skin does not receive parasympathetic
innervation.
D. the sympathetic nervous system causes dilation of
blood vessels in the skin.

130. Which of the following structures are derivatives of the
ectoderm?
I. Epidermis of the skin
II. Dermis of the skin
III. Sweat glands
A.
B.
C.
D.

I and II only
II and III only
I and III only
I, II, and III
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131. All of the following are mechanisms by which the skin
functions in thermoregulation EXCEPT:
A.

skin acts as an insulator to maintain heat generated
by metabolism.
B. vasoconstriction of blood vessels in the skin reduces
heat loss by conduction.
C. vasodilation of blood vessels in the skin reduces heat
loss by conduction.
D. skin increases heat loss by evaporation through
sweating.

Spermatozoon
Spermatid
Primary spermatocyte
Secondary spermatocyte

A.

The anterior pituitary secretes FSH, which acts on
interstitial cells.
B. The posterior pituitary secretes LH, which acts on
interstitial cells.
C. Inhibin, released by interstitial cells, inhibits FSH
release.
D. Interstitial cells secrete testosterone, which inhibits
release of LH and FSH.

134. Which of the following is NOT under control of the
sympathetic nervous system in a male?

135.
1

primary
oocyte

2

secondary
oocyte

3

fertilized
egg

4

zygote

Anaphase I of meiosis occurs in which of the phases of
oocyte development shown above?
A.
B.
C.
D.
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137. At birth, females possess the total number of their
potential ova. In oogenesis, meiotic division is arrested
for a long period at which stage?

A.
B.
C.
D.

Primary oocytes
Secondary oocytes
Ovum
Oogonium

follicle.
corpus luteum.
corona radiata.
ovarian medulla.

139. A physician is treating four different women, each of
whom is taking oral birth control pills (BCP). BCPs
generally function to inhibit gonadotropin release and
therefore inhibit ovulation. Which one of the following
patients should be LEAST worried that the BCP will be
ineffective?
A.

Dilation of arteries in the erectile tissue
Emission of sperm and semen through the urethra
Ejaculation of sperm and semen
Resolution, or constriction of arteries in the erectile
tissue

oogonium

thecal cells.
the zona pellucida.
granulosa cells.
the second polar body.

138. The structure which secretes progesterone during the
luteal phase of the ovarian cycle is called the:

133. Which of the following is a true statement?

A.
B.
C.
D.

A.
B.
C.
D.

A.
B.
C.
D.

132. Which of the following cells is NOT haploid?
A.
B.
C.
D.

136. The primary follicle includes each of the following
EXCEPT:

A patient who is taking a weight-loss prescription,
which elevates her liver metabolism levels
significantly
B. A patient with irritable bowel syndrome, who has
been suffering from severe diarrhea frequently in the
last month
C. A patient who is taking a GnRH antagonist, which
competes with GnRH for the GnRH receptor
D. A patient taking an anti-depressant drug, which early
studies have shown might alter hormone levels

Biology

140. At which stage of development are the three germ layers
(the ectoderm, the mesoderm, and the endoderm) first
found?
A.
B.
C.
D.

Morula
Gastrula
Blastula
Neurula

141. In a frog embryo, which of the following cell groups
gives rise to the muscles?
A.
B.
C.
D.

Mesoderm
Endoderm
Ectoderm
Neural tube

142. Which of the following is derived from embryonic
ectoderm?
A.
B.
C.
D.

Liver
Gonads
Muscle
Cerebellum

145. A mesodermal cell originally destined to become a heart
cell gets transplanted to another location where cells
become bone cells. The mesodermal cell now develops
into a bone cell instead of a heart cell. The process that
occurred is:
A.
B.
C.
D.

determination.
differentiation.
induction.
imprinting.

146. If a baby is born with both male and female genitalia,
which of the following is a possible explanation?
A.

The baby is genetically male and there was a
mutation in the gene for Mullerian inhibiting factor.
B. The baby is genetically female and there was a
mutation in the gene for Wolffian inhibiting factor.
C. The baby is genetically male and there was a
mutation in the gene for Wolffian inhibiting factor.
D. The baby is genetically XXY and the extra X
chromosome caused a surge in estrogen leading to
development of both genitalia.

143. Human chorionic gonadotropin (hCG) is secreted from
which structure to help maintain pregnancy?
A.
B.
C.
D.

Inner cell mass
Zygote
Morula
Trophoblast

144. Which of the following is not derived from the inner cell
mass of a blastocyst?
A.
B.
C.
D.

Trophoblast
Embryo
Amnion
Allantois
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Passage 1 (Questions 1-8)
Bacterial glycolysis involves the oxidation of simple sugars,
resulting in a net production of ATP. Aerobic bacteria generate
further ATP in a process similar to that which occurs on the
electron transport chain along the mitochondrial membrane in
animal cells. Anaerobic bacteria use some of the ATP derived
from glycolysis to establish a transmembrane proton-motive
force that drives a variety of cellular functions. Both systems are
illustrated in Figure 1.
respiratory chain
H

ATP synthetase
H+

+

Vibrio alginolyticus is an alkali-tolerant marine bacterium
with an internal salt concentration less than that of its normal
surrounding medium. In studying the activity of various
transport systems in V. alginolyticus, researchers devised the
following experiment: One batch of V. alginolyticus was grown
in a sodium-free environment, enriched with radiolabeled lysine,
while another batch was exposed to both hypertonic sodium and
radiolabeled lysine. The bacteria were removed from the media
and then analyzed for radioactivity. The researchers discovered
that the uptake of basic amino acids by V. alginolyticus
is dependent on the activity of the cation-driven transport
mechanism shown in Figure 2. Only the bacteria grown in a
sodium-enriched environment took up the labeled lysine.
Inside

Outside

ADP + P
Na+
amino
acid

ATP
+

+

H

H

lactose

proline

H+

lysine

succinate
+

Na
bacterial
plasma
membrane

H+

H+

ATP

ATP synthetase

ADP + P
H+

H+

lactose

proline

+

H+

H

lysine

succinate
Na+
H+
(B) anaerobic conditions
Figure 1
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1.

Any conclusions derived from the experiment are justified
only with the assumption that the radioactive labeling
technique:
A.
B.
C.
D.

(A) aerobic conditions

518

Figure 2

H+

increases the uptake of neutral amino acids.
does not affect the transport mechanism.
decreases the uptake of aspartate.
increases the rate of acidic amino acid uptake.

Biology

2.

None of the following is supported by the information in
the passage EXCEPT:

6.

A.

aerobes only import hydrogen ions, while strict
anaerobes must import and export hydrogen ions.
B. anaerobes have an ATP synthetase that is only active
when bound to a phosphate group, whereas aerobic
ATP synthetase is active when it loses a phosphate
group.
C. anaerobic ATP synthetase functions identically to
aerobic ATP synthetase, but anaerobes lack a fully
functioning respiratory chain.
D. aerobes establish a proton gradient to generate ATP
from ADP and inorganic phosphate, while anaerobes
hydrolyze ATP to generate a proton gradient.

3.

4.

molecular oxygen.
lactic acid.
NAD+.
sodium chloride.

In Figure 1, the tertiary structure of the hydrophilic
sodium–hydrogen transport channel would best
accommodate which of the following substances?
A.
B.
C.
D.

5.

A.
B.
C.
D.

7.

Anions
Cations
Phosphoric acids
Neutral compounds

V. alginolyticus are aerobic bacteria.
V. alginolyticus produce ATP strictly anaerobically.
ATP is required in the medium for lysine import.
The Na+ gradient is insufficient to drive lysine
import.

For the aerobic bacteria depicted in Figure 1, which of the
following will occur if the pH of the medium is lowered
slightly by the addition of lactic acid?
A.
B.

ATP synthesis will decrease.
The bacteria will switch to anaerobic ATP
production.
C. The rate of lactose import will increase.
D. Electron transport and ATP production will be
uncoupled.

One of the necessary components of bacterial glycolysis
is:
A.
B.
C.
D.

If no radiolabel is found inside cells at the end of the
experiment measuring lysine import in V. alginolyticus,
then which of the following can be concluded?

8.

A student transported specimens of V. alginolyticus
from their original habitat to a basin of fresh water. With
reference to their surrounding medium, they:
A.
B.
C.
D.

changed from hypertonic to hypotonic.
changed from hypotonic to hypertonic.
changed from isotonic to hypotonic.
remained isotonic in both environments.

In the experiment, if the researchers had replaced sodium
with magnesium, they most probably would have found:
A.

substantially decreased lysine uptake in the two
samples of bacteria.
B. substantially greater uptake of lysine in the sodiumfree portion.
C. enhanced flagellar movement in the magnesiumenriched sample.
D. enhanced uptake of aspartate and glutamate.
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Passage 2 (Questions 1-7)

•

In oxidative metabolism, mitochondria produce energy by
using acetyl-CoA to ultimately fuel the conversion of ADP to
ATP. The processes employed in cellular respiration are called
the citric acid cycle and oxidative phosphorylation. The citric
acid cycle, also known as the Krebs cycle, generates high-energy
electrons using acetyl-CoA which is derived from the end product
of glycolysis. The citric acid cycle is presented in Figure 1.

The intermediates of the citric acid cycle were then
isolated and examined for the presence of radioactive
labeling.

Radioactive labeling persisted in citrate, isocitrate, and
α-ketoglutarate but disappeared entirely in the formation of
succinate, as shown in Reaction 1.
COO –
CH 2

CoA + H+

C

1

2

Oxaloacetate

NAD +

H2 O
4

Fumarate
7

CO2

Succinate

CoA
5
SuccinylCoA

GTP

Reaction step

NAD +
NADH

CO 2

GDP + Pi

Enzyme

1

Citrate synthetase

2

Aconitase

3

Aconitase

4

Isocitrate dehydrogenase

5

a-Ketoglutarate dehydrogenase complex

6

Succinyl-CoA synthetase

7

Succinate dehydrogenase

8

Fumarase

9

Malate dehydrogenase
Figure 1

A study was conducted to determine the nature of the enzyme
attack on a symmetrical molecule in the citric acid cycle:
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Radioactive labeling was applied to the carboxyl carbon
more distant from the keto group of oxaloacetate. The
labeled oxaloacetate was added to cell extract including
the necessary enzymes and cofactors of the citric acid
cycle.
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C

COO – →

HC
HO

COO – →

CH

CH 2 →
C

O

*COO–

*COO–

Isocitrate

α-Ketoglutarate

COO –
CH 2

+ *CO 2

CH 2
COO –
Succinate

The CO2 molecule was discovered to be labeled with 100%
of the 14C. [Note: (*) represents radioactive carbon.]

NADH

α-Ketoglutarate
6

•

CH 2

Reaction 1

Isocitrate

CoA

CH 2

Citrate

3

8

FAD

CH 2

*COO–

Oxaloacetate

Malate

FADH 2

COO –

CH 2

9

+

COO –

cis-Aconitate

NADH + H +
NAD

+ acetyl-CoA → HO

*COO–

Citrate

Acetyl- H2 O
CoA

O

COO –

1.

Based on Reaction 1, an important interpretation of the
experimental results is that the:
A.

two symmetrical halves of the citrate molecule were
acted upon equally by aconitase.
B. two symmetrical halves of the citrate molecule were
not acted upon equally by aconitase.
C. α-ketoglutarate decarboxylation was the ratelimiting step in the reaction α-ketoglutarate →
succinate.
D. α-ketoglutarate was acted upon by the asymmetrical
enzyme succinate dehydrogenase.

Biology

2.

With reference to Figure 1, what is the net reaction of the
citric acid cycle per glucose?
Acetyl-CoA + 3NAD+ + FAD + GDP + Pi + 2H2O →
2CO2 + 3NADH + FADH2 + 2GTP + 2H+ + CoA
B. 2Acetyl-CoA + 6NAD+ + 2FAD + 2GDP + 2Pi +
4H2O → 4CO2 + 6NADH + 2FADH2 + 2GTP + 4H+
+ 2CoA
C. Acetyl-CoA + 6NAD+ + 2FAD + 2GDP + Pi + H2O
→ CO2 + 6NADH + 2FADH2 + 2GTP + 2H+ + CoA
D. Acetyl-CoA + 3NAD+ + FAD + GDP + Pi + H2O →
2CO2 + 3NADH + FADH2 + GTP + 3H+

6.

A.

3.

If, in an aerobic organism, the Krebs cycle were suddenly
arrested while glycolysis proceeded, the cell would most
likely experience an increase in:
A.
B.
C.
D.

4.

A.
B.
C.
D.
7.

cytosol of the cell.
plasma membrane.
endoplasmic reticulum.
matrix of the mitochondria.

Aconitase is able to approach citrate in a specific
orientation which differentiates between citrate’s
CH2COO– groups. Which of the following is true
concerning the citrate molecule?
I. It is symmetrical.
II. It lacks a chiral center.
III. It is optically inactive.
A.
B.
C.
D.

I only
I and II only
I and III only
I, II, and III

With reference to Figure 1, what types of reactions
occurred to yield α-ketoglutarate from isocitrate?
A.
B.
C.
D.

5.

glucose consumption.
number of cytochromes.
quantity of lactic acid.
quantity of ATP.

In order to study the mechanism by which pyruvate is
converted to acetyl CoA, the enzyme responsible for the
conversion had to be located. It would most likely be
found in the:

Substrate-level phosphorylation and hydration
Decarboxylation and hydration of NADH
Decarboxylation and oxidation of NADH
Decarboxylation and reduction of NAD+

The fact that all of the radioactive carbon was found in
the released CO2 and none had remained in succinate was
an important experimental finding. Given the symmetrical
nature of the citrate metabolite, what alternative outcome
might a scientist assume to find?
A.

75% of the labeling in the CO2 and 25% of the
labeling in the succinate
B. 25% of the labeling in the CO2 and 75% of the
labeling in the succinate
C. 100% of the labeling in the succinate
D. 50% of the labeling in the CO2 and 50% of the
labeling in the succinate

© The Princeton Review, Inc.
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Passage 3 (Questions 1-6)

1.

Lysozyme is a small enzyme that cleaves the cell walls of
bacterial organisms. A major component of the bacterial cell wall
is made of alternating polymers of N-acetylglucosamine (NAG)
and N-acetylmuramate (NAM) polysaccharides. NAG and NAM
are joined together by β glycosidic bonds between C–1 of one
sugar and C–4 of the other (see Figure 1). Hydrolytic reactions
have shown that lysozyme cleaves the bond between one of the
sugar residues and the oxygen of the adjacent residue.
C

D

E

F

CH 2 OH

CH 2 OH

CH 2 OH

CH 2 OH

O

O
O

OH

O

C

CH 3

O

NAG

C

O

C

3.

NAM

X-ray studies were conducted to determine the steps in the
catalytic mechanism of the enzyme. Initial studies conducted to
isolate the active site of the enzyme were difficult because the
enzyme lacks a prosthetic group. Current studies have found that
several amino acids, in particular glutamic acid and aspartic acid,
participate in the hydrolysis of the reaction. The result of the
study is shown below:
NAM

NAM

O

E

C4
O
Glu
35

H

O

H
Glu
35

C1
O

O

C4

H
O

O

C

O

D

C1
O

O

D

A

NAG

NAG

Step 2

Step 1
O

A

=

C

Asp
52

O

H+
H

O
Glu
35

|

O

D

O
Glu
35

C1

C
O
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A

H

HO
O

NAG

NAG

Step 3

Step 4
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H
C1

C
O

4.

α-1,4-glycosidic bond.
β-1,4-glycosidic bond.
α peptide bond.
α hydrogen bond.

A prosthetic group plays a major role in the identification
of an enzyme. Which of the following statements about
prosthetic groups are true?
I. They are non-protein organic molecules
associated with the enzyme.
II. They are added to proteins after translation.
III. They are needed in order for some enzymes to
catalyze reactions.

H

C

A

The cleavage of the bond between the NAM and NAG
residues is due to the hydrolysis of a(n):
A.
B.
C.
D.

Figure 1

E

increase in the osmotic pressure in the cell.
increased rate of ATP consumption.
influx of water through the plasma membrane.
increase in protein production in the cell.

O

CH 3

NAG

pepsin.
insulin.
chymotrypsin.
amylase.

If the cell wall of a bacterium in hypotonic medium is
destroyed by lysozyme, this will lead to an:
A.
B.
C.
D.

NH

CH 3

NAM

2.

OR

NH

CH 3

A.
B.
C.
D.

O
O

OH

NH

NH
C

O
O

OR

All of the following are examples of enzymes which
participate in hydrolytic reactions EXCEPT:

D

A

A.
B.
C.
D.

I and II only
I and III only
II and III only
I, II, and III

Biology

5.

In Steps 1 and 2 depicted in the diagram, it can be
concluded that glutamic acid 35 acts as:
A.
B.
C.
D.

6.

a hydrogen acceptor.
a hydrogen donor.
an inorganic catalyst.
a weak base.

Which of the following procedures would be the best
method to identify the specific site of cleavage by the
enzyme?
A.
B.
C.
D.

Using radioactive water as a solvent
Using radioactive Asp 52 in the reaction
Using excess Glu 35 in the reaction
Lowering the pH

Passage 4 (Questions 1-7)
Photosynthesis is the process plants use to derive energy
from sunlight and is associated with a cell’s chloroplasts. The
energy is used to produce carbohydrates from carbon dioxide
and water. Photosynthesis involves light and dark phases. Figure
1 represents two initial steps associated with the light phase.
The light phase supplies the dark phase with NADPH and a
high-energy substrate.
A researcher attempted to produce a photosynthetic system
outside the living organism according to the following protocols:
•

Chloroplasts were extracted from green leaves and
ruptured, and their membranes were thereby exposed,
then a solution of hexachloroplatinate ions carrying a
charge of –2 was added.

•

The structure of the composite was analyzed, and the
amount of oxygen produced by the system was measured.

The researcher concluded that the ions were bound to the
membrane’s Photosystem 1 site by the attraction of opposite
charges. The resulting composite is shown in Figure 2. It was
found that the hexachloroplatinate-membrane composite was
photosynthetically active.
H

O
C
O
–

H

OH

OH
O

O

OH

OH

H
–

O

H

H

OH

H
2–
OPO3

N

N

N

N

H

NH2

H

H

Light

H

N

N

O P O CH2

H

O

NH2

H

O

H

H

NH2

N

O P O CH2

H

H

–

O
–

O

O
C

N

O P O CH2

H

NH2

O P O CH2
O

H
N

N
O

H

H

OH

H
OPO32–

H

(NADPH)

(NADP +)
2e–
H+

to Dark Phase

Photosystem 1
Light

2e–
1
2

H2 O

O2 + H+

Photosystem 2
Figure 1
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Cl
Cl

Cl
Pt

Cl

2–

4.

Cl
Cl

A.
B.
C.
D.

Photosystem 1

Figure 2
1.

2.

5.

In concluding that the hexachloroplatinate ions were
bound to Photosystem 1 due to the attraction of opposite
charges, the researchers apparently assumed that the
structure of the membrane was:
A.
B.
C.
D.

If NADP+ is fully hydrolyzed to its component bases,
phosphates, and sugars, what type of monosaccharide
would result?

determined solely by hydrophobic bonding.
positively charged.
covalently bound to the platinate.
negatively charged.

Figure 1 indicates that:

7.

In addition to NADPH, the photosynthetic light phase
must supply the dark phase with another molecule which
stores energy for biosynthesis. Among the following, the
molecule would most likely be:
A.
B.
C.
D.

524
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ADP.
CO2.
inorganic phosphate.
ATP.
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decarboxylate free carboxyl groups.
hydrolyze peptide bonds.
repolymerize peptide bonds.
hydrolyze amide branch points.

A researcher examined a sample of the principal
substance produced by the photosynthetic dark phase and
concluded that he was working with a racemic mixture
of glucose isomers. Which of the following experimental
findings would be inconsistent with such a conclusion?
A.

3.

decreased levels of NADPH.
increased levels of NADPH.
increased levels of carbohydrate.
increased photoactivation of the chloroplast.

To determine the primary structure of the protein portion
of Photosystem 1, a series of cleavage reactions was
undertaken. To break apart the protein, the most logical
action to take would be to:
A.
B.
C.
D.

A.

photoactivation of the chloroplast membrane
results in the reduction of the anhydride-containing
molecule NADP+.
B. electrons are lost from Photosystem 1 through the
conversion of NADPH to NADP+, and are replaced
by electrons from Photosystem 2.
C. there is a net gain of electrons by the system.
D. electrons are lost from Photosystem 1 through
the conversion of NADP+ to NADPH, but are not
replaced by electrons from Photosystem 2.

If in a given cell the photosynthetic dark phase were
artificially arrested while the light phase proceeded, the
cell would most likely experience:
A.
B.
C.
D.

6.

A three-carbon triose
A hexose
A pentose
An a-D-glucose

The sample is composed of carbon, hydrogen, and
oxygen only.
B. The sample consists of an aldohexose.
C. The sample rotates the plane of polarized light to the
left.
D. The sample is optically inactive.

Biology

Passage 5 (Questions 1-6)

3.

Fermentation is an anaerobic process that results in the
conversion of high-energy substrates to various waste products.
Fermentation harvests only a small amount of the energy stored
in glucose. There are two common types: alcoholic fermentation
and lactic acid fermentation. In alcoholic fermentation the
conversion of pyruvic acid to ethanol is a two-step process. In
lactic acid fermentation the conversion of pyruvic acid to lactic
acid is a one-step process (Figure 1).
2 ADP

O

O

OH C

C

2 ATP

Glucose

A.
B.
C.
D.
4.

CH 3

2 Pyruvic acid

+

D

H
D +
NA H
2 +2

2

NA

5.

O OH
OH C

C

CH 3

H

2 Lactic acid
(acid fermentation)

2 CO

2 NADH
+ 2H+

O
H C

H

C

OH

CH 3

2 Acetaldehyde

2 Ethanol
(alcoholic fermentation)
Figure 1
1.

6.

Human muscle cells behave in a manner similar to:
A.
B.
C.
D.

strict aerobes.
facultative anaerobes.
anaerobes.
obligate aerobes.

In all fermentation processes the final acceptor of
electrons from NADH is:
A.
B.
C.
D.

2.

glucose is oxidized.
NAD+ is regenerated.
high-energy electrons are passed to NAD+.
ATP is produced.

H

+

2 NAD

CH 3

It increases respiratory rate.
It decreases respiratory rate.
It has no effect on respiratory rate.
Respiratory rate will initially decrease and then
rapidly level off.

One of the ways in which fermentation differs from
glycolysis is that, in fermentation:
A.
B.
C.
D.

2

electron acceptor for the oxidation of NADH.
electron acceptor for the reduction of NAD+.
electron donor for the oxidation of NADH.
electron donor for the reduction of NAD+.

When lactic acid accumulates in muscles it is gradually
carried away by the blood to the liver. What effect does
lactic acid have on respiratory rate?
A.
B.
C.
D.

+

2 NAD 2 NADH
+ 2H+

In lactic acid fermentation, pyruvic acid (the end product
of glycolysis) serves as an:

O2.
NAD+.
an alcohol.
an organic compound.

During alcoholic fermentation, the molecules pyruvic acid
and acetaldehyde are, respectively:
A.
B.
C.
D.

decarboxylated and phosphorylated.
reduced and decarboxylated.
decarboxylated and reduced.
decarboxylated and oxidized.
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Passage 6 (Questions 1-9)
***ADVANCED PASSAGE***

1.

Fatty acid oxidation proceeds by the sequential removal
of two-carbon units. Before fatty acids are oxidized they
are covalently bound to coenzyme A (CoA) on the outer
mitochondrial membrane. CoA has a sulfur atom which attacks
the carbonyl carbon of the fatty acid; water is the leaving group.
This reaction is driven forward by the hydrolysis of two highenergy phosphate bonds. The rest of the oxidation occurs in the
mitochondrial matrix; the acyl-CoA is transported across the
inner mitochondrial membrane by a special transport molecule.
In each cycle of fatty acid degradation (Figure 1), an acyl-CoA
is shortened by two carbons, until only a two- or three-carbon
chain remains. This occurs by a process known as b-oxidation,
in which the b-carbon of the fatty acyl-CoA is oxidized to a
carbonyl and then attacked by another CoA’s sulfur atom. In
this case the original CoA molecule plus its bound acetyl group
is the leaving group. The acetyl-CoA produced from fatty acid
oxidation can enter the citric acid cycle for further oxidation to
carbon dioxide. The citric acid cycle yields 3 NADH + 1 FADH2
+ 1 GTP per acetate which can all be converted to ATP and has an
overall ∆G°′ of –9.8 kcal/mol.

Cn-acyl-CoA + FAD + NAD+ + H2O + CoA →
Cn–2-acyl-CoA + FADH2 + NADH + acetyl-CoA + H+
B. Cn-acyl-CoA → Cn–2-acyl-CoA + acetyl-CoA
C. Cn-acyl-CoA + H2O → acetyl-CoA
D. Cn-acyl-CoA + FAD + NAD+ + H2O →
Cn–2 acyl-CoA + FADH2 + NADH + acetyl-CoA

A.

2.

3.

acyl-CoA

4.

FAD

β-ketoacyl-CoA

NADH+H+
L-hydroxyacyl-CoA

NAD+

5.

A key experiment in elucidating this mechanism of fatty
acid oxidation was carried out by Francis Knoop. When he
fed dogs the fatty acid phenylpropionate, their urine contained
benzoate. Similarly, phenylbutyrate in the dogs’ food resulted in
phenylacetate in their urine. In both instances, the starting fatty
acid was shortened by two carbons.

B.

C.

D.

O
O
O
O

Phenylpropionate

Phenylbutyrate

Both occur in the mitochondrial matrix.
Both pathways use or produce NADH.
Both pathways use the same enzymes.
Both pathways use or produce acetyl-CoA.

Which of the following would be present in the urine of
dogs that were fed phenylpalmitate? (Note: Palmitate is a
16-carbon fatty acid.)
A.

Figure 1 The cycle of b-oxidation

© The Princeton Review, Inc.

Fatty acid oxidation and fatty acid biosynthesis share
which of the following traits?
A.
B.
C.
D.

enoyl-CoA
H2O

|

28 ATP
35 ATP
106 ATP
108 ATP

FADH2

CoA-SH

526

isomerization.
hydration.
reduction.
oxidation.

How many ATP would be produced if a 16-carbon fatty
acid, were completely oxidized to CO2 and H2O?
A.
B.
C.
D.

HS-CoA + ATP + H2O

acetyl-CoA

The conversion of acyl-CoA to enoyl-CoA is best
classified as a(n):
A.
B.
C.
D.

fatty acid

AMP + 2Pi + 2H+

The equation for one turn of the fatty acid degradation
cycle is:

CH2 CH2COO

CH2 COO

COO

OH

Biology

6.

If the concentration of acetyl-CoA produced from
fatty acid oxidation is very high, the citric acid cycle is
overwhelmed and acetoacetate and other ketone bodies
form. The reason this occurs is that:
A.

insufficient citrate is present to combine with acetyl
CoA.
B. insufficient oxaloacetate is present to combine with
acetyl-CoA.
C. acetyl-CoA can be converted to glucose.
D. acetoacetate spontaneously decarboxylates to give
acetone.

7.

The enzyme responsible for the conversion of
L-hydroxyacyl-CoA to ketoacyl-CoA is a:
A.
B.
C.
D.

8.

hydratase.
reductase.
dehydrogenase.
transacylase.

Which other reaction(s) occur(s) in the same location as
fatty acid oxidation?
I. Citric acid cycle
II. Glycolysis
III. The decarboxylation of pyruvate to acetyl-CoA
A.
B.
C.
D.

III only
I and II only
I and III only
I, II, and III

Passage 7 (Questions 1-8)
The pentose phosphate pathway (PPP) produces ribose5-phosphate from glucose-6-phosphate, and generates NADPH,
which is used by the cell in biosynthetic pathways (such as fatty
acid biosynthesis) as a reducing agent. Ribose-5-phosphate
is converted to 5-phosphoribosyl-1-pyrophosphate (PRPP)
by the enzyme ribose phosphate pyrophosphokinase. PRPP
is an essential precursor in the biosynthesis of all nucleotides.
Ribose phosphate pyrophosphokinase is inhibited by high
levels of both purine or pyrimidine nucleotides. The committed
step in purine nucleotide synthesis is catalyzed by the enzyme
amidophosphoribosyl transferase, which uses glutamine and
PRPP as substrates. This enzyme is inhibited by AMP and GMP
and is activated by high concentrations of PRPP. An intermediate
in purine biosynthesis is inosine monophosphate (IMP). The
conversion of IMP to AMP is inhibited by AMP, and the
conversion of IMP to GMP is inhibited by GMP. An essential
precursor in pyrimidine biosynthesis is carbamoyl phopshate,
which is generated by the enzyme carbamoyl phosphate synthase.
This enzyme is inhibited by UTP and activated by ATP and PRPP.
The production of CTP from UTP is inhibited by CTP. These
reactions are summarized in Figure 1.
2 NADP +

2 NADPH + 2 H +

Glucose-6-P

Ribulose-5-P
CO 2

H2 O

PPP

Fructose-6-P

Ribose-5-P
Glyceraldehyde-3-P

Xylulose-5-P
ATP

Ribose
phosphate
pyrophosphokinase

AMP

Depriving a cell of oxygen would have what effect on the
cycle of b-oxidation?
id
o
tra pho
ns sph
fe o
ra rib
se o
s

yl

PRPP
(5-Phosphoribosyl-1-pyrophosphate)

A.

The cycle would accelerate as energy needs in
creased.
B. The availability of CoA would decrease.
C. FADH2 and NADH would accumulate and the cycle
would slow.
D. Fermentation would occur instead of acetyl-CoA
synthesis.

A
m

9.

Glutamine
Carbamoyl
phosphate
synthase

Intermediate 1
(IMP)
–
GMP

CTP

CO 2
ATP

Carbamoyl
phosphate

–
AMP

–

UTP

Intermediate 2

Figure 1 Biosynthetic pathway
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1.

The reaction of glucose-6-phosphate to ribulose-5-phos
phate is a(n):
A.
B.
C.
D.

2.

3.

7.

AMP and GMP only
UTP and CTP only
AMP, GMP, and CTP only
AMP, GMP, CTP, and UTP

ribose-5-phosphate.
pyrimidines.
purines.
both pyrimidines and purines.

Which of the following is the balanced equation for the
conversion of 1 mole of glucose-6-phosphate (G6P) into
PRPP?
G6P + ATP → PRPP + AMP
G6P + H2O + 2 NADP+ → PRPP + CO2 + 2 NADPH
+ H+
C. G6P + H2O + 2 NADP+ + ATP → PRPP + CO2 +
AMP + 2 NADPH + 2 H+
D. G6P + H2O + 2 NADP+ + ATP → PRPP +
glyceraldehyde-3-phosphate + F6P + CO2 + AMP +
2 NADPH + 2 H+

A.
B.

5.

Which of the following result(s) from the pentose phos
phate pathway?
I. Production of NADPH
II. Production of glycolytic intermediates
III. Production of ribose-5-phosphate
A.
B.
C.
D.
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I only
II only
I and III only
I, II, and III
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Which of the following is/are true of the pentose
phosphate pathway?

A.
B.
C.
D.
8.

4.

glutamine and PRPP only
Carbamoyl phosphate and PRPP only
Glutamine, carbamoyl phosphate, and PRPP only
Glutamine, CO2, ATP, and PRPP only

I. It is more active in adipose tissue than muscle.
II. NADPH is produced and can be used
to generate ATP through oxidative
phosphorylation.
III. It is a series of isomerizations of six carbon
sugars.

The presence of high concentrations of ATP stimulates
production of:
A.
B.
C.
D.

According to the diagram, which of the following are
reactants for the production of purines?
A.
B.
C.
D.

carboxylation of G6P.
reduction of G6P.
oxidation of G6P.
isomerization of G6P.

Synthesis of which of the following are subject to endproduct inhibition?
A.
B.
C.
D.

6.

I only
I and II only
II and III only
I, II and III

It can be inferred from the passage that TTP is made from:
I.
II.
III.
IV.
A.
B.
C.
D.

glutamine.
carbamoyl phosphate.
intermediate 1.
intermediate 2.
III only
I and II only
I and III only
I, II, and IV only

Biology

Passage 8 (Questions 1-8)

1.

Amphioxus is a chordate that has an embryological
development similar to that of human. Cleavage of the fertilized
zygote results in the formation of a morula. The blastula
stage follows; the blastula is composed of about 500 cells.
Gastrulation then occurs, resulting in three distinct germ layers.
The experiments below studied the effect of irradiation on
embryological development from zygote to gastrula. Only nonirradiated cells formed normal embryos.

A.
B.
C.
D.
2.

Experiment 1
To determine the effects of radiation on embryological
development, Amphioxus zygotes were exposed to gamma
radiation, while unexposed zygotes served as controls. The timing
of morula, blastula, and gastrula formation was closely watched.
Figure 1 illustrates the results for controls and two samples of
irradiated zygotes with unique developmental patterns.

3.

7 minutes

30 minutes blastula

0 minute zygote

3 minutes

8 minutes blastula

Sample A-1

0 minute zygote

7 minutes

30 minutes zygote

double helix formation.
base-pair specificity.
replication of both DNA templates.
translation.

The reduction in cell size from zygote to blastula in the
Amphioxus controls and Sample A-1 is most likely due to:
A.
B.
C.
D.

Sample B-1

Fertilization
Cleavage
Blastulation
Gastrulation

The process illustrated in Figure 1 most directly
affected by irradiation which alters the rate of embryo
development is:
A.
B.
C.
D.

4.

Oogenesis
DNA replication
Transcription
DNA double helix formation

In Experiment 3, the B-1 sample had entered which stage
of development by the end of 40 minutes?
A.
B.
C.
D.

Control
0 minute zygote

In studying the effects of radiation on Amphioxus blastula
development, what process would be of greatest interest?

loss of DNA.
decreases in amount of cytosol per cell.
feedback inhibition.
rRNA degeneration.

Figure 1
5.
Experiment 2
Irradiated sample A-1 was analyzed for the production of a
protein which induces mitosis. It was significantly above normal
levels. When non-irradiated controls were exposed to these
increased levels of mitosis-inducing protein, blastulas were
formed within 8 minutes.
Experiment 3
Irradiated sample B-1 was analyzed for the production
of mitosis-inducing protein. It was found that levels of this
protein was significantly below normal. When the B-1 sample
was exposed to higher levels of the protein at 30 minutes, the
endoderm, mesoderm, and ectoderm layers were detected
at 40 minutes. Induction protein produced by this sample was
analyzed and found to have the same amino acid sequence as that
produced by non-irradiated controls.

On what basis can one assume that the change in the
development of Sample B-1 is NOT due to mutation of
the genome coding for the mitosis-inducing protein?
A.

The B-1 protein has the same sequence as the control
protein.
B. The gene for the B-1 protein assorts according to the
Hardy–Weinberg principle.
C. Non-irradiated controls underwent morulation when
exposed to Sample A-1 levels of inducing protein.
D. Neither the A-1 nor the B-1 sample developed into
normal embryos.
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6.

What finding demonstrates that A-1 protein levels did
not induce B-1 type growth patterns in non-irradiated
controls?
A.

The rate of development increased in controls
exposed to A-1 protein levels.
B. The rate of development in sample B-1 was very
slow after irradiation.
C. Radiation-induced mutations were present in both
A-1 and B-1.
D. The absence of meiosis in blastulation

7.

On studying the results summarized in Figure 1, a
scientist concluded that radiation affected Amphioxus
development by causing mutations in DNA. What
assumption must be true for this conclusion to be valid?
A.

Embryological development is not affected by
protein induction.
B. Translation activity is radiation-insensitive.
C. Radiation decreased levels of inducing proteins in all
samples.
D. Many genes in both A-1 and B-1 must be defective
after irradiation.

8.

If the radiation-induced DNA mutations were carried into
maturity, the gametes of the adult Amphioxus would carry
at most:
A.
B.
C.
D.

no copies of the mutations.
one set of the mutations on the tRNA.
one set of the mutations on the DNA.
two sets of the mutations on the DNA.

Passage 9 (Questions 1-7)
A multicellular, eukaryotic organism under investigation is
known to have highly active mechanisms for DNA replication,
transcription, and translation. The organism has both a haploid
and a diploid state. In the haploid state, there is only one copy
of each chromosome in the DNA complement. The diploid
form has two copies of each chromosome that are usually
homozygous for most traits. To further study this organism, two
mutations were induced (mutants No. 127 and No. 136). These
mutants demonstrated unique phenotypes when observed under
ultraviolet light.
Experiment 1:
To elucidate the chain of events in transcription and
translation, a wild-type variant of the organism was exposed to
standard mutagens, including nitrous acid, which resulted in the
creation of the two mutants. The researchers then analyzed the
exact sequence of events leading from DNA to RNA to protein
products. Figure 1 illustrates this sequence for the wild-type
organism and the two mutants created.
Normal Type
GTA ← Sense DNA

TCA

CGA

ATG

AGT

GCT

TAC

CAT ← Template DNA strand

1 2 3

4 5 6

7 8 9

10 11 12

↓ transcription
UCA

CGA

AUG

GUA ← RNA strand

Ser — Arg — Met — Val
Mutant No. 127
TCA

CGA

GTG

GTA

AGT

GCT

CAC

CAT ← Template DNA strand

UCA

CGA

GUG

GUA ← RNA strand

Ser — Arg — Val — Val
Mutant No. 136
TCA

TGA

ATG

GTA

AGT

ACT

TAC

CAT ← Template DNA strand

UCA

UGA

AUG

GUA ← RNA strand

Ser

Termination
codon

Ser = Serine, Arg = Arginine, Met = Methionine, Val = Valine
Figure 1
Mutant No. 127 was plated onto a petri dish and grown with
as its carbon source. The organism showed growth
and reproduction patterns similar to the wild type, including
the generation of a haploid stage. Mutant No. 136 was similarly
treated and also showed stable growth patterns.
D-glucose
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Experiment 2:

5.

Mutants No. 127 and No. 136 were exposed to a virus to
which the wild type is immune. Mutant No. 127 was also found
to be resistant, while mutant No. 136 was destroyed by the
virus. The haploid form of mutant No. 136 was then fused with
the haploid form of the normal type. This produced a diploid
organism which was protected against the action of the virus.
The diploid form of mutant No. 136 was not protected.

A.

Mutant No. 127 replicates at a different rate than
does mutant No. 136.
B. Mutation No. 127 protects against a naturally
occurring virus while mutation No. 136 does not.
C. The No. 127 mutant is found in man; the No. 136
mutant is found in birds.
D. Both mutations (No. 127 and No. 136) produce
protein products of variable length.

Figure adapted from Alice Smith, Principles of Microbiology, 8th edition © 1977.

1.

In labeling the RNA but not DNA in mutants No. 127 and
No. 136, which of the following radioactive molecules
would be most useful?
A.
B.
C.
D.

2.

3.

Labeled phosphate
Labeled thymine
Labeled uracil
Labeled D-ribose

1
2
3
4

The No. 136 mutation seen in Figure 1 is caused by a
defect in:
A.
B.
C.
D.

4.

6.

DNA replication.
transcription.
translation.
post-translational modification.

A student, upon studying Figure 1, concluded that
single point mutations in DNA can alter the size of the
translated product. What finding allowed her to reach this
conclusion?
A.

Mutant No. 136 produces a larger-sized protein than
mutant No. 127.
B. Valine is represented by two different codons in the
growing polypeptide.
C. Point mutations lead to an increased size of the RNA
segment.
D. An DNA point mutation can create a termination
codon which abruptly ends the growing polypeptide.

In Experiment 2, how many copies of the No. 136
mutation occurred in the surviving diploid?
A.
B.
C.
D.

One can reason that mutant No. 136 represents a less “fit”
organism in the Darwinian sense than mutant No. 127 by
noting which of the following results?

7.

If mutants No. 127 and No. 136 are kept in separate
dishes and other mutations arise such that the two mutants
can no longer reproduce sexually with each other, the
process that has taken place can be described as:
A.
B.
C.
D.

genetic variability in a population.
phenotypic variation due to niche variability.
geographic isolation leading to speciation.
random mutation leading to population control.

Mutant No. 136’s codon mutation eventually results in a
nonfunctioning, nonprotective peptide due to termination
of:
A.
B.
C.
D.

DNA replication.
RNA replication.
centriole reproduction.
translation.
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Passage 10 (Questions 1-7)

2.

At the molecular level, cancer often begins with the mutation
of a cell’s genome. Dietary carcinogens act as mutagens,
transforming a normal cell to a malignant cell by binding to the
DNA of its genome. The cell’s normally precise DNA replication
is thus disturbed.
The study of a dietary carcinogen begins with laboratory
tests for mutagenic behavior. A positive Ames assay, for example,
indicates a chemical’s tendency to produce mutations in bacterial
cell cultures. While tests for mutagenicity are helpful, they fail to
provide definitive information about a chemical’s carcinogenic
activity. While most carcinogens are mutagens, the converse is
not true. Many mutagens do not cause cancerous mutations. In
addition, some chemicals are neither carcinogens nor mutagens,
but still play an important role in the genesis of cancer by acting
as promoters. Promoters amplify the effects of carcinogens but
do not act as carcinogens on their own. In animal models, a
chemical is recognized as a promoter if it worsens the risk of
cancer if administered after, but not before, exposure to a known
carcinogen.

1.

A particular substance increases the risk of cancer in
normal rats but does not increase the risk of cancer in rats
with liver disease. This may be true because:
A.

the diseased rats have an increased resistance to
mutagenicity.
B. the substance was administered to the diseased
rats before the administration of another known
carcinogen.
C. the substance is a procarcinogen that normally
requires hepatic conversion to a carcinogen.
D. the substance is widespread in the rats’ normal food
supply.

3.

If a population of animals has an extremely high dietary
intake of several promoters, but ingests no mutagens, its
incidence of cancer would likely be:
A.

high, because promoters are known to amplify the
incidence of carcinogenicity among populations that
consume them.
B. high, because promoters can be carcinogenic without
causing mutation.
C. low, because animal diets do not, generally, include
artificial additives.
D. low, because promoters do not cause cancer in the
absence of mutagens.

Promoters induce cancer only after the administration of a
true carcinogen because they:
A.

are not mutagenic except in the presence of a
procarcinogen.
B. cannot be evaluated according to the Ames assay and
related tests.
C. only augment the effects of genuine carcinogens.
D. are not ordinarily eaten intentionally.
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4.

A certain mutagen is found to insert into a DNA molecule
and alter the normal reading frame by one base pair. This
type of mutation is called a:
A.
B.
C.
D.

missense mutation.
nonsense mutation.
silent mutation.
frameshift mutation.

Biology

5.

What is the relationship between mutagens and
carcinogens?
A.
B.
C.
D.

6.

Xeroderma pigmentosum is a recessive skin condition that
can lead to cancer at an early age. A woman homozygous
for the dominant gene and a homozygous man with the
condition wish to have a child. What is the probability
that the child will get xeroderma pigmentosum?
A.
B.
C.
D.

7.

All mutagens are carcinogens.
All carcinogens are mutagens.
The Ames test detects carcinogens but not mutagens.
Mutagens cause mutations, while carcinogens cause
cancer.

0%
25%
50%
Cannot be determined

Some cancer cells resemble embryological cells in that
they are less determined than those found in normal
tissues. Which of the following activities would NOT be
associated with these cancer cells?
A.
B.
C.
D.

Rapid DNA synthesis
Elevated rates of translation
Frequent meiotic cell division
Low level of differentiation

Passage 11 (Questions 1-8)
Prokaryotic protein synthesis takes place in three phases:
initiation, elongation, and termination. The machinery of
translation is the 70S ribosome, which consists of 30S and 50S
subunits. First, an initiation complex forms that is made up of
the 30S subunit, mRNA, and a special initiator tRNA that binds
formyl methionine, which is used only in prokaryotic translation
initiation. Certain “initiation factors” are also essential. The 50S
subunit then binds the initiation complex. Once the entire 70S
ribosome has formed, two binding sites become available. One
is the P (peptidyl transferase) site; the other is the A (amino acyl)
site. The initiator tRNA occupies the P site.
Elongation begins with the binding of tRNA #2, with its
amino acid, in the A site. The appropriate amino acid is selected
due to the ability of its tRNA to hydrogen bond with the next
codon of mRNA to be translated. Peptide-bond formation is
catalyzed by the P-site peptidyl transferase, which transfers the
carboxyl of amino acid #1 in the P site to the N-terminus of
amino acid #2 in the A site. The tRNA in the P site, now lacking
an amino acid, dissociates from the complex, and the nascent
chain with the remaining tRNA (in this case the second one)
translocates from the A site to the P site, leaving the A site free
to bind tRNA #3. This cycle of binding, peptide bond formation,
and translocation creates a polypeptide chain.
Termination occurs when a stop codon in the mRNA appears
in the A site. Termination factors catalyze the hydrolysis of the
polypeptide chain from the tRNA to which it is attached.
Protein synthesis requires energy in the form of ATP and GTP.
Two high-energy phosphate bonds (from ATP) fuel the formation
of one aminoacyl tRNA (i.e., the attachment of each amino
acid to its tRNA). Formation of the initiation complex requires
the energy from one GTP. Delivery of each new tRNA to the A
site also requires one GTP. Translocation of the peptidyl tRNA
requires one GTP. Termination does not require the hydrolysis of
a high energy phosphate bond.
Figure 1 shows the traditional genetic code table. The coded
amino acid or start/stop signal is found at the intersection of the
correct three “letters” of the codon.
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First
position
(5′)

U

C

A

G

Third
position
(3′)

Second position
U

C

A

G

phe

ser

tyr

cys

U

phe

ser

typ

cys

C

leu

ser

STOP

STOP

A

leu

ser

STOP

trp

G

leu

pro

his

arg

U

leu

pro

his

arg

C

leu

pro

gln

arg

A

leu

pro

gln

arg

G

ile

thr

asn

ser

U

ile

thr

asn

ser

C

ile

thr

lys

arg

A

met

thr

lys

arg

G

val

ala

asp

gly

U

val

ala

asp

gly

C

val

ala

glu

gly

A

val

ala

glu

gly

G

3.

A portion of prokaryotic mRNA has the following base
sequence: 5′-ACAUCUAUGCCACGA-3′. Which of the
following could result from a mutation that changes the
underlined base to A?
I. Inhibition of initiation of translation
II. Truncation of the polypeptide
III. No effect on protein synthesis
A.
B.
C.
D.

4.

I only
II only
I and II only
I, II, and III

Which of the following is (are) true regarding eukaryotic
protein synthesis?
I. The mRNA is spliced before translation.
II. Eukaryotic ribosomes are larger than
prokaryotic ribosomes.
III. Proteins must be spliced soon after translation.
A.
B.
C.
D.

Figure 1 The genetic code

I only
II only
I and II only
II and III only

Adapted from Biochemistry, Third Edition, by Stryer, ©1988 by Lubert Stryer.

5.
1.

Which of the following is a site of initiation of protein
synthesis in eukaryotic cells?
I. Nucleus
II. Cytoplasm
III. Rough endoplasmic reticulum
A.
B.
C.
D.

2.

How many high-energy phosphate bonds are required for
the translation of a 100 amino acid polypeptide, starting
with mRNA, tRNA, amino acids, and all the necessary
enzymes?
A.
B.
C.
D.
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I only
II only
III only
II and III only

201
399
400
401
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Puromycin is a drug that is an analog of aminoacyl tRNA.
It has an amino group that is capable of forming a peptide
bond, but no carboxyl group with which to form another
peptide linkage. Which of the following is a possible
effect of adding puromycin to cultures of bacteria
engaged in protein synthesis?
A.

Termination of protein synthesis with puromycin
covalently attached
B. Inhibition of entry of aminoacyl tRNA into the P site
during elongation
C. Substitution of puromycin for another amino acid in
the protein, yielding a protein of normal length
D. Inhibition of initiation of protein synthesis

Biology

6.

Ribosomes isolated from bacteria grown in heavy
medium (14C, 15N) and from bacteria grown in light
medium (12C, 14N) were added to a cell-free in vitro
protein synthesis system. At a later time, a sample was
removed and 70S ribosomes were analyzed for differing
densities. How many 70S ribosome densities were found?
A.
B.
C.
D.

7.

How is the methionine residue used for prokaryotic
initiation of translation unique?
A.
B.
C.
D.

8.

1
2
4
8

It is methylated.
It is acetylated.
It is formylated.
It is hydrophilic.

Which of the following is NOT true of prokaryotic
translation?
A.

The N-terminal amino acid of every nascent
polypeptide is formylated.
B. The mRNA chain being translated may not be fully
transcribed at the time of translation.
C. Hydrogen bonds between amino acids and mRNA
codons are essential for translation of the genetic
code.
D. The mRNA is not spliced before initiation.

Passage 12 (Questions 1-7)
***ADVANCED PASSAGE***
Plasmids are small circular double-stranded DNAs that carry
extrachromosomal genetic information in bacteria. Plasmids with
an origin of replication can be replicated by bacterial proteins
and stably transmitted from one generation to another. The
proteins encoded by genes on plasmids often provide resistance
to antibiotics by degrading the antibiotic. Through recombinant
DNA technology, plasmids can also be engineered to carry other
genes not normally found in bacteria. Plasmids can be introduced
into cells by transformation techniques which allow DNA to
cross through the cell wall and plasma membrane without killing
bacterial cells. After transformation, exposure to the correct
antibiotic allows selection of bacteria that received plasmid.
Bacteriophages such as bacteriophage λ are viruses that infect
bacterial cells. Bacteriophage λ can also be engineered to carry
novel genes not normally present in bacteria or bacteriophages.
Among the tools that has made recombinant DNA technology
possible are restriction enzymes. Restriction enzymes are
endonucleases which cut DNA at specific sequences, usually
inverted repeat sequences that read the same if rotated 180°.
After cutting, the ends of the double-stranded DNA fragments
are left by some restriction enzymes with short regions of singlestranded DNA called “sticky ends.” Since a restriction enzyme
always cuts in the same manner, the sticky end from one fragment
can be annealed with the sticky end from another fragment cut
by the same enzyme. After annealing, DNA fragments can be
covalently bound together by the enzyme DNA ligase. If ligation
closes a plasmid into a circular DNA, the plasmid can be reintroduced into bacteria. Maps of the plasmid pBR325 and the
phage λ dnrd+ are given in Figures 1 and 2.
EcoR1

Pst1

cap
amp
6.0/0
5.0
1.0

tet

HindIII
BamHI

2.0

4.0
3.0

Sal1

ori
Figure 1
amp: ampicillin resistance gene
tet: tetracycline resistance gene
cap: chloramphenicol resistance gene
ori: origin of replication
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Figure 1 is a restriction map of plasmid pBR325. The
plasmid has genes encoding resistance factors to three antibiotics
and sites of cleavage by the following restriction enzymes (the
locations are given in parentheses with the EcoRI site as a point
of reference). EcoRI (0/6), HindIII (1.1), BamHI (1.5), SalI
(1.8), and PstI (4.8). All sizes are in kilobase pairs (kb). (A kb is
a length of double-stranded DNA consisting of 1000 nucleotide
pairs.) The arrows show the location and direction of transcrip
tion of the antibiotic resistance genes.
20.0 E

6.5 B Bg 3 S

28.0

E

24.0

8.0

Bg

9.0

E: EcoRI site
B: BamHI site

E 12.0

1.

A.
B.
C.
D.
2.

A.
B.
C.
D.

3.

Whether both orientations are present is of interest because
it provides information about whether the nrd+ gene carries its
own promoter. If not, the gene must rely on a nearby plasmid
promoter for expression. In this case, the gene is read in only
one direction, and the resistance to hydroxyurea encoded by the
gene is only correctly expressed in plasmids that have the gene
in the correct orientation. Hence, if plasmids were selected for
hydroxyurea resistance, analysis of plasmids would find the nrd+
genes to be present in only a single orientation. However, if the
nrd+ segment did contain a promoter, plasmids having the nrd+
genes in both orientations would be found after plasmids were
selected for resistance to hydroxyurea.
Adapted from An Introduction to Recombinant DNA Techniques, by Perry B. Hackett,
et. al., ©1984 by the authors.
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One fragment, 6000 base pairs
Two fragments, 700 base pairs, and 5300 base pairs
Two fragments, 1100 base pairs, and 1800 base pairs
Three fragments, 700 base pairs, 1100 base pairs,
and 4126 base pairs

Which of the following is (are) true of plasmids?
I. They are small organelles in the bacterial
cytoplasm.
II. They are transcribed and translated simul
taneously.
III. They are replicated by bacterial enzymes.

Figure 2 is a map of the EcoRI cleavage sites of bacteriophage
λ dnrd+, with fragment sizes in kb. An expanded map of nrd+, a
gene carried by the phage, is also shown, with the cleavage sites
of three other restriction enzymes and the resulting fragment
sizes.
The nrd+ gene encodes resistance to hydroxyurea (Hyu),
which kills wild-type bacteria. It can be inserted into pBR325 in
two different orientations (A to E or E to A). The orientation can
be determined by restriction analysis of the resulting recombinant
plasmids, because fragments of different sizes will be produced
from restriction enzyme cleavage of plasmids having the gene in
each orientation.

ampR tetR capR
ampR tetR capS
ampR tetR capR hyuR
ampR tetR capS hyuR

When pBR325 is digested to completion with SalI and
HindIII, which of the following fragment sizes is/are
produced?

Bg: BglII site
S: Sstl site

Figure 2
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Inserting the nrd+ genes into the EcoRI site of pBR325
will produce which of the following phenotypes?
(Superscript S means sensitive, R means resistant.)

A.
B.
C.
D.
4.

I only
I and II only
II and III only
I, II, and III

In a recombination experiment, the nrd+ gene is isolated
and recombined with pBR325 plasmids that have been
cleaved by EcoRI. The resulting plasmids are placed into
bacteria, one plasmid per cell, and the bacteria are raised
in the presence of hydroxyurea. Then the plasmids are
isolated and cleaved with BamH1. DNA fragments of the
following sizes (kb) are found: 23, 11, 8, and 26. One can
conclude that:
A.

plasmid replication may be initiated from an origin
within the nrd+ gene.
B. coupling to a plasmid promoter is necessary for
expression of the nrd+ gene.
C. the nrd+ gene is not present.
D. the nrd+ gene contains a promoter.

Biology

5.

How is it possible for a fragment of DNA produced by
cutting with a restriction enzyme to be ligated into a
plasmid in two different orientations?
A.

DNA ligase enzymes are able to link any two pieces
of DNA together.
B. Plasmid DNA is single-stranded, and so the pieces to
be recombined can form double-stranded segments.
C. Both ends of a fragment produced by a restriction
enzyme are identical if rotated 180°.
D. The existing strands serve as primers for DNA
polymerase.

6.

In an operon, which of the following best describes the
promoter?
A.
B.
C.

It is the binding site for the repressor.
It is the binding site for RNA polymerase.
It is a molecule that inactivates the repressor and
turns on the operon.
D. It activates the repressor–inducer complex to permit
transcription.

7.

What fragments are produced when a recombinant
pBR325 plasmid containing the nrd+ gene is fully di
gested by the restriction enzyme EcoRI?
A.
B.
C.
D.

One 28-kb fragment
One 34-kb fragment
Two fragments, 6 and 28 kb
Three fragments, 20, 28, and 36 kb

Passage 13 (Questions 1-7)
Conjugation of bacteria is mediated by a small genetic
element, called the fertility (F) factor, that can exist either
independent of, or integrated into, the larger bacterial chro
mosome. The F factor encodes the F pilus, which forms a bridge
and allows for the transfer of genetic material between mating
cells. The cells carrying the F factor are F+, and they transfer it
to F– cells. The F factor is replicated during conjugation so that
F+ cells remain F+. The F factor can insert into the bacterial
chromosome, creating an Hfr (high frequency of recombination)
cell. During mating between an Hfr cell and an F– cell, part of
the bacterial chromosome can be transferred along with the F
factor. The bridge usually breaks before the entire chromosome
is transferred, but the point of origin, as well as the order of the
genes transferred, is always the same in a given Hfr strain.
The following experiments were designed to characterize the
transfer of genetic information between bacteria by conjugation.
Experiment 1
A mixture of E. coli strains with differing nutrient
requirements is plated onto solid media containing the amino
acids arginine, leucine, and threonine, glucose as the carbon
source, and certain necessary salts. From this plate, colonies
are replicated onto five additional plates (A through E below)
supplemented with different combinations of nutrients. Dots
indicate numbered colonies that have grown.
1• 2•
4• 7•
5•
8•
6•

1• 2•
4• 7•
5•
8•
6•

A. glucose
arginine
leucine
threonine

B. lactose
arginine
leucine
threonine

3•

1• 2•
4• 7•
5•
8•
6•
D. glucose
leucine
threonine

3•

1•
4• 7•
5•
8•
6•
C. glucose
arginine
threonine

2•
4• 7•

5•
E. glucose
arginine
leucine

Experiment 2
Bacteria from Colony 3 and Colony 6 on Plate A are grown up
separately in liquid cultures. A sample from each liquid culture is

© The Princeton Review, Inc.

|

537

MCAT Science Workbook

taken and mixed; conjugation is allowed to take place for a few
hours. The cells from the mixed and unmixed cultures are spun
down, washed, and plated onto solid minimal media containing
glucose as the carbon source. The results are summarized below:
			 Colony 3:
			 Colony 6:
			 Mixture:		

3.

A.
B.
C.
D.

No Growth
No Growth
Growth

Experiment 3

4.

A wild-type Hfr strain, sensitive to streptomycin, is mated
to a mutant F– strain (Arg– Leu– Thr–) that is resistant to
streptomycin. Samples are removed at 5, 15, and 30 minutes and
plated onto selective media as indicated. It is known that the gene
for streptomycin sensitivity is transferred at approximately 70
minutes in this Hfr strain. The plates are checked for the growth
of colonies, and the results are summarized in the following
table:
Growth
Medium

Time allowed for mating
5 min

No growth

Growth

min + Leu, Thr

No growth

Growth

Growth

min + Arg, Thr

Growth

Growth

Growth

Lac+ Arg– Leu– Thr+
Lac+ Arg+ Leu+ Thr–
Lac– Arg– Leu– Thr+
Lac– Arg+ Leu+ Thr–

A.
B.
C.
D.

|

I only
I and II only
I and III only
II and III only
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To map the order of bacterial genes on the chromosome
in a given Hfr strain which of the following assumptions
must be true?
Bacterial genes are polycistronic.
The inserted F factor and bacterial genes are
replicated by different mechanisms.
C. The rate of chromosome transfer varies between
bacteria of the same strain.
D. A given Hfr strain will always transfer its genes in
the same order.

6.

What is the order of the three loci, Arg, Leu, and Thr,
following the point of origin in the Hfr?
A.
B.
C.
D.

Which of the following genotypes could grow on Plate D
in Experiment 1?
I. Lac+ Arg+ Leu+ Thr+
II. Lac– Arg– Leu+ Thr+
III. Lac– Arg+ Leu– Thr–

F+, F+
F–, F–
F+, F–
F–, F+

A.
B.

What is the genotype of Colony 1, Experiment 1?
A.
B.
C.
D.

2.

5.

auxotrophs.
prototrophs.
heterotrophs.
chemotrophs.

After conjugation between an F+ cell and an F– cell, the
resulting genotypes of the F+ and F– cells, respectively,
become:
A.
B.
C.
D.

30 min

min + Arg, Leu No growth

1.

538

15 min

Bacteria that have mutations affecting metabolism,
making them unable to grow on minimal media, are
called:

7.

Arg, Leu, Thr
Leu, Arg, Thr
Thr, Arg, Leu
Leu, Thr, Arg

What is the genotype of the colonies formed from the
mixed culture in Experiment 2?
A.
B.
C.
D.

Arg– Leu– Thr+
Arg+ Leu+ Thr–
Arg+ Leu+ Thr+
Arg– Leu– Thr–

Biology

Passage 14 (Questions 1-8)

2.

Viruses which infect bacteria of the genus Escherichia are
known as coliphages. One such phage is called T4. Its optimal
host is E. coli strain B. The first laboratory procedures required
to study their relationship are to produce a good working volume
of a high titer (concentration) coliphage suspension and to
determine that titer.
A culture of E. coli is grown by inoculating 150 mL of
sterile tryptone broth with 0.5 mL of a culture of bacteria grown
overnight to reach stationary phase. The broth is then incubated
at 37°C with air bubbling through, until the medium appears
faintly cloudy or turbid, but not yet milky. This usually requires
2 hours. Next, 1 mL of stock high titer coliphage is added to the
bacterial culture. After 3 hours, the culture appears nearly clear
and may have some foaming.
In order to determine the titer of coliphage in this suspension,
a serial dilution is performed. In the serial dilution, 0.1 mL of the
starting solution (or suspension) is diluted by a factor of 10. Then
0.1 mL of the resulting dilute suspension is diluted by a factor
of 10. This is repeated until a series of solutions are obtained,
each 10 times as dilute as the previous one. Next, 0.1 mL of each
dilution is mixed with soft agar which has been inoculated with
2 drops of a pure E. coli suspension. This mixture is then spread
evenly on a hard agar base. The plates are allowed to solidify and
are turned upside-down in a 37°C incubator overnight. The next
day, the plates are observed for evidence of lysis, and this allows
determination of the titer.

A.
B.
C.
D.

3.

A.
B.
C.
D.

slight cloudiness.
a large increase in turbidity.
clearing.
no visible change.

37°C is used to grow E. coli in this experiment because:
E. coli are obligate aerobes.
this E. coli strain is a 37°C temperature-sensitive
mutant.
C. a lower temperature would inhibit conjugation.
D. E. coli are adapted to reproduce most rapidly at this
temperature.

4.

Why do the experimenters put 0.5 mL of bacteria from
an overnight culture into sterile tryptone broth and
inoculate the resulting culture with phage, rather than just
inoculating the overnight culture with phage directly?
A.

Because the bacteria in the overnight culture are
already infected
B. So that the inoculated bacterial culture will be in
growth phase
C. Because the bacteria in the overnight culture are
probably dead
D. Because the overnight culture is probably
contaminated

5.
Lysis is marked in the E. coli suspension by:

bacterial colonies on the agar surface.
growth of a smooth layer of bacteria across the plate.
no visible change.
growth of bacteria across the entire plate except for
small clear patches.

A.
B.

Adapted from Bacteriophage Culture and Titer Determination, ©1979 by Carolina
Biological Supply Company.

1.

Replication of virus is marked on the overnight agar
plates by:

Plaque counts are used to calculate the density, or titer, of
infective particles in the phage suspension. One hundred
fifty plaques on the plate from the 10–2 dilution indicates a
phage suspension titer of:
A.
B.
C.
D.

1.5 per mL.
1.5 × 102 per mL.
1.5 × 104 per mL.
1.5 × 105 per mL.
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6.

Three hours after the addition of 1 mL of stock high
titer coliphage to the turbid E. coli culture, the culture
contains:
I. dead E. coli.
II. live infected E. coli.
III. free coliphage.
A.
B.
C.
D.

7.

The optimal host of phage T4 contains all of the following
EXCEPT:
A.
B.
C.
D.

8.

I only
III only
I and II only
I, II, and III

lysosomes.
a cell wall.
ribosomes.
both RNA and DNA.

Passage 15 (Questions 1-8)
The genus Chlamydomonas consists of unicellular green algae
that undergo both sexual and asexual reproduction. In sexual
reproduction, a haploid cell undergoes a series of morphological
changes giving rise to haploid gametes, which can later fuse to
form a diploid zygote. In asexual reproduction, a mature haploid
cell divides to form two haploid cells. Chlamydomonas is
sensitive to certain mutagens found in the natural environment.
Experiment 1
Chlamydomonas colonies were treated with a mutagen, and
then transferred by velveteen pad to either a rich-medium plate
or a plate lacking either histidine or phenylalanine. The number
of colonies was counted on all three plates. Figure 1 illustrates
the results of using such a replica plating technique for mutagenexposed Chlamydomonas.

Which of the following is true regarding T4 infection of E.
coli?
A.

T4 buds through the plasma membrane to leave the
cell.
B. The final stages of viral assembly occur once the
virus leaves the cell.
C. One of the first T4 genes expressed during viral
infection is a lysozyme enzyme that facilitates cell
lysis.
D. T4 has mRNA which is translated by bacterial
ribosomes while it is still being transcribed from
DNA.

Master Plate

(Histidine-lacking,
Phenylalanine-lacking)
Active
mutagen

Rich medium
plate

Rich medium
plate

Phenylalanine-lacking
medium

Histidine-lacking
medium

Figure 1
Experiment 2
A zygote form of the original, unmutated organism was
induced to undergo meiosis, and the resulting haploid form
was fused with a haploid mutant that could not synthesize
phenylalanine (Phe–). The new zygote survived plating on a
phenylalanine-lacking medium.
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Biology

Experiment 3

5.

A Phe– haploid was mated with the haploid mutant that could
not produce histidine (His–). The resulting zygote survived
plating on both a phenylalanine-lacking medium and a histidinelacking medium. The zygote was then induced to undergo
meiosis and replated back onto the rich-medium plate. The
resulting Phe– and His– haploids established colonies in a ratio of
44:56 (Phe– : His–).

1.

2.

Radiolabeled thymine
Radiolabeled uracil
Radiolabeled adenine
Radiolabeled cytosine

DNA synthesis.
rRNA synthesis.
mRNA synthesis.
protein synthesis.

6.

When haploid survivors from each plate fuse to form
a zygote, this diploid thrives on both media.
B. Phe– haploids grow at a similar rate to His– haploids.
C. When fused with unmutated haploids, haploid
survivors fail to grow.
D. His– haploids produce more colonies than His+
haploids on rich agar.

How can one determine whether unmutated Chlamydomonas haploids can produce phenylalanine?

In Experiment 2, a new zygote was produced as a result
of:
A.
B.
C.
D.

7.

sexual reproduction.
asexual reproduction.
fission.
budding.

Which of the following observations would NOT identify
sexual reproduction in Chlamydomonas?
A.

An alignment of homologous chromosome pairs on
the spindle
B. An intact centromere at anaphase
C. A separation of homologous pairs of chromosomes
D. DNA replication in a haploid cell

Which reasoning supports the conclusion that colonies
surviving the histidine-poor medium incurred different
mutations than phenylalanine-deprived survivors?
A.

4.

The control plate colonies produced greater
quantities of both amino acids.
B. The Chlamydomonas cells incurred no mutations
prior to plating on the master plate.
C. The colonies grown on different minimal media
were roughly equal in number.
D. The mutagen-affected colonies were lacking in either
phenylalanine or histidine.

The phenotypic effects of the mutations, illustrated in
Figure 1, most likely resulted from the cessation of:
A.
B.
C.
D.

3.

A.

If the mutagen caused changes in the structure of DNA,
which base would be LEAST useful in locating the
mutation?
A.
B.
C.
D.

From the experiment illustrated in Figure 1, a researcher
concluded that normal-type Chlamydomonas is able
to produce both phenylalanine and histidine. What
assumption must be true to establish the validity of this
conclusion?

8.

The growth of colonies on rich-medium plates indicates
that:
A.

mutated cells require both histidine and
phenylalanine in their medium.
B. mutated cells can synthesize all necessary amino
acids.
C. all cells are capable of growing if supplied with the
necessary amino acids.
D. cells grow more rapidly if supplied with rich media.

A.
B.

By radiolabeling for rRNA
By fusing with other unmutated Chlamydomonas
haploids
C. By fusing with Phe– haploids on histidine-lacking
medium
D. By plating on phenylalanine-lacking nutrient agar
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3.

A clinician wished to determine the etiology of a patient’s
urinary tract infection. To differentiate between the presence
of the Gram-negative, facultative anaerobic bacilli Escherichia
coli and Klebsiella pneumoniae, the following procedures can be
used:

Which of the following graphs most accurately depicts a
growth curve for the incubation of facultative anaerobes?
A.
population

B.
population

Passage 16 (Questions 1-5)

time

time

2.

Incubate the culture at 35°C for 18 to 24 hours.

C.

D.
population

Add test organism to a 1% tryptophan broth containing
sodium chloride and distilled water.

population

1.

time

3.

Apply 15 drops of Ehrlich’s reagent containing
p-dimethylaminobenzaldehyde to the walls of the test
container.

4.

The presence of a bright red color at the interface of the
reagent and broth indicates the presence of indole, a
metabolite of tryptophan. An alternative method uses
Kovac’s reagent instead of Ehrlich’s reagent, but the
results are similar since they contain the same active
chemical.

For rapid spot tests, filter paper strips impregnated with
Kovac’s reagent can be used.

1.

Both E. coli and K. pneumoniae are classified as
prokaryotic organisms in part because of the lack of
which of the following subcellular structures?
A.
B.
C.
D.

2.

If E. coli is incubated under aerobic conditions, how many
molecules of ATP would be produced upon the complete
oxidation of one molecule of glucose?
A.
B.
C.
D.
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Ribosome
Flagellum
Cell wall
Nucleus

28
30
32
34
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4.

time

Which of the following processes allow(s) the division
of genetic material between bacteria in the production of
daughter cells?
I. Binary fission
II. Transformation
III. Conjugation
A.
B.
C.
D.

5.

I only
I and II only
II and III only
I, II, and III

If a staining procedure indicates the presence of
tryptophan at the surface of a bacterial cell, it would be
most reasonable for a researcher to conclude that among
the following, the bacterial cell surface is abundant in:
A.
B.
C.
D.

lipid.
protein.
carbohydrate.
nucleic acid.

Biology

Passage 17 (Questions 1-5)

1.

Malaria has been a major cause of death throughout history.
Today, it remains endemic in certain regions of Africa and
contributes significantly to childhood mortality. The parasite that
causes this disease is a small unicellular protozoan belonging to
the genus Plasmodium.
The parasite assumes several forms during its complex life
cycle. Plasmodium enters the bloodstream of the host through
the bite of an infected Anopheles mosquito. At this stage it is
called a sporozoite. The parasite then migrates to the liver where
it undergoes growth and multiplication. It then assumes another
form, called a merozoite. The merozoite reenters the bloodstream
and settles in red blood cells at which point it is said to be in
the erythrocytic stage. The parasite digests hemoglobin, thereby
acquiring amino acids that it uses for its own protein synthesis.
The parasite’s action eventually lyses red blood cells. Malaria
leads to symptoms such as episodes of fever, chills, and other
more debilitating conditions including severe organ damage and
possible cerebral complications.

A.
B.
C.
D.
2.

3.

Prophylactic drugs have been developed that prevent the
parasite from replicating in the bloodstream.

2.

Another class of drugs is intended to kill sporozoites and
to prevent the parasite from invading the liver.

3.

Other drugs are directed at merozoites once they invade
red blood cells. These drugs inhibit the synthesis of DNA
and RNA. One such drug, chloroquine, is an agent that
suppresses the effects of the illness and achieves clinical
cure of the infection.

The chloroquine molecule (Figure 1) has a quinoline ring. In
some experiments it was found that the 7-chloro-quinoline ring
interferes with the cellular process in the malarial parasite by
inserting into plasmodial DNA and altering its three-dimensional
structure. All of the above drugs differ in their implications for
morbidity and mortality of the patient population.
CH3
N

NH C
H

C2H5
CH2

They are unicellular.
They are primarily heterotrophic.
They are eukaryotic.
They only reproduce asexually.

Chloroquine is inactive during certain stages of the
parasite life cycle. This could be due to the fact that:
A.
B.
C.
D.

the ring fails to enter the bloodstream.
the liver detoxifies chloroquine.
no cell division occurs during these stages.
elevated temperatures during a fever destroy
chloroquine’s effectiveness.

Chloroquine is toxic to merozoites because it:
A.

inhibits replication and transcription of the
plasmodial genome.
B. alters the three-dimensional structure of membranes.
C. inhibits translation of plasmodial RNA.
D. prevents release of plasmodial progeny from red
blood cells.

Several types of antimalarial drugs have been developed to
prevent or curtail the effects of malaria:
1.

Which of the following is NOT true of members of the
phylum Protozoa?

4.

An experimental anti-malarial drug tested in vitro
was designed to act as a protease inhibitor. Based on
the information in the passage, at which stage of the
plasmodial life cycle is this drug most likely to act?
A.
B.
C.
D.

5.

Sporozoite stage
Hepatocytic stage
Merozoite stage
Erythrocytic stage

How many chiral centers does chloroquine have?
A.
B.
C.
D.

0
1
2
3

CH2
C2H5

Cl
Figure 1 Chloroquine
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Passage 18 (Questions 1-6)
Tuberculosis is a chronic disease of humans that can take
many years to develop. The infecting organism, Mycobacterium
tuberculosis hominis, is a strictly aerobic bacterium that will not
grow in oxygen-poor environments. The tuberculosis bacillus
is called an acid-fast bacterium because it retains the Ziehl–
Neelsen carbolfuchsin stain even after washing with acid alcohol.
Mycobacteria, in general, have waxy coats that protect them
against desiccation and allow them to survive for years as latent
microbes. Mycobacterium tuberculosis hominis is difficult to
grow in culture because it can take 4 to 8 weeks to see significant
growth on a medium.
After primary infection in the lungs, the bacteria can lie latent
in host macrophages for years until reactivation of the infection
causes secondary tuberculosis. The infected macrophages live
in tubercles, which are walled-off areas of immunologic activity.
The bacterial cell wall possesses a sulfated glycolipid that
prevents lysosomal fusion with phagosomes, the macrophage
structures that contain phagocytosed bacteria. Reactivation of
latent mycobacteria in immunocompromised patients, among
others, allows microbial spread from the lungs to other organs of
the body and the manifestation of disease.

1.

3.

A.

pancreatic acid secretion destroys most of the
tuberculosis bacilli that enter it.
B. the lung has a higher oxygen tension than the
stomach.
C. the small intestine’s low pH inactivates tubercle
bacilli.
D. mycobacteria cannot survive in organs other than the
lung.

4.

5.

The difficulty in observing mycobacterial growth in
culture is most likely due to the fact that:

stained spherical bacteria after acid alcohol washing.
unstained spherical bacteria after acid alcohol
washing.
C. stained rod-like bacteria after acid alcohol washing.
D. unstained rod-like bacteria after acid alcohol
washing.
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Rifampin, one of the drugs used to treat tuberculosis,
inhibits an enzyme that catalyzes RNA polymerization
based on a DNA template (transcription). Rifampin’s
relative lack of toxic effects in human beings is most
likely due to the fact that:
human cells are not actively dividing.
the bacterial enzyme is different from the human
RNA polymerase.
C. when taken orally the drug is not absorbed.
D. human cells do not carry out DNA-directed RNA
polymerization.

6.

A.
B.

avoid digestion by the lysosomes.
survive in the low pH of the lysosomes.
produce a substance toxic to the macrophages.
divide rapidly enough to continually replace killed
bacteria.

A.
B.

most laboratory growth conditions do not supply
sufficient oxygen.
B. the tubercle bacillus replicates once every 2 days.
C. most of the mycobacteria dry out before being able
to replicate.
D. tubercle bacilli fail to take up the Ziehl–Neelsen
carbolfuchsin stain.

If a Ziehl–Neelsen stain were applied to a lung sample
from a tuberculosis victim one would expect to find:

Tuberculosis-causing bacilli are able to survive in host
macrophages, which normally destroy bacteria, because
the bacteria:
A.
B.
C.
D.

A.

2.

The lung is a more common site of primary tuberculosis
than the small intestine because:

Tuberculosis is a highly infectious disease. Which of the
following is the most likely vector of transmission?
A.
B.
C.
D.

Blood contact with skin
Air
Rotting food
Semen

Biology

Passage 19 (Questions 1-4)

1.

Acute viral hepatitis, a diffuse inflammatory disease of
the liver, is caused by at least three different microbial agents,
including the hepatitis B virus (HBV). Active HBV infection is
indicated by the presence in the patient’s serum of hepatitis B
surface antigen, a viral marker found on the outer protein coat.
HBV is a DNA virus which contains DNA polymerase.
After initial infection of a liver cell, the polymerase directs
the lengthening of the short strand of the double-stranded
viral genome. The DNA then migrates to the nucleus, where it
undergoes transcription to form the pre-genome, which is made
of RNA.
After being packaged into a new capsid, the pre-genome
serves as a template for the production of a new single strand
of DNA, which is a duplicate of the original long strand. A
complementary short strand is then polymerized. Before the virus
exits the cell, it becomes enclosed in an envelope derived from
the host cell membrane. The enveloped virus is then capable of
infecting other liver cells.

A.
B.
C.
D.
2.

Careful screening of blood and blood products and careful
handling of medical supplies that come in contact with
blood

2.

Passive immunization with immune serum globulin or
hepatitis B immune globulin

3.

HBV vaccination of members of high-risk groups, such as
health care personnel

In test studies, HBV vaccine provokes an immune response
to the HBV surface antigen. Part of this response involves the
production of the immunoglobulin IgG, an antibody which has
the general structure shown below.
H

H

Hepatitis B surface antigen
Hepatitis B core antigen
DNA polymerase
Double-stranded DNA

Incubating HBV-infected liver cells with radiolabeled
thymine will NOT allow an investigator to locate the viral
pre-genome because:
A.

the amount of radioactivity will decrease
considerably during semiconservative replication.
B. the nuclear pores will not accommodate radioactive
substances.
C. the pregenome contains no thymine.
D. viral DNA polymerase is only involved in viral
transcription.

3.

The main route of transmission of HBV is via contaminated
blood or blood products. Since there is no specific treatment for
HBV infection, the following prophylactic measures remain the
focus of disease control:
1.

Which of the following would NOT be produced during
transcription and translation of the hepatitis B genome?

Which of the following processes must occur after a
newly developing HBV particle forms its capsid but
before it leaves the cell?
A.

Virally derived RNA must undergo reverse
transcription.
B. The viral pre-genome must become single-stranded.
C. Host cell membrane components must be
exocytosed.
D. Double-stranded viral DNA must unwind.

4.

Based on the information in the passage, escape of the
HBV particle from the host cell causes:
A.

the host cell to lose lipid components of its plasma
membrane.
B. the host cell to undergo a process identical to that of
endocytosis.
C. the production of immunoglobulin by the host cell.
D. the fusion of the viral pre-genome with the host cell
membrane.

L

L

S

S

S

S S

S

S S
H—heavy stranded
L—light stranded

© The Princeton Review, Inc.

|

545

MCAT Science Workbook

Passage 20 (Questions 1-5)
One of the most successful classes of antibiotics developed
by man are the penicillins. Preliminary investigations into the
structure of penicillin presented a confusing picture because
of discrepancies in the analytical results obtained in different
laboratories. These discrepancies were resolved once it was
discovered that Penicillium notatum produces different kinds of
penicillin depending on the nature of the medium in which it is
grown. Initially six different penicillins were recognized, and all
proved ultimately to be acyl derivatives of 6-aminopenicillanic
acid. Today the term penicillin is used as a generic name to
include all acyl derivatives of 6-aminopenicillanic acid.

1.

A.
B.
C.
D.
2.

unable to synthesize DNA polymerase.
with the highest internal osmotic pressure.
with normal cell walls.
with incomplete cell walls.

In both Experiments 2 and 3, it is reasonable to
hypothesize that 5% of the cell-walled bacteria treated
with penicillin survived because:
A.
B.

penicillin did not permeate the entire culture.
random mutation provided some bacterial cells with
the ability to synthesize more penicillinase.
C. penicillin cannot cross the bacterial cell wall.
D. penicillin is rapidly degraded in bacterial culture
medium.

The basic structure of pencillin consists of a five-membered
ring containing both nitrogen and sulfur (a thioazolidine ring)
fused to a four-membered ring containing a cyclic amide (a
β-lactam). The structural integrity of these two rings is essential
for the biological activity of penicillin, and cleavage of either
ring leads to products devoid of antibacterial activity.
Selective hydrolysis of the β-lactam ring is catalyzed by the
enzyme penicillinase and results in penicilloic acid. This product
has no antibacterial activity.

In these experiments, the bacterial species LEAST
susceptible to penicillin are those:

3.

It would be plausible to hypothesize that penicillin causes
bacterial death by:
A.
B.
C.
D.

An investigator conducted three experiments to determine
how pencillin caused the death of bacterial cells.

creating cell walls in abnormal locations.
rendering cell walls excessively rigid.
disrupting the bacterial cell wall.
disrupting the bacterium’s access to nutritional
substances.

Experiment 1
Two species of bacterial cells were selected and cultured.
One species had a normal cell wall made of peptidoglycan and
the other had an incomplete cell wall. Both groups were treated
with penicillin and it was noted that the bacteria with incomplete
cell walls survived while 95% of those with complete cell walls
did not.

4.

A.

Lipid insoluble substances cross the cell membrane
by facilitated diffusion.
B. Active transport mechanisms force solutes out of the
bacterial cell.
C. Osmotic pressure causes water to enter the cells.
D. Proteins can no longer exit the cell via vesicles.

Experiment 2
Two populations of bacteria were selected and cultured. Both
populations had normal cell walls made of peptidoglycan. One
population was treated with penicillin and the other was not. It
was noted that 95% of the bacteria in the population that had
been treated with penicillin underwent cell wall lysis and death.
It was further noted that the bacteria not treated with penicillin
were unharmed.
Experiment 3
The 5% who survived the treatment of penicillin in
Experiment 2 were cultured and treated repeatedly with penicillin.
It was noted that the culture grew continuously and that none of
the bacteria were affected by the antibiotic.
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Which of the following explains the fact that bacterial
cells lyse upon losing their cell wall?

5.

Penicillin G, one of the common forms of penicillin, is
rapidly hydrolyzed under acidic conditions. Which of the
following limitations would this likely place on the use of
Penicillin G?
A.
B.
C.
D.

It must be administered intravenously.
It must be taken on an empty stomach.
It should not be given to children.
It is not active at physiological pH.

Biology

Dementia is one of the most feared human conditions, both
by those observing it and those experiencing it. It is defined as
a persistent and progressive impairment of intellectual function,
and can affect memory, emotions, personality, language,
judgment, and cognition. It is frequently associated with other
medical conditions, including Alzheimer’s disease, stroke, and
spongiform encephalopathies.
Encephalopathies are diseases of the brain. The spongiform
encephalopathies are named for their characteristic deterioration
of central nervous system tissue, resulting in a sponge-like
appearance of the brain. They include kuru, Creutzfeldt–Jakob
disease (CJD), Gerstmann–Straussler–Scheinker (GSS) disease,
and familial fatal insomnia (FFI). Unlike Alzheimer’s disease and
strokes, the spongiform encephalopathies can be transmissible.
Transmission of the disease was originally thought to be due to
a virus; however, subsequent information suggests that the agent
of transmission is simply a protein, with no associated nucleic
acid. These proteins were termed prions, and are normal proteins
found primarily in CNS tissue. Disease is associated with
abnormal versions of the prion proteins.
The normal function of prion proteins is unclear, but they
are thought to protect critical brain cells from dying. Mice that
lack normal prions develop ataxia (coordination problems) that
resembles the ataxia of kuru and CJD patients. Prion-free mice
develop symptoms at approximately 70 weeks (late middle age
for a mouse).
Since proteins are unable to self-replicate, it seemed unlikely
that a transmissible disease could be caused by protein alone.
However, upon further investigation, it was found that the
prion proteins exist in two conformations, normal (PrPc) and
pathogenic (PrPSc). Pathogenic protein is relatively resistant to
digestion by proteases and is insoluble in denaturing detergents.
The initial appearance of PrPSc can be due to ingestion of diseased
brain tissue (kuru), a missense mutation of the PrPc gene (CJD
and FFI), or simply a spontaneous conversion of PrPc to PrPSc.
Regardless of the specific initial event, additional copies of PrPSc
are generated by using the initial copy as a “folding template.”
Contact between the two forms of the protein can cause a
conformational change from the normal to the pathogenic form,
if the abnormal and normal proteins are sufficiently similar.
Disease is due to the slow accumulation of PrPSc and a resulting
decrease in the amount of PrPc.

defective measles virus. Powassan (POW) virus and the West
Nile virus can also cause encephalitis; these are members of the
flavivirus family. Flaviviruses are enveloped, (+)-RNA viruses
that are transmitted through the bites of insects such as ticks and
mosquitoes.

Nucleocapsid

Virion envelope
Figure 1 Flavivirus virion
An experiment was performed in which researchers tested
40-week-old normal and prion-free mice (genetic lack of normal
prion proteins) for ataxia. Prior to evaluation, the mice were
trained to walk across a round stick, 50 cm long and 1 cm in
diameter. During the evaluation, the number of successful walks
(walks in which the mouse did not fall from the stick) were
recorded. The mice were then injected intracerebrally with
abnormal prion protein and observed for several months. During
the observation period, the test for ataxia was repeated every
four weeks. Groups of mice were tested and the results averaged.
Results are presented in Figure 2.
100%
Successful walks, relative to
normal 40-week-old mice

Passage 21 (Questions 1-7)
***ADVANCED PASSAGE***

1

75%

50%

25%

4

2

normal
prion-free

Control

death
death
1
2

Injected
normal
prion-free
40

48

3
4

3

death

56
64
72
Age of mice (weeks)

80

88

Figure 2 Results of tests for ataxia in normal and prionfree mice

Encephalitis (inflammation of the brain) can present with
similar initial symptoms as the spongiform encephalopathies,
most notably ataxia and mental disorientation. Encephalitis
can have several causes, some of which are viral infections.
Subacute sclerosing panencephalitis (SSPE) is caused by a
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1.

Which region of the brain is most likely affected in
patients experiencing ataxia?
A.
B.
C.
D.

2.

5.

Medulla oblongata
Hypothalamus
Cerebrum
Cerebellum

A.
B.

Yes, but only if injected intracerebrally
Yes, since the abnormal protein can be used as a
folding template to convert normal protein
C. No, because the abnormal prion would be digested
by gastric and pancreatic enzymes
D. No, because the tertiary structures of cattle prion and
human prion are significantly different

Based on Figure 2, which of the following is the most
likely explanation for the development of ataxia in prionfree injected mice?
A.

Conformational changes in PrPc caused by injection
of PrPSc
B. Normal loss of coordination due to aging
C. Absence of PrPc which led to premature death of
critical brain cells
D. Infection of the mice with West Nile virus

3.

4.

According to information provided in the passage, which
of the following could cause prion disease?

All of the following diseases could be inherited except:
A.
B.
C.
D.

A.
B.
C.
D.

Creutzfeldt–Jakob disease.
kuru.
fatal insomnia.
hemophilia.

In a separate experiment, researchers injected 40-weekold normal mice with an unknown solution. Within one
week the mice developed high fevers, ataxia, mental
disorientation, and encephalitis. Within four weeks most
mice were dead. If treating the unknown solution with
a detergent and a protease prior to injection prevented
symptoms, the solution most likely contained:
abnormal prion proteins, since the mice developed
ataxia.
B. normal prion proteins, and the symptoms were the
result of an immune reaction.
C. viral particles, since the symptoms developed rapidly.
D. abnormal prion proteins, since symptoms were
prevented by protease treatment.

|

6.

I. A spontaneous conversion of PrPc to PrPSc
II. Ingestion of diseased tissue
III. Mutation of an amino acid codon into a STOP
codon

A.

548

The tertiary structure of prion protein from cattle was
found to be significantly different from the human
prion tertiary structure. Could brain tissue from a cow
with spongiform encephalopathy cause spongiform
encephalopathy in humans?
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7.

I only
I and II only
II and III only
I, II, and III

Which of the following would not be acceptable cells in
which to culture West Nile virus?
A.
B.
C.
D.

Yeast
Neurons
Osteoblasts
Muscle

Biology

Passage 22 (Questions 1-5)
***ADVANCED PASSAGE***

Two factors encoded by the adenovirus genome, the E1A
and E1B proteins, are essential for viral replication. In human
cell lines, expression of either adenovirus E1A or E1B protein
can cause transformation and immortalization of cells, leading
to the classification of these virus-encoded factors as oncogenes.
Transformation is much more efficient with the combination of
both genes together than with either gene alone. E1A stimulates
cellular proliferation and overcomes the block against cell-cycle
progression. Viruses with the E1A gene deleted are able to enter
the cell but do not stimulate progression through the cell cycle.
They can replicate only in cells which enter S phase naturally
and continue to progress normally through the cell cycle. Viruses
with the E1B gene deleted have a different phenotype. Infected
cells begin to proliferate in response to the E1A-produced
response, but before these cells pass through S phase, they are
induced to die in the process known as apoptosis (programmed
cell death) which prevents replication of the virus.
Cells usually introduce apoptosis in circumstances where
cell division is inappropriate but occurs anyway, such as viral
infection, cancer, or cells with DNA damage. A protein known
as p53 is responsible for the induction of apoptosis in these
circumstances (see Figure 1). p53 was originally identified as a
tumor-suppressor gene, a gene which prevents the development
of cancer. Mutations in p53 are one of the most common genetic
defects in tumors. Cancer treatments such as radiation therapy
or chemotherapy appear to rely on p53-induced apoptosis in
response to DNA damage, and cancer cells which lack p53 are
resistant to these therapies.

G1

G2

S

p53 action

Figure 1 The cell cycle
In one set of experiments, the ability of different mutant
forms of adenovirus to replicate in an immortalized human
osteosarcoma cell line was examined. The cell line was found
to lack p53 expression, unless the p53 gene was reintroduced
back into the cells, as indicated in Figure 2. All forms of the virus
were able to bind to the cells equally, and all forms of the virus
were internalized equivalently. The production of new virus was
measured over time in each experiment.
Mutant A adenovirus had the E1A gene deleted.
Mutant B adenovirus had the gene for E1B truncated due to
the introduction of a premature stop codon.
Mutant C adenovirus had a point mutation in the gene
encoding a viral capsid protein.
Wild-type

105
Wild-type/+p53
Virus produced
(plaque-forming units)

There have been recent studies that indicate an association
between viruses and cancer induction. Many DNA viruses,
such as adenovirus, induce cellular proliferation as part of their
life cycle. These viruses are dependent on the host cell DNA
replication apparatus to replicate their genome, and in quiescent
cells the enzymes required for DNA synthesis are absent or
inactive. The entry into S phase is rigidly controlled, preventing
progression through the cell cycle where it is not appropriate. To
successfully replicate in human cells, adenovirus must overcome
these inherent blocks to S-phase entry, and in so doing increases
the probability of transformation and possibly carcinogenesis.

Mitosis

Mutant B

104

Mutant B/+p53

103
Mutant A
Mutant A/+p53
102
Mutant C
0

1

2
3
Time (days)

4

5

Figure 2

In cells infected by the wild-type adenovirus, E1B protein
interacts with p53, preventing it from inducing apoptosis. The
cell can then proceed through S phase, replicating both the
cellular and viral genomes in response to E1A-induced DNA
replication. In cells lacking p53, E1B protein is not required
for viral replication. The interaction between p53 and E1B is
currently an area of intense interest in both the virology and
cancer fields.
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1.

Which of the following is the most likely effect of
infection by an adenovirus in which the E1B gene had
been deleted?

4.

A.

Viral replication in normal cells will proceed
unhindered.
B. New cancers will be induced frequently by the
recombinant virus.
C. The virus will prevent response of malignant tumors
to chemotherapy.
D. The virus will replicate in some cells but leave
others unaffected.

2.

An adenovirus named Virus Y is prepared which has the
E1B gene deleted. This virus is unable to replicate in
a cell line in which the p53 gene is intact. If this same
cell line has the gene for the E1B protein inserted into
its genome and expressed at high levels, which of the
following is most likely to be observed when the E1Bexpressing cell line is infected with Virus Y?
A.
B.

Virus Y will enter the cells but induce apoptosis.
Virus Y will produce progeny from the infection that
are able to replicate in either E1B-expressing or
E1B-lacking cells, regardless of p53 expression.
C. Virus Y will produce progeny from the infection that
are able to replicate only in E1B-expressing cells in
which p53 is present.
D. Virus Y will produce progeny from the infection that
are able to replicate only in E1B-lacking cells in
which p53 is present.

3.

Which of the following statements best describes the
function(s) of p53 in normal cells?
A.

It blocks aberrant cellular proliferation signals that
lead to cancer.
B. It induces cell death in the event of aberrant cell
division.
C. It prevents cancer and adenovirus infection.
D. It prevents cancer but increases the risk of viral
infection.
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The E1A protein interacts with Rb protein, the product of
the (tumor-suppressor) Retinoblastoma gene. Based on
this as well as the information in the passage, it can be
inferred that:
A.
B.
C.
D.

5.

Rb has the same activity in the cell as p53.
E1A will also interact with p53.
Rb and p53 are likely to interact with each other.
inactivation of both Rb and p53 increases the risk of
cellular transformation.

Which of the following statements is best supported by
Figure 2?
A.

Mutant B produced approximately twice as much
virus in the absence of p53 than in the presence of
p53.
B. E1A protein is not required for replication in the
absence of E1B.
C. p53 cannot induce apoptosis in this cell line.
D. p53 does not affect replication by wild-type
adenovirus in this cell line.

Biology

Passage 23 (Questions 1-7)
Protein synthesis occurs either on free ribosomes or
ribosomes bound to the endoplasmic reticulum (ER). According
to the signal hypothesis, it is the growing polypeptide that
cues the ribosomes to remain free or attach to the ER. Proteins
targeted to the ER, Golgi, lysosomes, plasma membrane, or to
be secreted contain a signal peptide of 15 or more continuous
amino acids. These N-terminus signal peptides are responsible
for the co-translational insertion of the growing polypeptide into
the membrane of the ER. After the leading end of the protein is
inserted into the ER lumen, the signal peptide is cleaved by an
enzyme.
Proteins destined for the secretory pathway are packaged
into vesicles that pinch off from the membrane of the ER and
fuse with the cis face of the Golgi apparatus. Often the packaging
of a protein into a transport vesicle requires the presence of a
region on the protein that is recognized by a receptor in the Golgi
membrane. This receptor–protein complex will localize to a
vesicle and target the vesicle to its destination.
One of the best-characterized pathways of vesicular transport
involves proteins destined to become lysosomal enzymes. These
proteins carry a unique mannose-6-phosphate (M6P) marker that
is recognized by the specific M6P receptor in the membrane of
the Golgi apparatus. M6P receptors bind proteins and sequester
them along one region of the Golgi membrane, facilitating their
packaging into vesicles. Once the vesicle has budded from the
Golgi apparatus, it travels to the lysosome, where it fuses with
the lysosomal membrane. The M6P receptor releases its bound
protein when it encounters the acidic pH of the interior of the
lysosome. The acidity of the lysosome also activates lysosomal
enzymes.

1.

Proteins that are to be secreted pass through what series of
organelles?
A.
B.
C.
D.

2.

ER → Golgi → lysosomes → plasma membrane
ER → Golgi → secretory vesicles
cytoplasm → Golgi → ER → secretory vesicles
ER → secretory vesicles → lysosomes

3.

The transport of proteins to the lysosomes requires which
of the following?
A.
B.
C.
D.

4.

Which of the following enzymes would be expected to
function well within an acidic environment?
A.
B.
C.
D.

5.

Intracellular digestion of macromolecules
Protein synthesis
Oxidative phosphorylation
Golgi formation

If a protein that is destined to become a lysosomal
enzyme were synthesized without a signal peptide,
in which of the following cellular regions would it
ultimately reside?
A.
B.
C.
D.

7.

Signal peptidase
Trypsin
Pepsin
Pancreatic lipase

Which of the following processes would be disrupted in a
cell that failed to label proteins with the M6P marker?
A.
B.
C.
D.

6.

Acidic pH in the ER
Vesicle movement from the rough ER to the Golgi
Endocytosis
Inhibition of signal peptidase

The cytosol
The cell surface
The mitochondria
The peroxisomes

The ER lumen corresponds most closely to which of the
following compartments?
A.
B.
C.
D.

The interior of the nucleus
The cytoplasm
The extracellular environment
The intermembrane space in mitochondria

Where in the cell would the M6P receptor be transcribed?
A.
B.
C.
D.

In the nucleus
In the cytoplasm
In the rough ER
In the Golgi

© The Princeton Review, Inc.

|

551

MCAT Science Workbook

Passage 24 (Questions 1-5)

1.

The selective permeability of cell membranes plays an
important role in regulating the intracellular environment. Ions
can be transported across cell membranes by passive, active, or
facilitated processes.
Ionophores are small hydrophobic molecules that dissolve
in the lipid bilayer and increase its ion permeability. Most are
synthesized by microorganisms, presumably as biological
weapons, and some have been used as antibiotics. They have
been widely employed by cell biologists to increase membrane
permeability to specific ions in studies on synthetic bilayers,
cells, and cell organelles.

A.

increased in calcium concentration to compensate
for a deficit in positive charge.
B. decreased in calcium concentration by intake of
water.
C. decreased in size by losing both calcium and
magnesium ions.
D. decreased in size by losing water passively along a
concentration gradient.

2.

It is known that ionophores may be substance-specific. That
is, a given ionophore may promote cell membrane permeability
to one substance, but not to another.

Yes, the ionophore would excite a threshold reaction
in the neuron’s Schwann cells.
B. Yes, an action potential occurs when threshold
depolarization causes voltage-gated channels to
open.
C. No, an action potential requires a reduced
permeability to sodium ions.
D. No, an action potential is triggered by active
transport of sodium along the myelin sheath.

Experiment 1:
Cells with relatively high internal calcium concentration
and low internal magnesium concentration were placed in an
aqueous medium of relatively low calcium concentration and
high magnesium concentration.

Experiment 2:
Experiment 2 was identical to Experiment 1 except that the
cell medium was infused, also, with Ionophore A.
The cells’ internal ion concentrations were evaluated,
and it was found that the internal concentration of calcium
had remained the same but that the internal concentration of
magnesium had increased substantially.
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A graduate student suggested that a neuron at resting
potential might be induced to undergo an action potential
by exposure to a sodium-specific ionophore. Is this a
reasonable hypothesis?
A.

An investigator sought to learn more about the characteristics
of a particular ionophore termed Ionophore A.

After several seconds had elapsed, the cells’ internal ion
concentrations were evaluated, and it was found that internal
concentrations of calcium and magnesium had remained the
same.

If, in Experiment 1, the cells were placed in a hypotonic
medium, and if the cells were permeable to water and
magnesium, then the cells would most likely have:

3.

If, in either Experiment 1 or Experiment 2, the cells had
decreased their internal concentration of magnesium,
it would indicate that they had undergone a process in
which:
A.
B.
C.
D.

ATP had been converted to ADP.
Ca2+ entered the cell.
carbohydrates had been synthesized.
voltage-gated ion channels had opened.

Biology

4.

The results of Experiments 1 and 2 would most justify the
researcher’s conclusion that:
A.
B.

Ionophore A would not be a useful antibiotic.
Ionophore A is specific to positively charged
ions, since it altered sodium permeability but not
magnesium permeability.
C. ionophores facilitate movement only in accordance
with existing concentration gradients.
D. in order to be effective, ionophores require the active
assistance of the cell’s sodium–potassium pump.

5.

If a given cell were persistently engaged in active
transport, its cytoplasm would most likely be rich in:
A.
B.
C.
D.

smooth endoplasmic reticulum.
lysosomes.
centrioles.
mitochondria.

Passage 25 (Questions 1-7)
The cytoskeleton of eukaryotic cells is composed of three
elements: microtubules, microfilaments, and intermediate
filaments. Microtubules are hollow tubes composed of tubulin
αβ heterodimers and are the largest of the three cytoskeletal
structures. They function in cell structure, movement of
cilia and flagella, transportation of organelles, and sister
chromatid separation during mitosis. They are anchored to the
microtubule organizing center, which contains the centrioles.
Microfilaments are fibrous polymers of the globular protein actin
which are essential for amoeboid motility, cell–cell adhesion,
and contractile processes. The function of microtubules and
microfilaments in the eukaryotic cell depends on a dynamic
equilibrium between monomeric and polymerized forms of
the proteins. Microtubules and microfilaments are constantly
depolymerizing and repolymerizing, and it is thought that this
is the mechanism whereby they mediate motility, for example
in the extension of a pseudopod due to formation of long actin
polymers.
The following experiment was conducted to study the
functions of microtubules and microfilaments in eukaryotic cells:
Three groups of cultured cells were placed in media
containing all necessary growth requirements. To Group A,
nothing was added. To Groups B and C, the drugs cytochalasin
and vinblastine, respectively, were added. Cells were observed
over time for changes in morphology and function. The results
are summarized below:

Effect

Drug

Group

A

None

5% of cells in mitosis at any one time;
normal morphology/function

B

Cytochalasin Cells arrested in cytokinesis;
inhibition of amoeboid motility

C

Vinblastine

Cells arrested in metaphase of
mitosis; no effect on amoeboid
motility
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1.

If mitosis takes one hour, what is the total cell cycle time
for these cells?
A.
B.
C.
D.

2.

5 hours
10 hours
20 hours
50 hours

6.

I only
I and II only
I and III only
I, II, and III

A researcher stains actin of cells in interphase with
a fluorescent anti-actin antibody. As seen under the
microscope, the fluorescence would be:
A.
B.

seen as two star-shaped structures near the nucleus.
uniformly dispersed throughout the cell, giving it an
even color.
C. concentrated in the cytoplasm.
D. concentrated solely inside the nucleus.

|

Inhibition of organelle movement within the cell
Inhibition of mitotic spindle formation
Inhibition of protein synthesis
Cessation of amoeboid movement
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Which of the following is NOT true of eukaryotic
flagella?
A.
B.

They are structurally identical to prokaryotic flagella.
They are cytoplasmic extensions with a 9 + 2
arrangement of microtubules.
C. ATP hydrolysis is required for their movement.
D. They are similar in structure to cilia.

Which of the following accurately describes the role of
cytoskeletal proteins in mitosis?

A.
B.
C.
D.

554

A.
B.
C.
D.

microtubules.
microfilaments.
both microfilaments and microtubules.
Cannot be determined from the information given

I. Microtubules known as polar fibers radiate
from the centrioles to connect with kineto
chore fibers, also composed of microtubules,
emanating from the centromere.
II. Contraction of microtubules is responsible
for formation of the cleavage furrow during
anaphase.
III. After recombination between homologous
chromosomes, homologous chromosomes are
pulled to opposite poles by microtubules.

4.

A researcher studies the effect of phalloidin, a chemical
that prevents actin depolymerization. Which of the
following is a likely effect of phalloidin?

The drug cytochalasin affects:
A.
B.
C.
D.

3.

5.

7.

Which of the following best describes the cells of Group
C as viewed under the microscope?
A.

A set of chromosomes can be seen at either end of
the cells; no nuclear envelope is visible.
B. Chromosomes are aligned in the middle of the cell;
no nuclear envelope is visible.
C. The chromosomes are partially thickened, and the
nuclear envelope is partially disintegrated.
D. No chromosomes are visible, and the nuclear
envelope is fully intact.

Biology

Passage 26 (Questions 1-7)

1.

Dividing eukaryotic cells pass through a regular sequence of
growth and division, known as the cell cycle. The cycle consists
of four major phases: mitosis, G1, S, and G2. G1 is a period of
general growth and replication of cytoplasmic organelles and
proteins. In the S phase, chromosomal material is replicated,
and in the G2 phase the structures associated with mitosis are
assembled. See Figure 1.

A.
B.

in the nucleus.
someplace within the cell, but a more specific
location cannot be determined from this experiment.
C. outside the cell wall.
D. in the cytoplasm.

2.
Cell Division
Mitosis

3.

Figure 1

Two experiments were conducted to determine the causes of
G1 and G2 arrest.

the formation of nuclear membranes.
the disappearance of the nuclear membrane.
condensing of the chromosomes.
splitting of the centromeres.

Mitosis occurs in which of the following human cell
types?
I. Primary spermatocyte
II. Bone marrow cells
III. Mature erythrocytes

S

The duration of the cell cycle varies from one species to
another, and from one cell type to another. The G1 phase varies
the most. For example, embryonic cells can pass through the
G1 phase so quickly that it hardly exists. On the other hand,
differentiated skeletal muscle cells and nerve cells are arrested in
the cell cycle and normally do not divide.

In Experiment 2, the first sign of mitosis would be:
A.
B.
C.
D.

Cytokinesis

G1

G2

In Experiment 1, the substance in control of G1 arrest
must be present:

A.
B.
C.
D.
4.

II only
I and III only
II and III only
I, II, and III

Interphase corresponds to which phase of the cell cycle?
A.
B.
C.
D.

S phase
Mitosis
G1 plus S plus G2
Cytokinesis

Experiment 1
The nucleus of a cell in the S phase is removed, and the
nucleus of a cell in G1 arrest is transplanted into the enucleated
cell in S phase. The transplanted nucleus soon becomes activated
itself and enters the S phase.
Experiment 2
A cell in G2 arrest is fused with a mitotic cell. The nucleus
originally in G2 arrest promptly shows signs of entering mitosis.
Adapted from Biological Science by William T. Keeton and James L. Gould, ©1986 by
W.W. Norton & Company, and Biology, by Helena Curtis, ©1983 by Worth Publishers,
Inc.
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5.

Which of the following meiotic characteristics does
mitosis share?
A.

Crossing over occurs between paired homologues
before they separate into two different nuclei.
B. It occurs only in diploid cells.
C. Each cell divides twice, producing a total of four
cells.
D. Replication of chromosomes occurs prior to
prophase.

6.

Chloroplasts and mitochondria have their own chromosomes. The genomes of chloroplasts and mitochondria
must replicate during:
A.
B.
C.
D.

7.

the S phase.
the G1 phase.
mitosis.
cytokinesis.

Passage 27 (Questions 1-8)
Cancer cells are recognized by their ability to escape normal
regulation of cell division, proliferating out of control, and of
ten invading local tissues or metastasizing to distant locations.
Most cancers are thought to originate from a single cell which
has undergone a change in its genetic sequence. However, many
cancers require two genetic aberrations. In these cases a defect
in the genome is thought to predispose the cell to malignant
transformation, which then takes place only after further genetic
disturbance. Tumor progression, whereby a benign tumor
becomes a malignant one, is accelerated by mutagenic agents
(tumor initiators) and nonmutagenic agents (tumor promoters).
Both types of agents affect gene expression, stimulate cell pro
liferation, and alter the balance of mutant and nonmutant cells.
The following tables show the relative risks (RR) of tobacco
and alcohol use for cancer of the endolarynx, epilarynx, and
hypopharynx. A relative risk greater than 1.0 indicates increased
risk relative to a control group.

Which of the following gives the correct order of the
phases of mitosis?
A.
B.
C.
D.

Prophase, metaphase, anaphase, telophase
Prophase, anaphase, telophase, metaphase
Anaphase, prophase, metaphase, telophase
Telophase, anaphase, metaphase, prophase

RR for Alcohol & Tobacco by Site
Cigarettes/day

Endolarynx

Epilarnyx

Hypopharnyx

0

1.0

1.0

1.0

1–7

2.5

2.3

5.5

7.5

6.7

13.7

16–25

8–15

14.6

11.0

18.0

26+

17.0

9.4

20.0

0–20

1.0

1.0

1.0

21–40

0.88

0.87

1.57

41–80

1.08

1.53

3.15

81–120

1.71

121+

2.50

g Alcohol/day

5.10
10.6
Table 1
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5.59
12.5

Biology

Combined Effect of Alcohol & Tobacco on RR

4.

Number of Cigarettes per day

g Alcohol
per day

0–7

8–15

16–25

A.
B.
C.
D.

26+

Endolarynx
0–40

1.0

7.0

12.9

15.0

41–80

2.8

8.3

16.1

18.7

81–120

4.3

12.8

24.8

28.9

121+

6.3

18.7

36.5

42.5

Upon which site does tobacco have the greatest adverse
effect?

5.

Endolarynx
Epilarynx
Hypopharynx
All three sites are equally affected.

Overall, the combined effects of tobacco and alcohol on
the relative risk for cancer are:

Epilarynx
0–40

1.0

12.4

17.7

17.9

41–80

9.1

23.9

33.9

34.4

81–120

20.9

54.6

77.6

78.6

121+

45.2

118.3

168.2

170.5

A.
B.
C.
D.

additive.
multiplicative.
independent of each other.
mutually antagonistic because alcohol lowers the
risk produced by tobacco consumption.

Adapted from International Journal of Cancer: Cancer of the Larynx/Hypolarynx,
Tobacco and Alcohol, ©1988

6.

Which of the following may be seen in cancerous cells?

Table 2
1.

Based on the passage, tobacco and alcohol would be
classified as:
A.
B.
C.
D.

2.

7.

changes in the DNA sequence of a cell.
noncancerous cells to become cancerous.
changes in the metastatic potential of a cell.
tumors to develop in normal tissue.

The likelihood of cancer in a person who consumes
21–40 g/day of alcohol, compared to the likelihood in a
nondrinker, is:
A.

A.
B.
C.
D.

tumor initiators.
tumor promoters.
mutagens.
Cannot be determined from the information given

The direct role of tumor initiators is to cause:
A.
B.
C.
D.

3.

I. Changes in the cell cycle
II. Changes in gene expression
III. Ability to respond to hormonal control

decreased for endolarynx, epilarynx, and
hypopharynx.
B. decreased for endolarynx and epilarynx, but in
creased for the hypopharynx.
C. decreased for endolarynx, but increased for epi
larynx and hypopharynx.
D. increased for endolarynx, epilarynx, and
hypopharynx.

What is the relative risk for developing cancer of the
epilarynx in an individual who smokes 8–15 cigarettes
per day and drinks more than 121 g of alcohol per day
(compared to a nonsmoking, nondrinker)?
A.
B.
C.
D.

8.

I and II only
I and III only
II and III only
I, II, and III

6.7
10.6
18.7
118.3

Each of the following could cause cancer EXCEPT:
A.

a mutation in the gene coding for a cell surface
receptor.
B. a mutation in the gene coding for a steroid receptor.
C. an error in translation of a cell-surface receptor.
D. deletion of the gene coding for a receptor’s reg
ulatory subunit.
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Passage 28 (Questions 1-8)
Schizosaccharomyces pombe, or fission yeast, has a cell
cycle that resembles that of mammalian cells. During interphase,
fission yeast grow to twice their normal size, and at the end of
mitosis both daughter offspring are equal in size to the original
parent cell. Genes that regulate the division of fission yeast are
known as cell-division cycle, or cdc, genes.
The following experiments were conducted to determine the
effect of cdc gene mutations on yeast cell division.
Experiment 1
In order to determine the effect of cdc mutations, wildtype cells and mutants were grown at 37°C in the presence of a
radioactive drug that specifically binds to the spindle apparatus.
Stages of the cell cycle were elucidated for both cell types
incubated at this temperature. At 37°C, temperature-sensitive
cdc mutants were unable to re-enter interphase after mitosis. The
illustration below depicts the results for wild-type cells and cdc
mutants.

then exposed to temperatures near 37°C at different times during
the cell cycle. For each colony, the cell cycle was arrested
immediately after the last phase of mitosis.
Experiment 3
Cdc mutant cells were made to express two cell division
regulatory proteins, cdc2 and cdc25, during incubation. These
cells were able to undergo complete cell cycling, passing through
mitosis, interphase, and mitosis again. After each round of
mitosis, two haploid cells were produced for each original parent
cell. When supplies of the regulatory proteins were depleted, the
cdc mutants were again unable to progress through the cell cycle
beyond the end of mitosis.

1.

A.
B.
C.
D.
2.

Radiolabeled

3.

4.
Wild-type

Mutant

Figure 1
Experiment 2
Cdc mutants were initially incubated at 25°C for 30 minutes
and several rounds of mitosis occurred. Separate colonies were
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are eukaryotic.
are unicellular.
remain haploid throughout most of their lives.
are spore-producing organisms.

Based on the results in Figure 1, the cdc mutants
were unable to enter the stage of the cell cycle that is
characterized by:
A.
B.
C.
D.

Radiolabeled

transcription.
translation.
transformation.
replication.

Yeasts are similar to molds in all of the following
characteristics EXCEPT that yeasts:
A.
B.
C.
D.

No further
replication

Radiolabeled

Antibodies specific to the mitotic spindle apparatus would
most likely recognize products of:

crossing-over.
meiotic division.
DNA replication.
the reduction division.

The difference in cell cycle progression between wildtype fission yeast and cdc mutants incubated at 37°C is
most probably due to:
A.
B.
C.

heat denaturation of many cellular proteins.
feedback inhibition of enzyme activity.
denaturation of the mutant DNA at the higher
temperature.
D. the restrictive temperature range of activity of
mutant protein.

Biology

A.

The wild-type cells were able to pass through the
cell cycle several times.
B. Mutants incubated at 25°C were able to enter mitosis.
C. Mutants exposed to high temperatures at different
times halted at the same point in the cell cycle.
D. Mutants exposed to cell division regulatory proteins
were able to produce daughter cells.

6.

What finding would best justify a researcher’s conclusion
that wild-type fission yeast have a competitive advantage
over cdc mutants?
A.

The wild-type spindle apparatus forms during late
interphase.
B. The cdc mutants replicate in the presence of cell
division regulatory proteins.
C. The cdc mutant cell cycle occurs at temperatures
below 35°C.
D. In a culture inoculated with both wild-type and
cdc-mutant yeast, only wild-type are found after 24
hours.

7.

If, because of mutation, a diploid cell should arrest at the
end of mitosis and fail to enter interphase, then as a direct
result:
A.
B.
C.
D.

8.

there will be a failure of protein synthesis.
there will be a failure of genome replication.
daughter cells will emerge haploid.
the mitotic process will be converted to a meiotic
process.

Passage 29 (Questions 1-9)
***ADVANCED PASSAGE***
Many membrane transport processes are not driven directly
by the hydrolysis of ATP. Instead, they are coupled to the flow of
an ion down its electrochemical gradient. For example, glucose
is transported into some animal cells by the simultaneous entry of
Na+. Sodium ions and glucose bind to a specific transport protein
and enter together. A protein responsible for the concerted
movement of two such species is called a symport. An antiport
carries two species in opposite directions. The rate and extent of
glucose transport depends on the Na+ gradient across the plasma
membrane. Sodium ions entering the cell in the company of
glucose are pumped out again by the Na+/K+ ATPase pump.
A group of researchers wished to gain information about a
type of bacteria that was known to take in glucose across its cell
membrane by use of a sodium–glucose cotransport mechanism.
The researchers conducted two experiments in which bacterial
cells were placed in glucose-containing media that differed with
respect to relative ion concentration and ATP content. Glycolysis
was inhibited in the cells during these experiments.
Experiment 1:
Bacterial cells with relatively low intracellular sodium
concentration were placed in a glucose-rich medium that had a
relatively high sodium concentration but no ATP. At regular time
intervals, the medium was analyzed for glucose concentration
and sodium concentration. See Figure 1.

Graph I

If the cdc mutation is recessive, then fusion of wild-type
and cdc mutant haploid cells would produce a diploid cell
that has a:
A.
B.
C.
D.

wild-type phenotype and heterozygous genotype.
wild-type phenotype and homozygous genotype.
heterozygous genotype and mutant phenotype.
homozygous genotype and mutant phenotype.

Graph II
Na+
concentration
in medium

Which of the following results could support the
hypothesis that mutations of the cdc gene affect a specific
stage of the cell cycle?

Glucose
concentration
in medium

5.

x
time

x
time

Figure 1 Glucose and Na+ concentrations in medium
(no ATP in medium)
Experiment 2:
Bacterial cells with relatively low intracellular sodium
concentration were placed in a glucose-rich medium that had
a relatively high sodium concentration and that was also rich
in ATP. At regular time intervals, the medium was analyzed
for glucose, sodium, and ATP concentration (see Figure 2). If
radiolabeled ATP is used in this experiment, the majority of the
radiolabel at the end of the experiment is found as ADP inside
the cells.
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Graph IV

3.

Na+
concentration
in medium

Glucose
concentration
in medium

Graph III

A.

x

No; Figure 1 indicates that glucose can cross the cell
membrane indefinitely in the absence of exogenous
energy.
B. No; Figure 2 indicates that extracellular glucose and
ATP concentrations are independent.
C. Yes; Figure 1 indicates that a sodium gradient drives
glucose transport, and Figure 2 indicates that ATP
maintains the sodium gradient.
D. Yes; Figures 1 and 2 indicate that glucose crosses the
cell membrane in exchange for phosphate.

x

time

time

ATP
concentration
in medium

Graph V

x
time
Figure 2 Glucose, Na+, and ATP concentrations in
medium
1.

Within animal cells, the transport of Na+ out of the cell by
the Na+/K+ ATPase pump involves:
A.
B.
C.
D.

2.

symport.
antiport.
facilitated diffusion.
active transport.

The results of Experiments 1 and 2 suggest that the cells
take up glucose:
A.

in exchange for ATP, as long as extracellular sodium
concentration remains constant.
B. in exchange for sodium, as long as ATP
concentration is zero.
C. together with sodium, as long as a favorable sodium
concentration gradient is maintained.
D. together with sodium, as long as extracellular ATP
concentration is increasing.
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On the basis of Experiments 1 and 2, a researcher
hypothesized that all of the cells under study ultimately
depend on energy to operate the sodium–glucose
cotransport mechanism. Is this hypothesis reasonable?

4.

The results of Experiments 1 and 2 indicate that ATP
promotes the cellular uptake of glucose by serving as a
source of:
A.
B.
C.
D.

enzymes.
metabolic energy.
inorganic phosphate.
carbohydrate.

Biology

Graph II

x

Graph II

[Na+] in medium

[glucose] in medium

time
Graph I

x
C.
x

Graph II

[Na+] in medium

[glucose] in medium

time
Graph I

B.

x

time

x
time

time
D.

x
time

x
time

In Figure 1, if the initial Na+ concentration in the medium
were doubled, which graph below would best depict the
glucose concentration in the medium?
A.

x

D.

8.

[glucose] in medium

Graph I

[glucose] in medium

x

time
C.

remain at its original level, because sodium
concentration does not affect glucose concentration.
B. increase, because less glucose is transported into the
bacterial cells.
C. level off, because a sodium gradient is not available
to drive cotransport.
D. approach zero, because glucose and sodium are
transported together.

time
[Na+] in medium

[glucose] in medium

B.

A.

Graph II

x
time

According to Figure 1, as sodium concentration in the
medium approaches the same concentration found in the
cells, glucose concentration in the medium would:

[glucose] in medium

Graph I

[Na+] in medium

A.

7.

[glucose] in medium

If, in Experiment 1, ATP had been added to the medium
at time x, which of the following would represent the
appearance of Graphs I and II?
[glucose] in medium

5.

x
time

9.

x
time

Based on the information in the passage, the first step in
the transport of sodium and glucose into a cell is:
A.

6.

A student postulated that the glucose transport protein
must be located exclusively on the outer surface of the
cell membrane. Is this hypothesis necessarily true?
A.

Yes; transport proteins only occur on the outer
surface of membranes.
B. Yes; the hydrophobic tails of the lipid bilayer repel
protein molecules.
C. No; transport proteins are located exclusively on the
inner surface of the lipid bilayer.
D. No; transport proteins may span the entire width of
the lipid bilayer.

binding of specific secreted proteins to sodium in the
surrounding medium.
B. direct hydrolysis of ATP in the cytoplasm by the
sodium–glucose cotransporter.
C. direct hydrolysis of ATP on the extracellular surface
by the sodium–glucose cotransporter.
D. binding of specific proteins in the membrane to
sodium and glucose in the surrounding medium.
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Passage 30 (Questions 1-8)

2.

Maternal inheritance is one pattern of inheritance which does
not follow the rules of Mendelian genetics. It is an example of
uniparental inheritance in which all progeny have the genotype
and phenotype of the female parent.
Maternal inheritance can be demonstrated in the haploid
fungus Neurospora by crossing the fungi in such a way that one
parent contributes the bulk of the cytoplasm to the progeny. This
cytoplasm-contributing parent is called the female parent, even
though no true sexual reproduction occurs. The inheritance
patterns of a mutant strain of Neurospora called poky have
been studied using such crosses. Poky differs from the wildtype in that it is slow-growing and has abnormal quantities of
cytochromes.

I. Injection of a wild-type control group using
plain saline solution
II. Testing recipient cells for the presence of
nuclear genes from donor cells
III. Injection of wild-type mitochondria into wildtype recipient cells
A.
B.
C.
D.
3.

Investigators suspected that the poky mutation was carried
in the mitochondria, instead of in the nuclear genome. The
following experiments were designed to test this hypothesis.

4.

Using an ultrafine needle and syringe, these mitochondria
were injected into wild-type Neurospora cells.
Step 3:
These recipient cells were cultured for several generations,
and the phenotypes were examined.

The resulting mitochondria are all unlabeled.
Some of the resulting population of mitochondria are
unlabeled, some are heavily labeled.
C. All mitochondria are equally labeled.
D. One fourth of the resulting mitochondria are labeled,
with the rest unlabeled.

The poky phenotype was observed in some of the cultured
fungi.

The experiment supports which of the following
conclusions?
A.

The slow growth of poky mutants increases their
mutation rate.
B. Poky mitochondria induce a genomic mutation
which results in the poky phenotype.
C. Maternal inheritance does not apply to poky
Neurospora mutants.
D. The poky mutation resides in the mitochondria.
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A scientist labels mitochondria from Neurospora with
radioactive phosphatidylcholine, a membrane component,
and then follows cell division autoradiographically in
unlabeled medium, allowing one doubling of mass.
Which of the following results would best support the
conclusion that mitochondria arise from pre-existing
mitochondria?
A.
B.

Results:

1.

Which of the following results supports the model of
maternal inheritance for the poky phenotype?
Poky female × wild-type male → progeny 1/2 poky,
1/2 wild-type
B. Wild-type female × poky male → progeny 1/2 poky,
1/2 wild-type
C. Wild-type female × poky male → progeny all poky
D. Poky female × wild-type male → progeny all poky

Mitochondria were extracted from poky Neurospora mutants.

Adapted from An Introduction to Genetic Analysis, by David T. Suzuki, Anthony J.F.
Griffiths, and Richard C. Lewontin, ©1981 by the Authors.

III only
I and II only
I and III only
I, II, and III

A.

Step 1:

Step 2:

Which of the following procedures could serve as appro
priate control(s) for the experiment?

5.

A strain of mice has a defect in a mitochondrial protein
required for fatty acid oxidation. When a female with
the mutation is crossed with a wild-type male, male and
female progeny all have the wild-type phenotype. Which
of the following statements is most likely to be true?
A.
B.

The defect is caused by a mutation in a nuclear gene.
The defect is caused by a recessive allele in the
mitochondrial genome.
C. Mice do not display maternal inheritance.
D. The defect is caused by an X-linked recessive trait.

Biology

6.

Which one of the following processes does NOT take
place in the mitochondrion?
A.
B.
C.
D.

7.

A sexually reproducing fungus, such as Neurospora, has
which of the following life cycles?
A.
B.
C.
D.

8.

Glycolysis
Krebs cycle
Electron transport
Oxidation of pyruvic acid

Fertilization immediately follows meiosis
Meiosis quickly follows fertilization
Fertilization and meiosis are separated
Only mitosis occurs

Each of the following could have made the results of the
experiment in the passage deceptive EXCEPT:
A.

physical damage to Neurospora mitochondria
changed them in such a way that they caused the
poky mutation.
B. genomic material might have been passed
accidentally, since Neurospora has no nuclear
membrane.
C. during the culture of the recipient cells (Step 3), a
new mitochondrial mutation could have arisen,
resulting in the poky phenotype.
D. the interior of donor cells might have been disturbed
enough for genomic material to become mixed with
transferred mitochondria.

Passage 31 (Questions 1-5)
The remedy for genetic deficiency diseases by the insertion
of new DNA into a human genome is the basis for treatments
called gene therapy. Gene therapy may have application for both
inherited disorders as well as certain acquired diseases, such as
cancer.
There are two types of gene therapy: gene replacement
therapy and gene addition therapy. In gene replacement therapy,
a normal gene is recombined with a cell’s defective gene at the
site of the affected gene; the exogenous normal gene replaces
the defective gene in the cell’s genome. In gene addition therapy,
the inserted gene does not replace the defective gene, but rather
supplements it. Successful treatment requires that cells targeted
for gene therapy be actively dividing.
There are two possible routes for application of gene therapy:
in vivo and ex vivo. Ex vivo therapy involves removing cells
from an affected individual’s body, adding new genetic material
to them in vitro, and then reintroducing the genetically altered
cells into the body. In vivo therapy involves addition of genetic
material directly into an individual’s body.
Retroviruses are a convenient vector for the transfer of
genetic material into cells targeted for gene therapy. A retrovirus
is an RNA virus capable of transcribing its genome into
complementary DNA within the cell it infects. The enzyme that
catalyzes the manufacture of DNA from an RNA template is
reverse transcriptase. The reverse transcript is then incorporated
into the cell’s own genome, where it replicates along with host
genes during the normal cell cycle. When the viral genome is
thus assimilated into the host genome, it is termed a provirus.
Mutant retroviruses can be engineered to include normal genes
homologous to defective human genes and, importantly, to
exclude genes important in viral reproduction and virulence.
One drawback to using viruses as gene vectors is their
potential to alter the expression of certain genes, such as
oncogenes. The amplification of the activity of these genes can
lead to tumor formation and cancer. Another potential hazard is
insertional mutagenesis. Because it is often difficult to control
the site at which genetic material is introduced, serious problems
could arise if DNA were inserted in the middle of genes that
encode proteins essential to normal cell function.
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1.

Which of the following cells would be a good candidate
for successful treatment by gene therapy?
A.
B.
C.
D.

2.

A T cell
An intestinal epithelial cell
A red blood cell
A neuron

Huntington’s disease is an autosomal dominant genetic
disorder. It could not be treated by gene addition therapy
because:
A.

the defective gene would still be expressed in the
treated individual, despite the presence of the
inserted normal gene.
B. the added gene would show a faster rate of mutation
than other genes, and would soon mutate to the
defective allele.
C. Huntington’s disease is caused by a retrovirus, and
the addition of a new gene by a viral vector would
cause an individual to develop the disease.
D. the defective gene would still be present in the
individual’s genome, and would mutate any genetic
material inserted at a nearby locus.

3.

The success of gene therapy that uses retrovirus vectors
depends on the existence of an appropriate receptor for
the virus on the target cell. This receptor most likely
consists of:
A.
B.
C.
D.

4.

One nonviral vector for gene therapy relies on receptormediated endocytosis. This approach has proven
ineffective in the past because material taken up by the
target cell is usually transported to the:
A.
B.
C.
D.
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DNA.
RNA.
protein.
phospholipid.

lysosomes.
endoplasmic reticulum.
nucleus.
mitochondria.

© The Princeton Review, Inc.

5.

One method of treating cancer with gene therapy is to
introduce genes that disrupt DNA replication in malignant
tissue. This treatment would be likely to affect tumor cells
more than normal cells because tumor cells:
A.
B.

contain mutations which are difficult to replicate.
divide mitotically at a faster rate than normal
cells, and thus would be more affected by the gene
product.
C. are more easily infected by viruses, and thus would
be easier targets for inserted genes.
D. have larger genomes than normal cells, so it is easier
to add new genetic material to them.

Biology

Passage 32 (Questions 1-7)

1.

Multiple allelism is the existence of several known alleles of
a single gene in a population. Although only two alleles of a gene
can exist in a diploid cell, the total number of possible allelic
forms that might exist in a population of individuals is very large.

I. They may coat a foreign particle so that it is
taken up by phagocytic cells.
II. They may bind to a foreign particle, interfering
with its function.
III. They may elicit a cascade leading to the lysis of
foreign cells.

A familiar example of multiple allelism in humans is the
ABO blood group locus. The gene codes for cell-surface proteins.
These proteins determine the compatibility of donated blood. If
the donor has different cell-surface proteins from the recipient,
the recipient’s immune system attacks the donated red blood
cells, with the new cell-surface proteins serving as antigens.
In the ABO allelic series, there is a cell-surface protein
formed by the allele IA and another by the allele IB. The allele i
determines a failure to produce either form of that type of protein.
There are thus four possible phenotypes: A, B, AB, and O. The O
phenotype corresponds to the genotype ii.

Antibodies act against foreign particles in which of the
following ways?

A.
B.
C.
D.
2.

Coat color in rabbits provides another example of multiple
allelism. There are four coat-color phenotypes. The Himalayan
phenotype is interesting, in that its expression is temperature
dependent. Himalayan rabbits are all black when raised at
temperatures of about 5°C; white with black ears, forepaws,
noses, and tails when raised at normal room temperatures; and all
white when raised at temperatures above 35°C.

I only
II only
I and II only
I, II, and III

A hospital has possibly switched the babies of Couples
X and Y. Their blood groups are: Couple X—A and O;
Couple Y—AB and B; Baby 1—AB; Baby 2—O. Which
baby belongs to which set of parents?
A.

Baby 1 belongs to Couple X, and Baby 2 belongs to
Couple Y.
B. Baby 1 belongs to Couple Y, and Baby 2 to Couple
X.
C. Baby 2 belongs to Couple X, but Baby 1 belongs to
neither couple.
D. Neither baby can belong to either couple.

Adapted from D. Suzuki, A. Griffiths, J. Miller, and R. Lewontin, An Introduction to
Genetic Analysis ©1981, and H. Curtis, Biology ©1983.

3.

A man whose blood group is AB needs a blood
transfusion. Which of the following blood groups would
be compatible?
I. O
II. A
III. AB
A.
B.
C.
D.

I only
III only
II and III only
I, II, and III
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4.

In which of the following genotypes is codominance
operating to produce the phenotype?
A.
B.
C.
D.

5.

ii
IAIB
IAIA
IBi

Which of the following would best explain the
temperature dependence of Himalayan coat color?
A.

The protein governing the deposition of black
pigment into hair might only function at
temperatures lower than core body temperatures.
B. The protein governing the deposition of black
pigment into hair might only function at
temperatures higher than core body temperatures.
C. Temperature alters the genotype imports of the body.
D. Multiple allelism is operating in a temperaturedependent pattern.

6.

A man of blood type A marries a woman of blood type B.
Possible genotypes among their offspring include:
A.
B.
C.
D.

7.

|

The black color coat in hamsters is due to a dominant gene (B).
A recessive allele (b) at this locus results in a brown coat when
homozygous. However, neither coat color is expressed when the
organism is homozygous for the allele (a) at a separate locus.
The a/a genotype results in a white (albino) coat, regardless of
the allele at the B locus. The wild-type allele (+) at the (a) locus
allows normal coat coloration, whether the genotype is +/+ or
+/a.
The following experiments were performed to better
understand these relationships.
Experiment 1:
A female hamster with the genotype B/B; +/+ is crossed with
a male hamster of genotype b/b; a/a.
Experiment 2:
Female offspring from the cross in Experiment 1 were
backcrossed to the (b/b; a/a) parent. The distribution of coat
coloration among the progeny was as follows: black (66), brown
(34), and white (100).

1.

Mr. X is not the father, but Mr. Y could be.
Neither Mr. X nor Mr. Y can be the child’s father.
Mr. X is probably the child’s father.
Either Mr. X or Mr. Y could be the child’s father.

© The Princeton Review, Inc.

Which of the following can be inferred from the passage?
A.
B.
C.
D.

Mr. X is concerned that Mr. Y might be the father of Ms.
Z’s child. Their blood types are: Mr. X—type O, Mr. Y—
type AB, and Ms. Z—type B. The child is type A. Which
of the following statements is true?
A.
B.
C.
D.
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IAIB only.
IAIA or IBIB only.
IAi or IBi only.
IAIB or IAi or IBi or ii.

Passage 33 (Questions 1-6)

2.

The (+) allele is dominant over the (B) allele.
The (a) allele is dominant over the (B) allele.
The (+) allele and the (a) allele are codominant.
The albino gene is epistatic to the B gene.

A true-breeding strain of black hamsters is available.
What is the genotype of this strain?
A.
B.
C.
D.

B/b; +/+
B/b; +/a
B/B; +/+
B/B; +/a

Biology

3.

A strain of hamsters known to be homozygous (b/b; a/a)
at both loci is available. What is the phenotype of these
animals?
A.
B.
C.
D.

4.

What will be the phenotype(s) of the F1 animals resulting
from the cross in Experiment 1?
A.
B.
C.
D.

5.

All black
All brown
All white
Both black and brown

Experiment 2 suggests that the two genetic loci discussed
in the passage are:
A.
B.
C.
D.

6.

Black
Brown
White
A mixture of white and brown

linked.
unlinked.
recessive.
Not enough information to determine linkage

Based on the results from Experiment 2, what is the
genetic map distance (frequency of recombination)
between the two loci discussed in the passage?
A.
B.
C.
D.

17 centimorgans
34 centimorgans
68 centimorgans
Impossible to determine; they are unlinked.

Passage 34 (Questions 1-7)
Populations of organisms can interact through competition,
predation, or one of the three types of symbiotic relationships:
parasitism, commensalism, or mutualism. Three communities
which exemplify these relationships are described below.
Community 1:
Acacia trees of Central and South America have hollow
thorns that house the ant Pseudomyrmex. The ants feed on sugar
and proteins produced in Beltian bodies at the tips of leaflets on
the tree. The ants protect the tree by stinging invaders, removing
debris, and clipping competing vegetation. Experiments have
shown that when the ants are poisoned, the tree cannot compete
as well for light and growing space, and is damaged by herbivores.
Community 2:
The cattle egrets of North and South America inhabit the
same areas as grazing cattle. The grazing cattle flush insects from
vegetation as they move. The egrets benefit from the relationship,
whereas the cattle neither benefit nor are harmed.
Community 3:
The Myxoma virus was introduced in the 1950s in Australia
to control the enormous rabbit population. The first infection
killed 99.8% of the rabbits, but the subsequent second and
third infections killed only 90% and 50%, respectively, of the
remaining rabbits. The rabbit population today has rebounded,
due to selection for less virulent strains of the virus and for
rabbits better able to resist the virus.

1.

The symbiotic relationship of Community 1 would best
be classified as:
A.
B.
C.
D.

2.

parasitism.
commensalism.
mutualism.
a predator–prey relationship.

The symbiotic relationship of Community 2 would best
be classified as:
A.
B.
C.
D.

parasitism.
commensalism.
mutualism.
a predator–prey relationship.
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3.

In Community 3, the decline of the rabbits’ mortality in
repeated viral epidemics is an example of:
A.
B.
C.
D.

4.

Birds that feed on insects would be most like which
organism, as described in the passage?
A.
B.
C.
D.

5.

coevolution.
mutation.
speciation.
competition.

Pseudomyrmex ants eating acacia nutrients
Cattle with egrets
Myxoma viruses with rabbits
None of the above

According to the Hardy–Weinberg law, the frequency of
all alleles in the rabbit population would not change, as
long as each of the following were true EXCEPT that the:
A.
B.
C.
D.

Passage 35 (Questions 1-6)
***ADVANCED PASSAGE***
At what level does natural selection operate: the individual or
the group? This is a central question in the field of sociobiology.
In 1962, V. C. Wynne Edwards put forth his revolutionary group
selection thesis, which states that animals avoid overexploitation
of their habitats, especially with regard to food supply. In his
theory, they accomplish this by altruistic restraint on the part of
individuals who reduce their reproduction, or refrain altogether,
to avoid overpopulation. Thus altruism is favored by natural
selection.
For example, small birds of the species Parus major typically
produce nine or ten eggs per clutch, although they have been
observed to produce as many as thirteen eggs per clutch. Data
show that a clutch size larger than nine or ten actually produces
fewer surviving offspring. See Figure 1; the vertical axis gives
the percent occurrence of each brood size, and the numbers
labelling the dots indicate the number of known survivors per
nest.

rabbit population was extremely large.
rabbits were free to migrate to new habitats.
rabbit genome never mutated.
rabbits mated randomly.

9

9
8
7

40%

6.

Most individual species of figs are pollinated by a single
host-specific species of wasp which in turn receives
nourishment. This host-specificity provides reproductive
isolation among both the wasps and the figs that can lead
to:
A.
B.
C.
D.

7.

speciation.
intra-species competition.
natural selection.
genetic diversity.

Why do predators usually not kill the entire population of
their prey?
A.
B.
C.

Because geographical barriers usually prevent this
In order to avoid obliterating their prey
Because prey populations evolve traits that prevent
them from being killed
D. Because when prey become too scarce, the predators
begin to die off also
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Brood size
Figure 1
Additional evidence for the group-selection theory is that
there appears to be a relationship between reproductive success
of individuals and the density of the population. When density is
low, mortality is likewise low and reproductive rate high. At high
numbers resources are more scarce, and it is more difficult to stay
alive and to reproduce, so mortality is high and reproductivity
low. Figure 2 shows the number of surviving offspring per
mating pair plotted against the number of breeding adults present
(the graph covers several years).

Number of Surviving
Offspring Per Mating Pair

Biology

3.
10

A.

It neither supports nor contradicts Edwards’s theory,
because it does not display information about
altruism or group versus individual behavior.
B. It shows that Parus major reduces clutch size in
response to environmental constraints, because a
higher percentage of offspring survive when the
clutch size is lower.
C. It shows that Parus major produces as many
offspring as possible, regardless of environmental
constraints.
D. It shows that Edwards’s theory does not apply to this
particular species.

5

50
100
150
Number of Breeding Adults

Figure 2
Adapted from R. Trivers, Social Evolution ©1985, and D. Barash, Sociobiology and
Behavior ©1983.

1.

According to the passage, which of the following is NOT
an accurate statement about the relationship of population
size to reproductivity of Parus major?

4.

Population numbers tend to increase when low and
tend to decrease when high.
B. Breeding success is inversely proportional to the
number of fledglings.
C. Increased food availability increases reproductivity.
D. When density is high, difficulty of survival increases,
lowering reproductivity.

The term “carrying capacity” is often used in ecology.
Which of the following is an accurate description of the
carrying capacity of a population?
A.

It is best measured in the springtime, when the new
offspring are born.
B. It is the number of individuals that are present over
several seasons.
C. It is the population size during the phase of
exponential growth.
D. It is determined more by reproductive potential than
by the environment.

Which of the following is NOT an accurate interpretation
of the evidence provided by Figure 2?
A.
B.
C.

It may be consistent with Edwards’s theory.
It proves Edwards’s theory is correct.
It does not contradict the idea that Parus major
reproduces less when population is very high.
D. It does not demonstrate a clear linear relationship.

A.

2.

Which of the following is an accurate interpretation of the
evidence provided by Figure 1?

5.

Which of the following is most consistent with Darwin’s
theory of natural selection?
A.

There exists a species of monkey in which adults
sacrifice themselves for unrelated youths.
B. Females suffer higher mortality in some species in
order to increase the number of available mates for
those who do survive.
C. Infanticide in langur monkeys serves to regulate the
population size.
D. Parents keep resources away from other unrelated
parents within the species in order to provide for
their own offspring.

© The Princeton Review, Inc.
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6.

Which of the following, if true, would be evidence
AGAINST Edwards’s theory?

Passage 36 (Questions 1-6)
***ADVANCED PASSAGE***

A.

A Native American tribe left its rural homeland
to move into a city, and the reproductive rate
increased due to the greatly increased availability of
nourishment and safe housing.
B. In most species, all individuals reproduce at the most
rapid rate the environment will support.
C. A sociologist performed a survey of Chinese
farmers, and learned that the farmers do not oppose
government-imposed population control.
D. Female lions will nourish the young of unrelated
females and not have offspring of their own.

Generation
I
a

b

f

g

II
a

b

g

h

c

d

i

j

e

k

o

l

h

i

p

q

j

k

l

r

v

m

n

w

x

y
III

a

b

c

d

e

f

= Disease 1

m

n

s
= Disease 2

t

u

= Both diseases

The diagram above is a pedigree of three generations
showing the occurrence of two genetically transmitted diseases.
Phenotypes of affected individuals are shown. Circles represent
females, and squares represent males. Assume that the diseases
are rare, unlinked, and that individuals not blood related to I-a
and I-b (“in-laws”) do not have either disease-producing allele.

1.

Which one of the following is true concerning Individual
I-a?
A.

He is homozygous for Disease 1, and the allele for
this disease is autosomal recessive.
B. He is heterozygous for Disease 1, and the allele for
this disease is X-linked recessive.
C. He is heterozygous for Disease 1, and the allele for
this disease is dominant.
D. None of the above is necessarily true.

2.

The genotype of Individual I-b for Disease 2 is:
A.
B.
C.
D.
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homozygous recessive.
heterozygous.
homozygous dominant.
Not enough information to determine

Biology

3.

If Individual III-r marries a normal man with a
homozygous wild-type genotype, what is the probability
that their son would have Disease 2?
A.
B.
C.
D.

4.

0
1/4
1/2
3/4

If Individual III-v marries a normal man, what is the
probability that their son would have both diseases?
A.
B.
C.
D.

0
1/16
1/8
1/4

Passage 37 (Questions 1-6)
The following experiment was designed to elucidate the role
of Na+ and K+ in determining the resting membrane potential
(RMP) and action potential (AP).
Experiment:
Cytoplasm from a giant axon (obtained from a squid) was
extruded without damaging the plasma membrane. The axon was
then perfused with solutions containing various concentrations
of K+ and Na+ inside (“Int.”) and outside (“Ext.”). It was then
tested for its ability to produce action potentials upon electrical
stimulation; the RMP was monitored as well.
[K+] (mM)
Int.

5.

What is the probability that offspring produced by a
mating between Individuals III-j and III-m would be
afflicted by either Disease 1 or 2?
A.
B.
C.
D.

1/4
1/2
3/4
1

AP?

Int.

Ext.

150.0

7.5

15.0

150.0

–80

yes

7.5

150.0

150.0

15.0

+80

no

15.0

15.0

15.0

15.0

0

no

150.0

7.5

15.0

80.0

–80

yes

Adapted from Alberts et al., Molecular Biology of the Cell, ©1989.

In a certain randomly mating population, the frequency
of the allele causing Disease 1 is 0.1. What would be the
frequency of affected individuals in this population?
A.
B.
C.
D.

RMP (mV)

Ext.

1.
6.

[Na+] (mM)

Which of the following increases the speed of conduction
of an action potential?
A.
B.
C.
D.

0.01
0.1
0.19
0.9
2.

A decrease in axon diameter
Myelination of the axon
Chemical synapses
Even distribution of sodium fast channels down the
length of the axon

The sympathetic nervous system uses all of the following
EXCEPT:
A.
B.

motor neurons to innervate glands.
sensory neurons to innervate blood pressure
receptors.
C. interneurons to facilitate neural control.
D. motor neurons to innervate skeletal muscle.
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3.

Based on the experiment, which of the following is
necessary to allow an action potential in an electrically
stimulated neuron?
I. ATP
II. A concentration gradient
III. A net negative charge in the axonal interior
A.
B.
C.
D.

4.

Which of the following is NOT generally a characteristic
of axons?
A.
B.
C.
D.

5.

II only
I and II only
II and III only
I, II and III

Presence of protein-synthesizing machinery
Abundance of microtubules and actin filaments
Presence of ion channels in the plasma membrane
Ability to transmit action potentials in one direction
only

Each of the following conclusions can be drawn from the
experiment EXCEPT:
A.

Artificial establishment of concentration gradi
ents opposite those found in nature can reverse the
polarity of the action potential.
B. The plasma membrane of an axon at rest is
permeable to K+.
C. The concentration gradient of K+ determines the
resting potential.
D. Reducing the concentration of extracellular sodium
does not necessarily alter the resting membrane
potential.

6.

In order to achieve repolarization during the action
potential, which of the following will occur in the squid
axon?
A.
B.
C.
D.

Na and K channels must close.
Na+ channels must close, and K+ channels must open.
Na+ channels must open, and K+ channels must close.
Na+ and K+ channels must open.
+

+

Passage 38 (Questions 1-6)
Mammalian nerve cells have on their outer surface a subtype
of glutamate receptors called the N-methyl-D-aspartate (NMDA)
receptor. The NMDA receptor binds glutamate, an amino acid
neurotransmitter, which ultimately results in the inward flow of
calcium ions.
The NMDA receptor has been studied by exposing nerve cells
to ischemic conditions (a diminished flow of blood) which result
in localized brain damage. The affected neurons demonstrate
depleted energy reserves with decreased internal stores of
ATP. Energy-driven Na+/K+ ATPase enzymes located in the cell
membrane begin to fail. If the ischemic conditions continue, the
neuronal cell membrane depolarizes, providing an excitatory
stimulus for the release of excessive amounts of glutamate. Other
nerve cells in close proximity experience sustained binding of
glutamate to NMDA receptor sites, which can lead to further cell
membrane depolarization.
Experiment 1:
Cultured nerve cells were stimulated to threshold
depolarization while exposed to normal or decreased oxygen
concentrations. Differing concentrations of extracellular calcium
or glutamate antagonists were also established. Intracellular
calcium levels were measured after five minutes. The results of
this experiment are listed below:

Extracellular environment
Oxygen

Glutamate
antagonists

Calcium

Intracellular
calcium

L

–

–

N

L

–

H

I

L

+

–

N

L

+

H

N

H

–

–

N

H

–

H

N

H

+

–

N

H

+

H

N

Key:
		
		

L = low concentration, H = high concentration
+ = present, – = absent
N = normal, I = increase

Table 1
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Biology

3.

Experiment 2:
Several cultured neurons were bathed in a solution
containing high concentrations of calcium, sodium, and chloride
ions, but not oxygen. An action potential was evoked in the cells,
and then internal ion levels were measured every five minutes.
Intracellular levels of both calcium and sodium were elevated,
and the cells experienced marked swelling.

A.

No; the excitatory neurotransmitter at this junction is
acetylcholine.
B. No; glutamate receptors only occur on nerve cells
and smooth muscle.
C. Yes; the NMDA receptor allows inward movement
of calcium which elicits microfilament crossbridging.
D. Yes; glutamate binding to its receptor can allow both
Ca2+ and Na+ to enter the cell.

Based on these two experiments, researchers have proposed
that the initial effects of activation of the NMDA receptor can be
modeled as follows:

Na+

Na+

Ca 2+

lipid
bilayer
membrane

Ca 2+

4.

Glutamate

inactive
NMDA
receptor

ion
channel

Flow of calcium into cells is essential to which of the
following processes?

5.

A.
B.

Opening of voltage-gated sodium channels
Propagation of action potentials in motor neuron
axons
C. Cardiac muscle contraction
D. ATP hydrolysis

2.

the cell is undergoing the process of exocytosis.
it is the primary site of complex lipid synthesis.
it is the primary site of plasma membrane protein
synthesis.
D. the formation of transmembrane microtubules must
precede ion transport.

hydrophilic.
hydrophobic.
nonpolar.
insoluble.

Based on the results of Experiment 1, which neuronal
cell component would be most immediately affected by
calcium entrance?
A.

The mitochondrion, which will show increased rates
of oxidative phosphorylation in the presence of
ischemia
B. The lysosome, which is involved in endocytosis and
the entry of foreign substances into the cell
C. RNA polymerase, an enzyme involved in DNA
replication which is degraded in the presence of high
levels of calcium
D. Calmodulin, a regulatory protein that increases the
activity of cellular enzymes after binding calcium

In the increased biosynthesis of neurotransmitter
receptors, activity of the rough endoplasmic reticulum
increases because:
A.
B.
C.

The portion of the lipid bilayer cell membrane that
lies nearest to the interior of a eukaryotic cell is best
described as:
A.
B.
C.
D.

active
receptor

Figure 1
1.

A student speculated that glutamate is responsible
for excitatory stimulation of skeletal muscle at the
neuromuscular junction. Is this hypothesis reasonable?

6.

If glutamate is the only neurotransmitter that can bind to
the NMDA receptor to increase inward flow of calcium,
which of the following would account for the lack of
calcium flow in the presence of ischemia, extracellular
calcium and glutamate antagonists?
A.

An excess of glutamate is supplied in the
extracellular matrix.
B. Other glutamate receptor subtypes inhibit the flow of
calcium into the cell.
C. The antagonists prevent binding between glutamate
and the receptor.
D. Ischemic conditions induce endocytosis of the
NMDA receptor.

© The Princeton Review, Inc.
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Passage 39 (Questions 1-9)

1.

Learning is one of the most complex functions of the central
nervous system. There are two major categories of learning:
associative and nonassociative.
Associative learning is a complex process in which a
relationship between two or more stimuli is established. The
association between (among) stimuli may then influence
behavior. For example, the classic experiments of Pavlov showed
that the association of a sound with feeding was “learned,” so
that feeding behavior was elicited by the sound, whether or not
the food was present.
Nonassociative learning is a simpler form, not requiring
the formation of a predictive relationship between stimuli.
Habituation is a type of nonassociative learning that involves
a decrease in sensitivity or attention after repeated stimuli. For
example, an individual will initially attend to a novel sound,
but after hearing the sound repeatedly without any relevant
association, this individual will learn not to respond to the sound.
Another type of nonassociative learning is sensitization, in which
the individual responds to a lesser stimulus than previously
experienced. This may occur when the earlier stimulus has been
accompanied by a noxious event (pain, for example).
The simple nervous system of the sea snail Aplysia provides
a model system for the physiological study of nonassociative
learning. The neural circuit of the gill- withdrawal reflex
demonstrates the neural plasticity that underlies both habituation
and sensitization. This circuit is a simple reflex arc in which a
sensory neuron from the skin synapses with a motor neuron to
the gill. A branch of the sensory neuron also synapses with an
excitatory interneuron.
Electrophysiological studies have shown that habituation
of the gill-withdrawal reflex to repeated touching occurs at the
presynaptic terminals. Repetitive firing of action potentials in the
sensory neuron leads to a reduction of the number of functional
Ca2+ channels in the terminal membrane. The decreased Ca2+
influx for subsequent action potentials causes fewer synaptic
vesicles to release neurotransmitter which they would do by
fusing with the presynaptic cell membrane.
Sensitization involves a secondary presynaptic serotonergic
input. Binding of serotonin to the presynaptic terminal results in
a series of biochemical events that alter the K+ channel in such
a way as to reduce the repolarizing K+ current during the action
potential. Thus, an action potential of longer duration results,
with more neurotransmitter released per spike.
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When kittens are raised from birth with one eye sutured
closed, the neural pathways leading from the optic nerve
to the visual cortex show continued synapse formation
only on the side contralateral to the active eye. This is an
example of:
A.
B.
C.
D.

2.

When a puppy is spanked for urinating on the floor in the
house, this behavior will eventually decrease. This is an
example of:
A.
B.
C.
D.

3.

associative learning.
stimulus-driven neural development.
habituation.
sensitization.

Which of the following is the most critical event in
repolarizing the neuron back to the resting membrane
potential?
A.
B.
C.
D.

4.

associative learning.
stimulus-driven neural development.
habituation.
sensitization.

All-or-none activation of Na+ channels
Inactivation of Na+ channels
Increasing K+ current
Increasing Ca2+ influx

Assume that the gill-withdrawal reflex in Aplysia is
accomplished by a sensory neuron directly contacting a
motor neuron, causing contraction of muscles attached to
the gill. This is analogous to what process in humans?
A.

The inhibition of contraction of the hamstring
muscles which occurs when the knee-jerk reflex is
elicited
B. The contraction of the quadriceps muscle which
occurs when the knee-jerk reflex is elicited
C. The contraction of arm muscles in order to scratch
an itch
D. Running away from a fearful situation

Biology

5.

Unlike the gill-withdrawal reflex arc in Aplysia, the kneejerk reflex in humans includes a polysynaptic element in
which an inhibitory interneuron synapses with the motor
neuron to the antagonistic muscle. Which of the following
best describes the function of this inhibitory element of
the knee-jerk reflex?
A.

It relaxes the antagonistic hamstring muscle to
facilitate the knee-jerk movement.
B. It inhibits stretch receptors in both muscle groups to
minimize further reflexes.
C. It increases tone of the antagonistic muscle to
provide support after the reflex.
D. A single interneuronal synapse is not functionally
significant.

6.

Synaptic transmission between two neurons requires
several important events. Which of the following is (are)
common to such synaptic processes, regardless of the
neurotransmitter released?
I. Synaptic vesicles fuse with the presynaptic
membrane to release neurotransmitter.
II. The receptor on the postsynaptic membrane
is also an enzyme that degrades the
neurotransmitter.
III. The receptor–ligand interaction on the
postsynaptic membrane produces an action
potential at the site of this interaction.
A.
B.
C.
D.

7.

Use the information in the following paragraph to
answer questions 8 and 9:

Presynaptic inhibition involves an axonal synapse. The
inhibiting axon releases a neurotransmitter which increases the
chloride permeability of an axon terminus, and the size of action
potentials arriving at the terminus is reduced with the result that
they may fail to cause neurotransmitter exocytosis.

8.

This could be the mechanism of:
A.
B.
C.
D.

9.

associative learning.
stimulus-driven neural development.
habituation.
sensitization.

This is an exception to what basic rule of nervous system
function?
A.
B.

Action potentials are unidirectional.
Each neuron releases only one kind of
neurotransmitter from its axon termini.
C. Each neuron has at most one axon.
D. An action potential is an all-or-none phenomenon.

I only
II only
I and III only
II and III only

If we can generalize from Aplysia studies, serotonin in
humans may:
A.
B.

bind to postsynaptic neurotransmitter receptors.
alter the strength of response to other neurotransmitters.
C. increase the speed at which action potentials
propagate along an axon.
D. increase the rate of presynaptic repolarization.
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Passage 40 (Questions 1-6)

Light

Vision is the transduction of light energy into information that
the brain integrates to form perceptions. The transduction process
occurs in the retina, where photoreceptor cells respond to incident
light by decreasing their steady release of neurotransmitter.

Rod
V

The human retina contains two types of photoreceptors:
rods and cones. Rods are the most prevalent type. They contain
the pigment rhodopsin and are responsible for black-and-white
vision. Rods are sensitive transducers and can further adapt to
dark conditions to become even more sensitive to very low light
intensities. Cones are responsible for color vision. Each cone
contains one of three pigments, with greatest sensitivity either in
the blue, green, or red region of the visible spectrum. Cones also
mediate high-acuity vision and are responsible for much of the
vision in daylight.

Figure 1
Stimulus applied
Membrane
Potential (mV)

–40

The photoreceptor cells synapse with bipolar cells (neurons).
These are interconnected by a complex network of inhibitory
interneurons. The bipolar cells synapse with ganglion cells,
which send axons toward the visual cortex of the brain via the
optic nerve.

Figure 2

∆ mV
0
Light Intensity
Figure 3
1.

When an individual moves from bright daylight into a
dimly lit room, her vision will steadily improve over the
next several minutes. The process underlying this gradual
improvement of vision most likely includes:
A.
B.
C.
D.

Experiment 2:

2.

|
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pupil dilation.
lens flattening.
photochemical adaptation of rods.
increased excitability of cones.

A region of the retina that is irradiated with bright light
will inhibit the activity of the surrounding regions through
interactions among neuronal cells in the retina. This
“surround inhibition” will:
A.
B.
C.
D.
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Time

A rod was stimulated and its responses measured. Figure 2
shows the hyperpolarizations resulting from two light intensities
(two separate stimuli are depicted on the same graph). Figure 3 is
a plot of intensity versus hyperpolarization (DmV).

The vitreous humor contains a higher concentration of Na+
than the rod cytoplasm. When the Na+ is removed from the
bathing medium, the resting membrane potential changes to
about –65 mV and remains steady, even during stimulation by
light.

Light
Intensity
–65

The response of photoreceptors to light can be measured
using a microelectrode. Figure 1 shows schematically how a
rod cell’s voltage can be measured. With a rod cell bathed in
its normal medium (vitreous humor) in the dark, the resting
membrane potential is –40 mV. As the rod is stimulated by
varying intensities of white light, the membrane potential shifts
transiently to more negative values; that is, the membrane
hyperpolarizes. This hyperpolarization is known as a generator
potential. The following experiments were designed to
characterize photoreceptors.
Experiment 1:

Low

enhance contrast of the image.
improve peripheral vision.
increase cone sensitivity in dim light.
increase the sensitivity of the inhibited region.

Biology

With the eyes closed, mechanical pressure slowly applied
to the side of the eye will stimulate retinal photoreceptors.
The sensation thus created will be:
A.
B.
C.
D.

4.

severe pain.
visible light.
altered balance.
no sensation will occur.

One can infer from Experiment 2 that the mechanism of
light-evoked hyperpolarization is described by which of
the following?
A.

Rod cytoplasm quickly transitions from a solution to
a gel.
B. Opening of Na+ channels in the rod cell membrane
increases inward Na+ current.
C. Opening of K+ channels in the rod cell membrane
increases outward K+ current.
D. Closing Na+ channels in the rod cell decreases
sodium influx.

5.

The generator potentials described in the passage are
DIFFERENT from neuronal action potentials in that:
A.

only changes in K+ permeability are involved in the
hyperpolarization.
B. the magnitude of the hyperpolarization is related to
the stimulus strength.
C. they involve changes in the movement of ions across
a membrane.
D. the duration of the hyperpolarization is longer than
the stimulus.

6.

From Figure 3, one can draw which of the following
conclusions about the relationship between the magnitude
of the light-evoked hyperpolarization and the intensity of
stimulating light?
I. They are proportional over a definable range of
light intensities.
II. There is a maximum intensity above which no
further increase in response is possible.
III. They are logarithmically proportional at lower
light intensities.
A.
B.
C.
D.

I only
II only
I and II only
II and III only

Passage 41 (Questions 1-6)
The ear is the site for the transduction of sound waves into
nerve impulses that are perceived in the brain. Sound first travels
through the outer ear (pinna) and ear canal. The sound waves
then cause the tympanic membrane to vibrate. Connected to
the tympanic membrane are small bones known as the auditory
ossicles, located in the middle ear. They move in response to
vibrations of the tympanic membrane, and are connected to the
fluid-filled inner ear. Movement of the ossicles causes pressure
changes in the inner ear, establishing a traveling wave within a
spiral-shaped duct called the cochlea. The cochlea contains hair
cells that transduce the traveling wave into nerve impulses. The
hair cells rest on the basilar membrane, a thin membrane that
runs the length of the cochlea, dividing it into two fluid-filled
spaces. The tops of the hair cells are anchored onto an immobile
membrane called the tectorial membrane. The basilar membrane
moves when a traveling wave passes through the inner ear,
creating a shearing force on the hair cells. This causes them to
release a neurotransmitter, which causes auditory neurons to fire.
The cell bodies of these neurons are located in the spiral ganglion,
and their axons travel to the auditory cortex.
The cochlea is arranged in such a way as to permit different
sound frequencies to activate different neurons. Low frequencies
cause the most vibration in the apical end of the cochlea, the end
farthest from the eardrum and ossicles. High frequencies cause
vibration only in the basal end, closest to the ossicles. Figure 1
provides a graphical depiction of this.

Relative amplitude

3.

31

1.0

Distance from stapes (mm)
28 24
20
17 13

0.5

0
50
100 200
Frequency (cps)

500

1000 2000 3000

Figure 1
Adapted from Molecular Biology of the Cell, by Alberts, et. al., ©1989

1.

At what distance from the auditory ossicles would the
basilar membrane most strongly respond to sound of
frequency 400 cps?
A.
B.
C.
D.

17 mm
20 mm
24 mm
28 mm

© The Princeton Review, Inc.
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2.

In hearing, the sound wave is transduced into a traveling
fluid wave in the:
A.
B.
C.
D.

3.

Assuming the cochlea to be 100 units long, at what
distance from the auditory ossicles would the basilar
membrane most strongly respond to sound of frequency
20 Hz, the lowest frequency that the human ear can
detect?
A.
B.
C.
D.

4.

0 units
20 units
80 units
100 units

Damage to the tympanic membrane
Damage to a group of hair cells
Damage to the auditory ossicles
Blockage of the outer ear canal

Place the following statements in the correct sequence
in the process of translating a sound wave to a nerve
impulse.
I. displacement of basilar membrane
II. movement of hair cells with respect to the
tectorial membrane
III. movement of auditory ossicles
IV. pressure changes produced within the inner ear
A.
B.
C.
D.

6.

|

I, III, II, IV
III, I, IV, II
III, IV, I, II
IV, III, I, II

Nerve impulses from hair cells traveling to the brain get
processed finally in the:
A.
B.
C.
D.

578

Cutaneous receptors are not evenly distributed throughout the
body. Body parts for which sensation is a key function are richly
endowed with sensory nerve endings and specialized receptors.
Correspondingly large areas of sensory (cerebral) cortex are
devoted to these parts. The areas of sensory cortex devoted to
various areas are arranged in a miniature map of the body, known
as the homunculus (Figure 1).

In sensorineural deafness, hearing loss is restricted to a
particular frequency range. Which of the following could
account for this type of deafness?
A.
B.
C.
D.

5.

outer ear.
middle ear.
inner ear.
hair cells.

Passage 42 (Questions 1-6)

cerebellum.
hypothalamus.
cerebral white matter.
cerebral gray matter.

© The Princeton Review, Inc.

Figure 1
In addition to this topographical organization and functional
distribution, the sensory system has other useful features. For
example, most sensory cells undergo adaptation, as when our
sense of smell adapts to familiar scents until we no longer smell
them, or when our touch receptors cease to inform us about
our clothing. Some of this adaptation takes place at the level of
sensory receptors.
Sensory receptors adapt at varying rates. At one end of this
spectrum are cells that adapt almost instantly, known as phasic.
Those at the other end—cells that essentially never adapt—are
called tonic. These fire at a continuous rate proportional to the
strength of the stimulus. When the stimulus is removed, they
will immediately return to the unstimulated state. By contrast, a
phasic receptor does not fire at a rate proportional to the stimulus,
and it returns to its basal firing rate almost immediately after the
onset of stimulation, even while the stimulus continues. In this
case, stimulus intensity may be communicated by the number
of receptors firing or by the firing of receptors with differing
sensitivities. Removal of the stimulus causes phasic cells’ firing
rates to transiently drop below the basal level, until adaptation to
the removal has taken place. See Figure 2.

Biology

5.
Tonic
Stimulus
Applied

A.

respond efficiently over a relatively narrow range of
stimulus intensity.
B. do not change their rate of action-potential firing in
response to the magnitude of a stimulus.
C. provide the best information about the onset and end
of stimulation.
D. are good adaptors.

Phasic
Figure 2
Adapted from W. Keeton and J. Gould, Biological Science, ©1986 by W.W. Norton and
Company, Inc.

1.

The vertical lines in Figure 2 represent:
A.
B.
C.
D.

2.

3.

6.

A man’s back is touched with two needles at the same
time, close together, with equal pressure. He feels only
one poke. This is due to:
A.

the failures of phasic receptor cells to detect the
second stimulus.
B. sensory adaptation.
C. distribution of touch receptors.
D. a limited range of sensitivities in that area of skin.

touch.
pressure.
pain.
heat.

Which one of the following has the largest area of the
cortex devoted to analysis of its cutaneous sensations?
A.
B.
C.
D.

4.

action potentials.
resting potentials.
the basal firing rate.
the touch of a hot object.

In the dermis of mammals, “nets” of nerve fibers surround
the bases of hairs. These fibers most likely aid in the
detection of:
A.
B.
C.
D.

Highly tonic receptor cells are usually found in groups,
with nearby tonic receptor cells having different, but
slightly overlapping, sensitivity ranges. Regarding this
arrangement, then, tonic cells:

Thumb
Lips
Neck
Leg

Temperature receptors are phasic. A woman places her
right hand in hot water and her left hand in cold water for
three minutes. Both hands are then placed in lukewarm
water. She will feel:
I. heat with the right hand.
II. heat with the left hand.
III. lukewarm temperature with both hands.
A.
B.
C.
D.

I only
II only
III only
I and II only
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Passage 43 (Questions 1-8)

2.

The Na+/K+ ATPase found in the plasma membrane of cells
throughout the body pumps Na+ out of cells and K+ into cells,
using the energy of ATP hydrolysis to drive the transport of these
ions against concentration gradients. Hydrolysis of one ATP to
ADP + Pi drives the transport of 3 Na+ out of the cell and 2 K+
into the cell at the same time. The Na+/K+ ATPase consists of
a catalytic transmembrane subunit with a molecular weight of
100,000 daltons and an associated 45,000-dalton glycoprotein.
The ATP hydrolysis which fuels the pump can account for a
significant fraction of a cell’s energy usage, as great as 70% of
the energy needs of cells that transmit action potentials.
The plasma membrane is impermeable to the passive
diffusion of sodium and potassium ions. However, animal cells
have potassium ion leak channels that allow potassium ions
to diffuse down a concentration gradient out of the cell. The
more potassium that diffuses out of the cell, the greater the
negative charge remaining in the cellular interior. When the
negative transmembrane potential becomes large enough to
counterbalance the K+ concentration gradient and halt the net
flow of K+ ions, the transmembrane electric potential is the
resting membrane potential. The resting membrane potential
plays a key role in propagating action potentials. During an
action potential, the resting membrane potential helps to drive
sodium movement into the cell and depolarize the membrane.
After depolarization, the Na +/K+ ATPase and potassium leak
channels help to re-establish the resting membrane potential.
The Na+/K+ ATPase is also important in other processes, such
as balancing the osmotic pressure in the cell with the extracellular
environment. The cell contains many macromolecular ions such
as nucleic acids and proteins. The net movement of ions out of
the cell created by the Na+/K+ ATPase ensures that the osmotic
pressure within the cell created by these ions is not greater than
the extracellular osmotic pressure. The concentration gradient
of sodium created by the Na+/K+ ATPase is also used to drive
several different transmembrane transport processes. In the
small intestine, for example, the absorption of glucose into the
intestinal epithelium against a gradient is driven by cotransport
of sodium down a concentration gradient.

1.

Treatment of cells with ouabain, an inhibitor of the
Na+/K+ ATPase, causes cells to swell and burst. Which of
the following is the most likely explanation for this?
A.
B.

Ouabain prevents proteins from leaving the cell.
The movement of sodium ions out of the cell is
decreased by ouabain.
C. The movement of potassium ions into the cell is
increased by ouabain.
D. Ouabain also opens potassium leak channels.
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A drug that blocks the passage of potassium ions through
potassium leak channels would be most likely to have
what effect on the electric potential across the plasma
membrane?
A.

The resting membrane potential would become
more negative in the cellular interior relative to the
extracellular environment.
B. The resting membrane potential would become
less negative in the cellular interior relative to the
extracellular environment.
C. The resting membrane potential would become
positive in the cellular interior relative to the
extracellular environment.
D. The drug would have no effect on membrane
potential.

3.

The membrane-spanning regions of the ATPase would
most likely consist of amino acids with side groups that
are:
I. hydrophobic.
II. basic.
III. nonpolar.
A.
B.
C.
D.

4.

II only
I and II only
I and III only
I, II, and III

In isolated membrane-bound vesicles composed of plasma
membrane from human cells, the Na+/K+ ATPase can
synthesize ATP if the concentration of ions is manipulated.
If the exterior vesicle surface is equivalent to the exterior
surface of the plasma membrane, which of the following
conditions will result in ATP production rather than ATP
hydrolysis?
A.

Increased ADP in the exterior and increased ATP
in the interior of the vesicle, with high sodium and
potassium both inside and outside of the vesicle
B. Decreased ADP in the exterior and decreased ATP
in the interior of the vesicle, with high sodium and
potassium both inside and outside of the vesicle
C. Increased K+ in the exterior and increased Na+ in the
interior of the vesicle, with ADP and Pi high both
inside and outside of the vesicle
D. Increased K+ in the interior and increased Na+ in the
exterior of the vesicle, with ADP and Pi high both
inside and outside of the vesicle

Biology

5.

The membrane density of the ATPase complex can be
measured experimentally by the binding of a radiolabeled compound. The largest signal would be expected
to come from:
A.
B.
C.
D.

6.

bone marrow.
nerve cells.
epithelial cells.
skin cells.

In the generation of the resting membrane potential, high
concentrations of lithium, cesium, rubidium, or thallium
can substitute for potassium outside the cell, but they
cannot substitute for sodium inside the cell. This suggests
which of the following concerning the Na+/K+ ATPase?
A.
B.

The internal ion binding site is specific for sodium.
The external ion binding site is specific for
potassium.
C. The Na+/K+ ATPase is poisoned by those ions.
D. The Na+/K+ ATPase performs a vital function in
transporting a wide variety of positive ions.

7.

Linking ATP hydrolysis to Na+ and K+ transport affects
ion transport in which of the following ways?
The equilibrium and ∆G for Na+ and K+ transport are
altered.
B. The equilibrium for Na+ and K+ transport are not
affected, but ∆G is made negative.
C. The equilibrium for Na+ and K+ transport are altered,
but ∆G remains unchanged.
D. Neither the equilibrium nor ∆G for Na+ and K+
transport is affected.

A.

8.

If a single Na+/K+ ATPase were inserted into an
artificial membrane impermeable to all ions, with high
concentrations of ATP, Na+, and K+ on both sides of the
membrane, which of the following would result?

Passage 44 (Questions 1-8)
Lipid bilayer membranes are impermeable to passive
diffusion by ions such as chloride (Cl–), sodium (Na+), and
potassium (K+). To diffuse across the plasma membrane, ions
travel through transmembrane proteins that act as ion channels.
Each type of ion channel allows specific ions to diffuse through
the membrane down a concentration gradient. The frequency
and duration of ion-channel opening are regulated by different
receptors in several different ways. Voltage-gated ion channels
open and close in response to alterations in the electric potential
across the plasma membrane. Ligand-gated ion channels open in
response to the binding of small molecules on the extracellular
surface of the protein. Mechanical stimuli can also trigger the
opening of ion channels. For example, stretch-activated channels
open in response to stretching of the cell and plasma membrane.
Other ion channels, such as potassium leak channels, are always
open.
The net flux of ions across a plasma membrane is related
to the concentration gradient of ion across the membrane and
to the electrical gradient across the membrane. The net flux of
ions is also related to a membrane permeability constant. The
permeability constant describes the ability of ions to traverse
the membrane in a particular state of closing and opening of
ion channels. For a given electrochemical gradient, the number
of ions crossing a membrane through a single channel depends
on how frequently the channel opens and how long the channel
stays open each time. The surface area of the membrane is also an
important determinant in ion flux, but only when the membrane
is significantly permeable to ions.
The movement of ions across a plasma membrane can be
analyzed by the placement of microelectrodes into the cytoplasm
of cells to measure changes in voltage across the membrane. In
an experiment, the voltage across a section of membrane was
measured either in the absence of a drug (Figure 1A) or with the
same section of membrane in the presence of Drug B (Figure
1B) or Drug C (Figure 1C). The increased movement of ions
across the membrane in response to the opening of ion channels
is indicated by empty boxes, and the closing of ion channels is
indicated by filled boxes.

I. Substantial ATP hydrolysis on both sides of
the membrane
II. Substantial ATP hydrolysis on only one
side of the membrane, with accumulation of
potassium on the opposite side
III. Substantial ATP hydrolysis on only one side of
the membrane, with accumulation of sodium on
the opposite side
A.
B.
C.
D.

I only
II only
III only
II and III only
© The Princeton Review, Inc.
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Closed

A. Control

Open

1.

The difference between Figure 1A and Figure 1B would
best support which of the following conclusions?
A.

Movement of ions

Net flux of ions is greater in Figure 1B than in
Figure 1A.
B. The transmembrane potential is more negative in the
cytoplasm in Figure 1A than in Figure 1B.
C. The membrane has more ion channels in Figure 1B
than in Figure 1A.
D. The membrane has more inhibitory ion channels in
Figure 1A than in Figure 1B.

Time

2.

B. More frequent opening

The concentration of K+ on one side of a membrane
populated by potassium leak channels is 1 mM and
10 mM on the other side. Which of the following will
increase net potassium ion flux across the membrane?

Movement of ions

I. Increasing the K+ concentration on one side of
the membrane from 10 mM to 11 mM
II. Increasing the K+ concentration on both sides
of the membrane by 10 mM
III. Increasing the density of potassium leak
channels in the membrane
A.
B.
C.
D.

Time

III only
I and II only
I and III only
II and III only

C. Longer open interval

Movement of ions

3.

A.

Time
Figure 1
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Most animal cells have approximately 27 times more
chloride in the extracellular fluid than in the cytoplasm.
If the plasma membrane of a postsynaptic neuron is
populated with ligand-gated chloride ion channels which
open in response to binding of GABA (γ-aminobutyric
acid), which of the following will occur upon release of
GABA into the synaptic cleft?

© The Princeton Review, Inc.

The Cl– concentration in the cytoplasm of the
postsynaptic cell will decrease.
B. The number of GABA receptors in the postsynaptic
membrane will increase.
C. The postsynaptic membrane will be hyperpolarized.
D. Net ion flux across the presynaptic membrane will
increase.

Biology

Due to the presence of protein channels, ions such as Na+,
K+, Cl–, and Ca2+ diffuse across plasma membranes at
rates that are much faster than would be predicted from:
A.
B.
C.
D.

5.

The following is a graph of the change in concentration
over time of Substance X as it diffuses across the plasma
membrane of a cell:

the fact that they are nonpolar.
concentration differences across the membrane.
their very low solubility in lipids.
net ion flux.

Extracellular concentration

The flow of sodium ions down a concentration gradient
across a lipid bilayer membrane is an indication of which
of the following?
A.
B.
C.
D.

6.

7.

Concentration

4.

Simple diffusion
Facilitated diffusion
Osmosis
Active transport

Intracellular
concentration

time
		

This curve suggests that:
A.
B.
C.
D.

Which observation would be the best evidence that ac
tive transport was responsible for moving a particular
substance into a cell?

the plasma membrane is permeable to this substance.
this cell is regulating the influx of Substance X.
efflux is slow at first, and increases over time.
proteins required for Substance X transport are
inactivated with increasing time.

A.

An inverse relationship between the amount of
substance taken in and oxygen uptake
B. A transmembrane protein is required for the
substance to cross the plasma membrane.
C. Equal concentrations inside and outside the cell
D. A correlation between the amount of the substance
taken in and ATP hydrolysis

8.

Neurons often possess acetylcholine-gated sodium
channels. If researchers found that the flow of sodium
across the membrane of a particular neuron under study is
not altered by the presence of acetylcholine, which of the
following is the best explanation?
A.

The neuron has a different lipid composition in its
plasma membrane.
B. The gene for the acetylcholine-gated ion channel in
the neuron contained a premature stop codon.
C. The cytoplasm of the neuron contains acetyl-choline.
D. Sodium is present at a higher concentration in the
extracellular environment than in the neuron’s
cytoplasm.

© The Princeton Review, Inc.
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Passage 45 (Questions 1-8)
***ADVANCED PASSAGE***

1.

The giant squid axon has been studied extensively in efforts
to understand the mechanism of generation of the resting
membrane potential (RMP) and of action potentials. Its large size
facilitates stimulation of and recording from the axon, and it is a
good model for the mammalian axon.
The RMP in nerve cells is about –70 mV. This potential is
created by the activity of the Na+/K+ ATPase and the membrane’s
selective permeability to potassium. Initially the ATPase creates
a large concentration gradient for the inward movement of Na+
and the outward movement of K+ by pumping 3 Na+ out and 2
K+ in for every ATP hydrolyzed to ADP and Pi. Then, because
the membrane is fully permeable to potassium but not to sodium,
potassium moves passively from inside the cell to outside, down
its concentration gradient. Selective permeability derives from
the presence of transmembrane ion channels specific for K+
(these are the K+ “leak” channels). The exiting K+ ions carry
positive charge out of the cell. The diffusion stops only when
the charge imbalance creates a driving force for the movement of
positive charge into the cell which outweighs the concentrationgradient-driven K+ exit. The transmembrane potential at this
point is known as the Nernst equilibrium potential for potassium,
EMF(K+), and is defined by the Nernst equation, which applies
only when the membrane is permeable to the ion:
EMF (i ) = (60 mV) × log

An action potential (AP) is initiated when the membrane
is depolarized to about –55 mV. This causes voltage-gated Na+
channels (“fast channels”) to open immediately, allowing Na+
ions to diffuse passively, that is, to cross the membrane as driven
by electrical and concentration gradients. The Na+ influx further
depolarizes the membrane, bringing the transmembrane potential
to approximately +35 mV; this massive depolarization is the
“spike” portion of an AP. (The potential actually approaches the
Nernst potential for sodium, which lies at about +55 mV). The
AP spike has three important effects: 1) it causes the fast channels
to close; 2) it causes many more K+ channels to open than are
open in the resting state; 3) it causes fast channels down the axon
to open. The first two of these effects allow local membrane
repolarization and even cause a transient hyperpolarization. The
third results in propagation of the AP down the axon.
Adapted from Bullock et al., The NMS for Independent Study: Physiology, ©1984 by
Harwal Publishing Co.
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2.

3.

become more negative.
become less negative.
not change.
be impossible to predict.

In an experiment, all K+ channels are blocked in a giant
squid axon. If the ratio of [Na+]outside to [Na+]inside is 10,
then what will be the RMP?
A.
B.
C.
D.

–60 mV
0 mV
60 mV
It is determined solely by the electrogenicity of the
Na+/K+ ATPase.

What effect might the opening of K+ channels toward the
end of the AP have on the axonal membrane?
A.
B.

It could cause another action potential.
It could make it more difficult (but still possible) to
elicit another action potential immediately after the
first one.
C. It could make it impossible to elicit another action
potential immediately after the first one.
D. It could make the threshold more negative.

[i ]inside the cell

In fact, the RMP of –70 mV is smaller (less negative) than
that calculated by the Nernst equation for potassium, because
the membrane is slightly permeable to sodium (that is, it has a
sodium “leak”) and for other reasons.

584

A.
B.
C.
D.

[i ]outside the cell

where EMF is the electromotive force and i denotes the ion.

A giant squid axon is placed in a solution identical to the
in vivo environment. Its RMP is –70 mV. If an excess of
K+ is added to the bathing medium, the RMP will:

4.

A giant squid axon is placed in a solution identical to the
in vivo environment. Its RMP is –70 mV. If the external
concentration of K+ is decreased, then relative to normal,
the depolarization necessary to reach threshold will be:
A.
B.
C.
D.

greater.
smaller.
the same.
the same in magnitude but will have to be applied
for a longer period of time.

Biology

5.

Which of the following correctly characterizes the passive
movement of sodium early in an AP?

7.

A.

I. Electrical forces tend to drive Na+ out of the
cell.
II. Concentration gradients tend to drive Na+ into
the cell.
III. Both electrical and concentration-driven forces
tend to drive K+ into the cell.
A.
B.
C.
D.
6.

I only
II only
III only
I and III only

The passage states that the actual RMP is less negative
than one would predict using the Nernst equation. Why is
this?
I. Many K+ channels are open.
II. A few Na+ channels are open.
III. The Na+/K+ ATPase partially dissipates the
RMP.
A.
B.
C.
D.

Which of the following accurately describes myelinated
axons?
By entirely preventing depolarization in segments
of axons, Schwann cells speed action potential
conduction.
B. Myelin inhibits depolarization in axons, and as a
result, action potentials may propagate smoothly and
more rapidly.
C. Fast sodium channels are spread evenly down the
length of the axon.
D. Axons transmit information towards the soma.

8.

The movement of sodium during an action potential is an
example of:
I. facilitated diffusion.
II. simple diffusion.
III. active transport.
A.
B.
C.
D.

I only
II only
I and III only
I, II, and III

I only
II only
I and II only
I, II, and III

© The Princeton Review, Inc.
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Passage 46 (Questions 1-8)
***ADVANCED PASSAGE***
Guillain-Barré syndrome (GBS) is an acute, remitting
neurological illness that results from an immunologic attack on
the peripheral nerves. It affects approximately 4000 patients in
the United States each year, who present with varying levels of
muscular and sensory dysfunction. There are several subtypes
of GBS. Some subtypes cause more damage to motor nerves,
whereas others predominantly affect sensory nerves. The cause
of many cases of GBS was shown to be infiltration of the spinal
roots and peripheral nerves by immune cells. The myelin sheath
is the specific target structure. Macrophages penetrate the basal
lamina surrounding the axon, displace the Schwann cell from the
myelin sheath, and then phagocytose the myelin layers. Focal
areas of demyelination result in slowed conduction or complete
conduction block, depending on the severity of the process. Axon
loss also occurs, but it is much less marked. Paralysis has been
observed in severe cases.
Researchers have so far been unable to determine exactly
why the immune system suddenly becomes sensitized to the
myelin sheaths. It has been noted that, when GBS does occur, it
is usually seen 2 to 3 weeks after certain common infections. The
most common antecedent infection recognized before the onset
of GBS is C. jejuni enteritis, but it has also been noted to occur
after infections with various other pathogens.
The first therapy proved to benefit GBS patients was
plasmapheresis, more accurately called plasma exchange.
Humoral factors, including antibodies, immune complexes,
complement, and other inflammatory mediators of disease
are filtered out during plasma exchange. Another treatment
of GBS is the infusion of immunoglobulin preparations. Intra
venous immunoglobulin (IVIG) is composed of polyspecific
immunoglobulin molecules prepared by cold ethanol
fractionation of pooled human sera harvested from thousands of
donors. IVIG has a broad range of effects on the immune system.
For example, IVIG can modulate the immune activity of both
CD8+ and CD4+ T-cells. This has been attributed to the presence
of antibodies directed against several T-cell surface molecules
such as T-cell receptor, CD4, and MHC.

1.

Why is nerve conduction slowed or lost in areas of
demyelination?
A.

Loss of myelin prevents sodium channels from
opening.
B. Loss of myelin leads to a longer refractory period.
C. There are fewer sodium channels in myelinated
regions of the axon.
D. Myelin lowers the threshold for an action potential
to occur.
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2.

What clinical effect might slowed nerve conduction have?
A.
B.
C.
D.

3.

Inability to move a limb
Hypersensitivity to painful stimuli
Loss of sensation in a limb
Alteration of sensation in a limb

A scientist researching GBS hypothesized that some
bacteria contain molecules that are very similar to
molecules in human myelin. Which of the following
would support her hypothesis?
A.

Purified T-cell preparations from patients who
suffered from GBS bound to lipopolysaccharide
molecules isolated from C. jejuni.
B. Purified antibodies from patients who suffered from
GBS bound to lipopolysaccharide molecules isolated
from some, but not all, strains of C. jejuni.
C. Purified antibodies from patients who suffered from
GBS bound to lipopolysaccharide molecules isolated
from all strains of C. jejuni.
D. None of the above information would support her
hypothesis.

4.

Which of the following suggests why GBS affects the
peripheral nervous system?
A.

The blood/brain barrier keeps anti-myelin antibodies
from reaching the central nervous system.
B. The blood/brain barrier keeps bacteria from reaching
the central nervous system.
C. The CNS contains more myelinated neurons than the
PNS.
D. The PNS contains more myelinated neurons than the
CNS.

5.

The rate of conduction (velocity) of an action potential
depends on:
I. Axon length
II. Axon diameter
III. Myelination
A.
B.
C.
D.

I and II only
II only
III only
II and III only

Biology

6.

A researcher investigating a rat model of GBS noticed
that reflex arcs were abnormal in mice with the disease.
She discovered that nerves with slowed conduction were
unable to excite postsynaptic neurons enough to cause
them to fire, even though action potentials were being
conducted through the presynaptic neurons. A possible
explanation is that sowed action potentials:

Passage 47 (Questions 1-5)
Many hormones bind to receptors on the surface of the cell
and exert their influence by triggering the adenylate cyclase
cascade, a series of reactions that leads to increased levels of
cyclic AMP (Figure 1).
Hormone

A.

depolarize the presynaptic neuron less, which leads
to release of fewer neurotransmitter molecules at the
synapse and therefore fewer EPSPs.
B. cause a longer refractory period and the nerves are
unable to transmit action potentials.
C. change the timing of neurotransmitter release in the
synapse and affect summation of EPSPs.
D. cause release of inhibitory neurotransmitters in the
synapse.

7.

A scientist suggested that the large amount of antibody
in IVIG saturates receptors on other immune system
molecules, preventing them from destroying myelin.
Which of the following would support his hypothesis?
A.

Another researcher shows that after administering
IVIG, there is no change in anti-myelin antibody
titers.
B. A study shows that administration of IVIG induces
scavenger molecules that destroy excess antibodies.
C. Another scientist isolates T-cells that attack myelin
sheaths from patients with a disease clinically
similar to GBS.
D. Another researcher discovers that IVIG prevents
macrophage activation in a disease similar to GBS.

8.

The role of potassium in action potential transmission is:
A.

to facilitate release of neurotransmitter molecules at
the synaptic cleft.
B. repolarization of the depolarized neuron.
C. depolarization of the neuron from resting membrane
potential.
D. temporary, total inhibition of further action
potentials.

Adenylate
Cyclase

α

α

ATP
GTP
cAMP

Receptor

β

release and
diffusion of
α subunit

GDP

Gs protein
GTP

Figure 1 Signal transduction by hormonal activation of
the adenylate cyclase cascade
Hormones, including ACTH, epinephrine, glucagon, and
vasopressin, bind to cell-surface receptors, activating the α
unit of the stimulatory G protein (Gs). The activation stimulates
exchange of GDP bound to Gs α for GTP. GTP bound to the α unit
is slowly hydrolyzed to GDP, thereby deactivating the cascade.
Cholera toxin produced by the Gram-negative bacterium Vibrio
cholerae blocks the hydrolysis of GTP bound to Gs α in intestinal
mucosal cells, causing excess levels of cAMP to be generated.
The adenylate cyclase cascade continues when increased
levels of cAMP in the cytosol activate protein kinases. One such
kinase in skeletal muscle is phosphorylase kinase, which leads to
the breakdown of glycogen in muscle cells.
Signal transduction is also carried out by the
phosphoinositide cascade, in which activated hormonal receptors
drive the synthesis of intracellular messengers from extracellular
signals. One membrane component, phosphatidyl inositol
4,5-bisphosphate (PIP2), is converted into the second messenger
inositol 1,4,5-triphosphate (IP3). IP3 causes the release of calcium
ions from intracellular stores such as the sarcoplasmic reticulum
in smooth muscle. The increased calcium levels are detected by
calmodulin, an intracellular protein.
Calcium and cAMP are able to play key roles in signal
transduction because of their ability to cause conformational
changes upon binding to intracellular proteins. Their binding is
also highly selective, eliciting highly coordinated effects within
the cell.

© The Princeton Review, Inc.
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1.

Adenylate cyclase stimulation takes place after receptors
bind hormone because:
A.
B.
C.
D.

2.

of the exchange of GTP for GDP bound to Gs α.
of the exchange of GDP for GTP bound to Gs α.
adenylate cyclase binds to receptor.
the Gs α subunit converts ATP to cAMP.

Activation of skeletal muscle phosphorylase kinase is
most likely due to:
A.

parathyroid hormone receptor activation, which
results in increased levels of calcium in the blood.
B. insulin receptor activation, which results in increased
levels of sugar in the blood.
C. glucagon binding of cell receptors, leading to
increased blood levels of glucose.
D. glucocorticoid binding of cell receptors, leading to
decreased blood levels of glucose.

3.

Increased production of the messenger IP3 in muscle cells
of the gastrointestinal tract can lead to:
A.
B.
C.

excess levels of cAMP.
inactivation of thick filament ATPase subunits.
increased levels of calcium within the smooth
muscle cell cytosol.
D. increased levels of calmodulin within the smooth
muscle cell cytosol.

4.

Calcium and cAMP cause many intracellular proteins to
show increased activity. These substances achieve this by:
A.
B.
C.
D.

5.

When the hormone ACTH activates the adenylate cyclase
cascade in target cells, the expected result is that blood
levels of:
A.
B.
C.
D.
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causing allosteric changes in target proteins.
increasing feedback inhibition of target enzymes.
cleaving specific target enzyme moieties.
binding to the alpha helix subunit of calmodulin.

calcium will decrease.
glucose will decrease.
epinephrine will increase.
aldosterone will increase.

© The Princeton Review, Inc.

Passage 48 (Questions 1-6)
The so-called “fight or flight,” response in animals occurs
as a result of physiological processes that allow an organism to
adapt to stressful events. Stressors activate the hypothalamic–
pituitary–adrenal axis, commonly known as the stress axis,
triggering the release of corticotropin releasing factor (CRF)
from the hypothalamus into the anterior pituitary portal vessels.
CRF travels via the bloodstream to the anterior pituitary
gland, which is stimulated by CRF to secrete adreno-corticotropic
hormone (ACTH). ACTH then induces the release of cortisol
from the adrenal cortex. Cortisol is one of the primary hormones
involved in the mediation of the stress response.
Cortisol causes an increase in plasma glucose, making extra
energy resources available under stressful conditions. Cortisol
also increases the rate of protein catabolism, making additional
amino acids available for tissue repair. Another function of
cortisol is to decrease sensitivity to histamine, thus diminishing
pain perception. In addition, cortisol inhibits the tissue
inflammatory response, preventing swelling at sites of injury.
The following experiments were conducted to study this
chain of events as it occurs in response to both internal and
external stresses.
Experiment 1:
Step 1: Experimental animals determined to be in good
health were maintained for two weeks under stable laboratory
conditions. All external sources of stress were controlled in order
to establish baseline levels of hormonal activity.
Step 2: At the end of this period, the experimental group
was subjected to a series of gradually increasing electric shocks.
Blood was drawn after each stimulus in order to measure cortisol
levels.
Results: Cortisol secretion rates increased dramatically in
response to electroshock administration. Furthermore, the rate
of increase was correlated with the strength and duration of the
electrical impulse.
Experiment 2:
Experiment 2 was identical to Experiment 1 except that
instead of the administration of electric shocks, animals
were subjected to injections of gradually increasing doses of
exogenous ACTH. The results paralleled those of Experiment 1.
Both groups were observed to exhibit behavioral manifestations
of stress including increased heart and respiration rates.

Biology

1.

High levels of CRF and ACTH would NOT be found in
an animal:
A.
B.
C.
D.

2.

Animals in the second experiment exhibited increased
levels of blood lipids because ACTH:
A.
B.
C.
D.

4.

Increased resistance to inflammation
Increased supplies of energy
Decreased sensitivity to pain
Decreased response to stress

stimulates storage of fats.
increases secretion of cortisol by the adrenal gland.
inhibits the release of cortisol from the adrenal gland.
stimulates the conversion of carbohydrates to fats.

Cortisol is bound to receptor proteins in the cytoplasm of
target cells. This binding is necessary for:
A.
B.

receiving an electric shock.
with a wound.
with a cortisol-secreting tumor.
with adrenal glands removed.

the action of cortisol and its receptor in the nucleus.
the action of cortisol at receptor sites in an aqueous
environment.
C. the transport of the hormone molecule through an
aqueous environment.
D. the transport of the hormone molecule through
nonpolar liquids.

Which of the following effects is not due to “fight-orflight” blood levels of cortisol?
A.
B.
C.
D.

3.

5.

6.

Which of the following can explain the fact that, during
administration of one electric shock, cortisol secretion
increases and then stabilizes until the stimulus is
withdrawn?
A.

Decreased secretion of ACTH is prevented through
negative feedback by cortisol.
B. Increased secretion of ACTH occurs with increasing
levels of cortisol.
C. Electroshock increases the rate of filtrate formation
in the kidney.
D. Electroshock stimulates secretion by the
hypothalamus.

Long-term corticosteroids are sometimes used to treat
inflammation. This treatment is likely to cause all of the
following side effects EXCEPT:
A.
B.
C.
D.

abnormally high blood glucose concentration.
destruction of cellular proteins.
increased destruction of arthritic tissue.
altered fat metabolism.

© The Princeton Review, Inc.
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Passage 49 (Questions 1-7)
An experiment was conducted to determine the physiologic
effects of adrenal corticosteroids in dogs and regulation of
these hormones by both the hypophysis (the pituitary) and
adrenal gland. The investigator’s objective was to study the
mechanism by which these organs regulate the release of adrenal
corticosteroids. Initial studies had shown that removal of the
hypophysis brought about an involution of the adrenal gland.
Dogs similar in age and weight were selected and randomly
distributed into three groups. All animals were anesthetized
with ether and the following procedures were performed.
The hypophysis was removed from one group of dogs
(hypophysectomy) and the adrenal gland was removed from a
second group (adrenalectomy). A sham operation was performed
on the remaining group that was identical to the procedure
performed on the other two groups except that no organs were
removed.

3.

A.
B.
C.
D.
4.

5.

Considering the multiplicity of physiologic actions of the
adrenal gland, all of the following are examples of its
effect, EXCEPT:
A.
B.
C.
D.

2.

Which of the following procedures served as control(s) in
this experiment?

A.
B.
C.
D.
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I only
I and II only
I and III only
II and III only
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plasma potassium concentration.
plasma ACTH.
serum glucose concentration.
renin–angiotensin system.

Following adrenalectomy in Group 2 dogs, would there
be a rapid rise of ACTH in the blood?
A. Yes, because of the absence of feedback inhibition.
B. Yes, because the hypophysis takes over by sending a
message to the hypothalamus.
C. No, because removal of the adrenal gland leads to a
decrease in plasma ACTH.
D. No, because ACTH must always be stimulated by
the products of the adrenal gland.

regulation of fluid and sodium ions.
increased deposition of glycogen in the liver.
maintenance of normal blood pressure.
regulation of plasma calcium.

I. Sham operation
II. Adrenalectomy
III. Hypophysectomy

heart.
kidney.
brain.
adrenal gland.

Aldosterone secretion is influenced by all of the following
EXCEPT:
A.
B.
C.
D.

6.

in the ER of adrenal gland cells.
in the cytoplasm of target cells.
on the cell membrane of target cells.
on the cell membrane of adrenal gland cells.

Twelve hours after injection of labeled aldosterone in the
adrenalectomized dogs, radioactivity would most likely
appear in the:
A.
B.
C.
D.

All animals were housed individually after the operation
and conditions were maintained at a high ambient temperature.
After a 12-hour recovery period, blood samples were collected to
determine plasma levels for various adrenal corticosteroids.

1.

Circulating adrenal corticosteroids bind to specific
proteins located:

7.

Consider an experiment in which normal chimpanzees
are injected with extract from the anterior pituitary
gland. Which of the following probably would NOT be
observed?
A.
B.
C.
D.

Increased production of aldosterone
Increased blood levels of glucocorticoids
Decreased secretion of ACTH by the pituitary
Increased secretion of epinephrine and
norepinephrine.

Biology

Passage 50 (Questions 1-7)
The term hypocalcemia refers to abnormally low levels of
calcium in the blood. In humans the condition is known to be
associated with kidney failure, convulsions, and tetany of skeletal
muscle. The following experiment was designed to investigate
the effects of low calcium levels on organ dysfunction.
In a laboratory experiment, the liver, ovary, and parathyroid
were excised from a rabbit, and each organ was ground,
pulverized and homogenized with salt solution. Three living
rabbits were then chosen, and each was given a series of
injections of an extract from one of the three homogenized
organs. Each series involved three injections of increasing dose.
A fourth rabbit was given a series of injections of salt solution.
Each rabbit was then tested for blood levels of calcium and
phosphate ion.
A fifth rabbit was given a series of injections with parathyroid
hormone (PTH), and antibody assays were obtained to determine
blood levels of two substances: aldosterone and another
substance (Hormone X), known to be involved in calcium
metabolism. Measurements of aldosterone and Hormone X were
also taken for Rabbit #4.

The results of these procedures are shown in Table 1.

Extract

RABBIT #1

RABBIT #2

RABBIT #3

RABBIT #4

RABBIT #5

Hormone X
Amount
Calcium
Phosphate
concentration
Injected concentration concentration
(mg/ml)

Liver

5

2

15

Liver

10

3

14

Liver

20

4

12

Ovary

5

2

12

Ovary

10

2

15

Ovary

20

2

15

Parathyroid

5

8

12

Parathyroid

10

10

6

Parathyroid

Aldosterone
(mg/ml)

20

15

2

Salt Sol.

5

2

15

1,000

400

Salt Sol.

10

2

15

1,000

400

Salt Sol.

20

3

15

1,000

420

Parathyroid

5

8

12

1,200

390

Parathyroid

10

10

6

1,200

395

Parathyroid

20

15

2

9,800

410

Table 1
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1.

Which of the following observations would best explain
the convulsions induced by hypocalcemia?

5.

A.

Hypocalcemia increases parathyroid hormone
secretion.
B. Skeletal muscle requires calcium to contract.
C. Decreased plasma calcium levels increase neuronal
membrane permeability to sodium.
D. Hormone X is secreted in response to low
extracellular calcium.

2.

A.
B.
C.
D.
3.

A.

increases plasma levels of calcium, and decreases
plasma levels of phosphate and aldosterone.
B. decreases calcium levels in the ovary, decreases
plasma levels of phosphate, and increases plasma
levels of Hormone X.
C. increases plasma levels of calcium and Hormone X,
and decreases plasma levels of phosphate.
D. decreases plasma levels of calcium and phosphate,
and increases plasma levels of Hormone X.

Which laboratory procedure(s) served as control(s) in
these experiments?
I. No injection
II. Injection of saline
III. Measurement of Hormone X

6.

I only
II only
I and III only
II and III only

The liver decreases calcium concentration, and
calcium stimulates the production of parathyroid
hormone.
B. The liver increases calcium concentration, and
calcium inhibits the production of parathyroid
hormone.
C. Parathyroid hormone decreases calcium
concentration, and calcium inhibits the production of
Hormone X.
D. Parathyroid hormone increases calcium
concentration, and calcium stimulates the production
of Hormone X.

Based on the data presented in Table 1, Hormone X could
be:

Would an individual without a parathyroid gland be
expected to have difficulty breathing?
A.

Yes, because skeletal muscle requires calcium influx
into cells during each action potential.
B. Yes, because decreased calcium induces convulsions
and tetany.
C. No, because the individual would probably have
enhanced kidney function.
D. No, because respiration is influenced primarily by
blood concentrations of oxygen and carbon dioxide.
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An evaluation of Table 1 would justify a researcher in
undertaking further research to confirm which of the
following hypotheses?
A.

A. L‑thyroxine.
B. calmodulin.
C. calcitonin.
D. thyroglobulin.
4.

The results of the experiments would support the
conclusion that the parathyroid gland secretes a substance
that:

7.

A researcher selects a sixth rabbit and subjects it to
destruction of the parathyroid by irradiation. Which of the
following findings would be LEAST consistent with the
results obtained in Experiment 1?
A.
B.

The animal shows decreased blood levels of calcium.
The animal shows increased blood levels of
phosphate.
C. The animal shows decreased blood levels of
Hormone X.
D. The animal shows increased blood levels of
Hormone X.

Biology

Passage 51 (Questions 1-8)

1.

Although Harvey Cushing originally described a pituitary
adenoma as the etiologic agent of Cushing’s disease, any
disease process that causes an overproduction of cortisol is now
commonly referred to as “Cushing’s syndrome.” In a healthy
human, three glands control the production of cortisol: the
hypothalamus, the pituitary, and the adrenal cortex. The glands
themselves are controlled by a negative-feedback loop (Figure
1). A disease process in any one of these areas can lead to the
overproduction or underproduction of cortisol. For instance, some
pituitary tumors fail to respond to cortisol’s negative feedback.
Additionally, certain cancers (lung, for example) may produce
adrenocorticotropic hormone (ACTH), the same hormone that
is released by the pituitary gland, causing the adrenal cortex to
grow and to produce an excessive amount of cortisol. However,
the most common cause of Cushing’s syndrome is iatrogenic, or
physician-induced. Iatrogenic Cushing’s syndrome results from
aggressive treatment of other disease processes such as chronic
inflammation with corticosteroids.
Cortisol excess leads to characteristic “Cushingoid” features.
These include thin arms and legs, poor wound healing, thin skin,
easy bruising, a prominent abdomen with striae (red stripes),
a large fat pad on the back known as a “buffalo hump,” and a
bloated face (“moon face”).

I. ACTH.
II. CRF.
III. cortisol.
A.
B.
C.
D.
2.

A patient with a large hump on the back, red stripes on the
abdomen, and elevated laboratory cortisol levels would
lead you to first suspect:
that the patient is taking corticosteroids prescribed
by another doctor.
B. hypersecretion of ACTH by the adrenals.
C. chronic inflammation.
D. an infection that had led to the destruction of both
adrenal glands.

3.

ACTH is a medium-sized peptide hormone. When this
peptide is incubated with proteolytic enzymes known to
break it into fragments, and then injected into rats, they
develop a Cushing’s-like condition. This implies which of
the following?
A.
B.

ACTH is resistant to proteolytic cleavage.
ACTH is a prohormone that is activated by
proteolytic cleavage in the gut.
C. ACTH has a peptide that retains biological activity.
D. ACTH is a cofactor for an enzyme that is responsible
for the release of cortisol.

?
_

Corticotropin
releasing
factor

+

I only
III only
I and II only
I, II, and III

A.

Emotional input

Hypothalamus

Destruction of the adrenal gland could result in an
increase in:

_

Anterior Pituitary
ACTH

4.
Cortisol

+
Adrenal Cortex

Figure 1 The hypothalamic site for corticotropin
releasing factor (CRF) release consists of neurons
that release hormones into the hypophysial portal
veins, fed by the superior hypophysial artery. CRF
in these portal veins leads to pituitary release of
ACTH, which in turn causes the release of cortisol
and enlargement of the adrenal cortex. Cortisol
then provides negative feedback via the systemic
vascular supply.

The pituitary adenoma that Cushing originally described
may have resulted in cortisol excess because:
I. it increased the number of ACTH-producing
cells.
II. its cells did not respond to CRF.
III. its cells did not respond normally to cortisol.
A.
B.
C.
D.

I only
I and III only
II and III only
I, II, and III
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5.

Cortisol is an aromatic hydrocarbon ring-based hormone.
Alterations in its structure have produced drugs with
greater efficacy and fewer side effects than cortisol itself.
This is likely due to:
A.
B.

increased affinity for all target cell receptors.
variability amongst target cell receptors responsible
for different cortisol activities.
C. more accurate dosing than the body can provide.
D. increased clearance from plasma by the liver and
kidney.

6.

Corticosteroids are used in the treatment of a variety of
autoimmune diseases, including diseases caused by both
autoantibody and cell-mediated defects. This implies that
steroids inhibit at least:
A.
B.
C.
D.

7.

macrophages.
neutrophils.
B cells.
T cells.

Which of the following is true about Figure 1?
I. Increased CRF and increased cortisol will
increase ACTH production.
II. Increased ACTH will always increase cortisol
production.
III. Increased cortisol will reduce both CRF and
ACTH.
A.
B.
C.
D.

8.

Based on information in the passage, cortisol exerts its
negative feedback via:
A.
B.
C.
D.
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I only
I and II only
I and III only
II and III only

increased neural input to the pituitary.
increased releasing hormones.
the superior hypophysial artery.
receptor down-regulation.
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Passage 52 (Questions 1-8)
Diabetes mellitus is a syndrome of disordered regulation
of the intermediary metabolism of carbohydrates, proteins, and
fats. The consequences include hyperglycemia, glucosuria
(glucose in the urine), polyuria (abnormally large amounts of
urine), polydipsia (abnormally increased thirst), weight loss in
spite of polyphagia (increased eating), ketosis (circulating ketone
bodies), acidosis, and coma.
These defects are due either to an absence of insulin or to a
decreased response to insulin. In the absence of insulin’s actions,
its principal targets (liver, muscle, and fat) not only fail to
appropriately take up glucose but also continue to deliver glucose,
amino acids, and/or fatty acids into the bloodstream. The fatty
acids are made into ketone bodies by the liver. Ketone bodies
(acetone, b-hydroxybutyrate, and acetaldehyde) are normally
made only during starvation, when fat breakdown is the only
source of fuel. Diabetes thus results in an intracellular nutrient
deficiency and an extracellular nutrient excess, a situation that
has been called “starvation in the midst of plenty.”
Most of the long-term pathology of diabetes results from
the extremely elevated blood glucose levels. Proteins and other
molecules become glycosylated, disrupting protein structure and
function. Diabetics frequently suffer kidney damage, because
the excess glucose leads to the destruction of the glomerular
basement membrane. Nerve damage results from damage to
axons (which is also thought to result from hyperglycemia) and
is referred to as “stocking–glove peripheral neuropathy” because
the loss of sensation involved is much worse in the hands and
feet than in other parts of the body. Another problem caused by
elevated glucose levels is the proliferation of certain bacteria
which cause disease only infrequently in non-diabetics, such
as Klebsiella. Finally, vascular defects stemming from direct
damage to vessels leads to numerous circulatory problems,
including high blood pressure and stroke.
There are two basic types of diabetes mellitus. Type 1 is
also known as insulin-dependent diabetes mellitus (IDDM) or
juvenile-onset diabetes. Type II is called non-IDDM (NIDDM)
or adult-onset diabetes. In IDDM there is no insulin in the
blood, while in NIDDM insulin levels are usually normal or
high. Treatment of IDDM involves rigorous monitoring of blood
glucose and carefully timed insulin injections. NIDDM is usually
a less severe disease, but its hyperglycemia is also more difficult
to correct. Drugs which lower blood glucose, known as oral
hypoglycemics, are given, and sometimes very high doses of
insulin are helpful.

Biology

1.

What is a likely effect of insulin?

6.

A.
B.

To stimulate ketone body production by the liver
To modify the activity of cytoplasmic proteins
necessary for the uptake and utilization of glucose
C. To inhibit glycogen synthesis in the liver
D. To promote the release of glucose from muscle cells

2.

3.

I.
II.
III.
IV.
A.
B.
C.
D.

The polyuria in diabetes mellitus is caused most directly
by which of the disease’s other manifestations?
A.
B.
C.
D.

Peripheral neuropathy
Polyphagia
Hyperglycemia
Glucosuria

7.

I only
II only
III and IV only
II, III, and IV only

How might one explain the differences between IDDM
and NIDDM?
IDDM is caused by antibodies to glucose, while
NIDDM is caused by antibodies to ketone bodies.
B. IDDM is caused by antibodies to ketone bodies,
while NIDDM is caused by antibodies to glucose.
C. Type I diabetes is caused by antibodies to the b cell,
while type II is caused by antibodies to the insulin
receptor.
D. Type I diabetes is caused by antibodies to the insulin
receptor, while type II is caused by antibodies to the
b cell.

b cells of the islets of Langerhans.
unusual protein glycosylation observed with
hyperglycemia.
C. insulin.
D. insulin receptors.

In the liver, insulin normally acts to promote:
I. glycogen breakdown.
II. fatty acid synthesis.
III. gluconeogenesis.
A.
B.
C.
D.

5.

Insulin
Glucagon
Epinephrine
Glucocorticoids

A.
The initial cause of diabetes could be an autoimmune
disorder involving antibodies to any one of the following
EXCEPT:
A.
B.

4.

Which of the following hormones would exacerbate the
state of diabetes mellitus?

I only
II only
I and III only
II and III only

8.

Why is the hyperglycemia of IDDM easier to correct than
the hyperglycemia of NIDDM?
A.

Oral hypoglycemics used in the treatment of
NIDDM are relatively toxic.
B. Because insulin is a polypeptide, it is easily
absorbed from the digestive tract.
C. The defect responsible for IDDM is easily repaired.
D. In IDDM, the body’s ability to respond to injected
insulin is unimpaired.

There has been debate about whether the distribution of
injected insulin has any important effects on the control
of diabetes mellitus or the prevention of its complications.
This controversy stems from the fact that endogenous
insulin is delivered directly into the:
A.
B.
C.
D.

hepatic portal circulation.
duodenum.
hypophysial portal system.
inferior vena cava.
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Passage 53 (Questions 1-10)
***ADVANCED PASSAGE***

2.

The thyroid gland is located in the neck anterior to the upper
tracheal rings and produces the thyroid hormone thyroxine.
Thyroxine is essential to the maintenance and regulation of
body temperature and metabolic rate. Damage to the thyroid or
impairment of its function has serious consequences.
Accurate measurements of thyroid secretion are essential to
the treatment and diagnosis of thyroid disorders. The thyroid
secretion rate (TSR) can only be measured indirectly through
the use of radioactive isotopes. The thyroid takes up dietary
iodine and incorporates it into thyroxine, which is released into
the bloodstream. Iodine uptake and release can be measured
using radioactive iodine. 131I accumulates in the thyroid in the
same manner as nonradioactive iodine and is released into
the bloodstream as 131I-thyroxine, the measurement of which
provides a reliable estimate of TSR.

A.

Both forms of thyroxine cause identical muscle
twitch responses when given in equal doses.
B. The exogenous form is ineffective in the presence of
endogenous thyroxine.
C. The exogenous form binds to a naturally occurring
antibody.
D. The endogenous form increases the rate of muscle
protein metabolism.

3.

is taken up by the cell membrane more readily than
the unlabeled form.
B. is not incorporated into endogenous thyroxine.
C. readily replaces the iodine of exogenous thyroxine.
D. acts chemically the same as unlabeled iodine.

4.

Step 1: On Day 1, 100 clonal experimental rats were injected
with 131I, and the TSR was measured.

Step 4: The TSR was measured on a daily basis to determine
endogenous thyroxine production. Doses were increased until
endogenous thyroxine production did not change with increased
thyroxine injection.

1.

Increased levels of thyroid hormone would NOT result in
which of the following physiological effects in humans?
A.
B.
C.
D.
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Increased cardiac output
Decreased rate of glycolysis
Increased oxygen consumption
Increased need for vitamins

© The Princeton Review, Inc.

In the experiment above, endogenous thyroxine
production for Group B leveled off at 0.20 pg/gm body
weight. This value is most likely:
A.
B.
C.
D.

Step 2: Three days later, 50% of the animals (Group A) were
injected with 0.5 pg thyroxine per gram of body weight. The
remaining 50% (Group B) were injected with 1.0 pg thyroxine
per gram of body weight.
Step 3: Thereafter, thyroxine was administered daily and in
creased by 0.5 pg per gram of body weight per dose for Group
A. The dose for Group B was increased in 1.0 pg per gram body
weight increments.

TSR values obtained using 131I administration would only
be accurate if labeled iodine:
A.

The following experiment was conducted to observe the
effects of exogenous thyroxine administration:
Experiment:

To conclude that exogenous and endogenous thyroxine
have the same effect on rat muscle and nerve tissue, what
information would be needed?

5.

the same as Day-1 thyroxine production.
less than Day-1 thyroxine production.
greater than Day-1 thyroxine production.
unrelated to Day-1 thyroxine production.

Endogenous thyroxine production leveled off at an
exogenous administration of 3.5 pg/gm body weight for
Group A, while endogenous production leveled at
7.0 pg/gm for Group B. The most likely explanation is
that:
A.
B.

Group A and Group B were different genetically.
feedback inhibition of thyroxine production requires
several days to occur.
C. positive feedback in thyroid production occurs more
quickly with small increases in thyroid dose.
D. the thyroid gland functions independently of plasma
thyroxine concentration.

Biology

6.

Would a patient who had suffered loss of the anterior
pituitary due to surgery be likely to show reduced levels
of secretion by the thyroid?

10.

The figure below shows an oxygen–hemoglobin
dissociation curve under normal physiological conditions.

A.

Yes, because loss of the anterior pituitary gland
inhibits the parathyroid gland.
B. Yes, because thyroid hormone secretion is normally
regulated by anterior pituitary secretion.
C. No, because the thyroid and anterior pituitary do not
share a common blood supply.
D. No, because when the anterior pituitary is removed
or dysfunctional the posterior pituitary normally
assumes its function.

7.

decreasing Ca release, because storing ions against
a concentration gradient requires energy.
B. decreasing cross-bridge formation, because actin and
myosin slide relative to each other in the absence of
cross-bridges.
C. increasing ATP production in muscle, because
muscle contraction requires energy.
D. increasing the number of voltage-gated calcium
channels at the motor-end plate.

% hemoglobin O2 saturation

50

100

O2 pressure (mm Hg)

2+

		

Thyroid hormone is known to increase levels of 2,3-BPG
(2,3-bisphosphoglycerate), a product of glycolysis which
decreases the affinity of hemoglobin for O2. The effect
of thyroid hormone secretion on the oxygen–hemoglobin
dissociation curve would be to:
A.
B.
C.
D.

shift the curve to the left.
shift the curve to the right.
change the shape of the curve to hyperbolic.
not significantly alter the curve.

Thyroid hormone levels in the blood would be increased
by which of the following?
A.
B.
C.
D.

9.

0

Thyroid hormone most likely increases the force of
skeletal muscle contraction by:
A.

8.

100

Exposure to severe cold for a long period
Elevated rates of bone resorption
A tumor of the pancreas which oversecretes insulin
Elevated plasma CO2

Research links hyperthyroidism to increased basal
metabolic rate in individuals. Which of the following
findings in a hyperthyroid patient would best validate this
association?
A.
B.
C.
D.

Myelin depletion along nerve cells
Decreased production of ribosomal RNA
Increased expression of pyruvate dehydrogenase
Ca2+ depletion in the liver
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Passage 54 (Questions 1-5)

2.

Influenza is a contagious, acute respiratory disease, which
has caused global epidemics over the past 300 years. The
influenza virus envelope is covered with surface spikes of
transmembrane glycoproteins of two types: hemagglutinin (H)
and neuraminidase (N). The H spike enables the virus to attach
itself to susceptible cells, such as those lining the respiratory
tract. The N spike, an enzyme, enables the virus to spread from
cell to cell. Antibodies to both the H and N spikes distinguish
different strains of the influenza virus.
Unlike other viruses, the influenza virus has a segmented
genome consisting of eight separate pieces of RNA. The
segmentation of the virus allows for genetic recombination or
reassortment. The genetic variability of the virus is due to its
capacity for genetic reassortment with related strains.
Two types of genetic variation exist in the H and N antigens.
Antigenic drift is due to minor genetic changes within a group of
similar strains. The other type of genetic variation is antigenic
shift. It signifies a radical change in the composition of the H
antigen, N antigen, or both. Both antigenic shift and drift have
been detected in influenza A viruses, but only antigenic drift has
been detected in influenza B viruses.
Despite the proven immunogenicity of specific vaccines,
efforts to develop a vaccine that confers immunity have been
limited. Although antibodies against the spikes can effectively
block infection, their effects have been temporary because
the virus with a single mutation of an amino acid can escape
neutralization by a monoclonal antibody. The disease continues
to defy control by artificial immunization because the vaccine is
unable to keep pace with rapid changes in the virus. Vaccines
directed at strains that have undergone antigenic drift have been
somewhat successful, especially those directed against new
strains of the virus. Therefore, the effectiveness of a vaccine
depends on the magnitude and the extent of the genetic variation
of the viral strain in question.

1.

Which of the following would pose the greatest threat to a
person NOT infected with the influenza virus?
A.

A substance containing antibodies against the N
antigen
B. A substance containing antibodies against both N
and H antigens
C. A substance containing antibodies against the H
antigen alone
D. A culture containing small amounts of unprocessed
influenza virus
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The same vaccines against influenza virus are NOT used
year after year because:
A.

the virus constantly undergoes changes in its
antigenic structure.
B. the virus is less understood than most other
microorganisms.
C. the vaccines only work for individuals who are AB
negative.
D. old vaccines can cause the common cold.

3.

Influenza vaccine decreases viral activity by increasing:
A.
B.
C.
D.

4.

levels of acids in the blood.
humoral recognition of double helixes.
immune responses to viral antigens.
translation of viral RNA polymerases.

In studying viral synthesis of the H antigen, what findings
would a researcher most likely discover?
A.
B.

H antigen contains no amino acids.
mRNA anticodons for the antigen are read
backwards.
C. tRNA must bind to the ribosome before translation
can occur.
D. Viral DNA codes for the synthesis of both proteins
and fats.

5.

According to the passage, after the influenza virus has
invaded respiratory mucosal cells, it must:
A.

activate the H antigen for attachment to other
mucosal cells.
B. express N antigens on its capsid.
C. undergo rapid in situ antigenic shift or drift to
provoke immune responses.
D. recombine the eight RNA fragments to develop
immunity to DNA polymerases.

Biology

Passage 55 (Questions 1-5)
100
Blood consists of plasma and cells. The hematocrit is the
percent of blood volume that is made up of red blood cells. A
hematocrit of 40 indicates that the blood is 40% red blood
cells by volume. Red blood cells contain hemoglobin and thus
facilitate gas exchange. The red cell count normally correlates
with the hematocrit, since it represents the actual number of red
blood cells per unit volume of blood.
The viscosity of blood plasma is 1.5 to 2.0 times that of
water, but the viscosity of whole blood is considerably greater
because the presence of cells increases viscosity. The greater
the hematocrit, the more friction there is between successive
layers of flowing blood, and this friction largely determines
blood viscosity. Therefore, the viscosity of blood increases
dramatically as the hematocrit increases. Blood hematocrit is
ascertained by centrifuging blood in calibrated tubes such as
those shown in Figure 1, which shows hematocrit values for
several blood conditions. The calibration allows direct reading
of the hematocrit.
Blood flowing in very minute vessels exhibits far less
viscosity than it does in large vessels. This difference becomes
most apparent when blood vessel diameter falls below 1.5 mm.
In vessels as small as capillaries, the viscosity of whole blood
is one half that in large vessels. This is probably due to the
orderly alignment of the red blood cells as they pass through
the capillaries. That is, the red blood cells, instead of moving
randomly, line up and move through the capillaries in single
file, thus eliminating much of the viscous resistance that occurs
within larger vessels.
In small vessels larger than capillaries, the tendency towards
low viscosity is probably offset by other factors. The viscosity
of blood increases as its velocity decreases. Since the velocity of
blood flow in minute vessels is extremely low, often less than 1
mm per second, blood viscosity increases as much as tenfold as
the diameter of the vessels decreases. This is presumably caused
by adherence of red blood cells to each other and to the vessel
walls.
Because of these special effects that occur in the minute
vessels of the circulatory system, it has proven impossible to
determine the exact manner in which hematocrit affects viscosity
in the minute vessels. In these vessels viscosity almost certainly
plays its most important role. Because some characteristics of the
small vessels tend to cause an increase in viscosity, it is perhaps
best at present to simply assume that the overall viscous effects
in the small vessels are approximately equivalent to those present
in the large vessels.

90
80
70
60
50
40
30
20
10
Normal

Anemia

0
Polycythemia

Figure 1
Figure adapted from Arthur C. Guyton, M.D., Textbook of Medical Physiology, Fifth
Edition. © 1976 by W. B. Saunders Company.

1.

Within the capillaries, blood viscosity tends to be less
than it is in larger vessels because:
A.

small vessel size promotes adherence among
erythrocytes.
B. small vessel size promotes alignment of erythrocytes
as they pass through the vessel.
C. large vessel size promotes increased hematocrit.
D. large vessel size promotes decreased hematocrit.

2.

As blood passes from an artery to an arteriole with
diameter greater than 1.5 mm, the viscosity:
A.
B.
C.
D.

increases, because pressure decreases.
increases, because pressure increases.
decreases, because velocity decreases.
increases, because velocity decreases.
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An abnormally low hematocrit would probably be
detrimental to a patient’s health because it would:
A.

cause the blood to move too rapidly through the
capillaries.
B. impair the blood’s ability to deliver oxygen from the
lungs to the tissues.
C. interfere with normal flow of red blood cells.
D. create an excess of plasma and hence an increased
demand for fluid.

4.

Patients with polycythemia have a higher than normal
hematocrit. This means that in comparison to normal
individuals their blood may:
A.
B.
C.
D.

be less viscous.
be deficient in hemoglobin.
consist of more cells by volume.
not be able to carry oxygen adequately.

Passage 56 (Questions 1-8)
Endurance training, also known as aerobic exercise, causes
adaptations in the cardiovascular system. The principal
parameters involved in this adaptation are maximum oxygen
consumption, blood pressure, and blood flow.
Maximum oxygen consumption is the product of
cardiac output (CO) and the maximum difference in oxygen
concentration between the arteries and the veins, known as the
arterio–venous oxygen difference (DA–Vo2). Figure 1 shows the
DA–Vo2 before and after endurance training in a 40-year-old man.
∆A-Vo2(gO2/cc blood)

3.

Before exercise
20

After exercise

15
10
5
Duration of training program

5.

If an accident victim suffers loss of whole blood and
receives plasma as replacement, what is his hematologic
status?
A.
B.
C.
D.

High hematocrit and low red cell count
High hematocrit and high red cell count
Low hematocrit and high red cell count
Low hematocrit and low red cell count

Figure 1
Blood pressure is a measure of the force per unit area with
which blood pushes against the walls of the blood vessels. The
pressure is determined by the pumping of the heart and by
vascular tone. Tone refers to the level of muscular tension and is
determined by sympathetic nervous input and by autoregulation.
Autoregulation refers to changes in vascular tone determined
by local factors, i.e., the build up of metabolic end-products. It
causes vessels to dilate when end products build up, indicating
a need for more blood flow. The blood pressure readings of a
40-year-old man before and after an endurance training program
are shown in Figure 2.

Blood pressure (mm Hg)

200
180

Squares — Systolic blood pressure
Circles — Diastolic blood pressure
Open symbols — Before training
Closed symbols — After training

160
140
120
100
80
60
Rest

Submax

Level of exertion
Figure 2
600
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Biology

Blood flow is directly proportional to blood pressure, except
when autoregulation is present, in which case dilation of vessels
allows increased flow without increased pressure. Figure 3 shows
the coronary and brain blood flow values of a 40-year-old man
before and after endurance training.

4.

Figure 3 supports which of the following conclusions?
A.

The brain’s oxygen requirements increase with
increase in work rate.
B. The heart is more active at submax work rate after
training.
C. After training, coronary metabolic requirements are
greatest at maximal exercise.
D. Vasoconstriction increases in the heart during
exercise.

Squares — Coronary blood flow
Columns — Brain blood flow
Open symbols — Before training
Closed symbols — After training
1200
Blood flow (ml/min2)

1000

5.

800

A.
B.
C.
D.

600
400

6.
Submax

I. Nervous input
II. Hormones
III. Blood pressure

Figure 3
Adapted from Exercise Physiology, by George Brooks and Thomas Fahey, ©1985 by
Macmillan Publishing Co.

Each of the following could account for the changes
induced by endurance training in DA–Vo2 seen in Figure 1
EXCEPT increased:
A.
B.
C.
D.

3.

A.
B.
C.
D.
7.

numbers of mitochondria in muscle.
O2 affinity of hemoglobin.
lactate build up due to increased muscle mass.
muscle capillary density.

capillaries.
arteries.
aorta.
right atrium.

In figure 2, the after-training blood pressure of the 40year-old man at submaximal work rate is approximately:
A.
B.
C.
D.

135/65.
135/80.
160/75.
160/135.

I only
II only
I and II only
I, II, and III

It can be inferred from Figures 2 and 3 that:
A.
B.

increasing blood pressure increases brain blood flow.
blood pressure and blood flow are inversely
proportional.
C. the brain vasculature responds to exercise differently
than does cardiac muscle.
D. autoregulation leads to vasoconstriction in the heart
during exercise.

Systolic blood pressure approaches 0 mm Hg when it
reaches the:
A.
B.
C.
D.

Cardiac output is influenced by which of the following?

Max

Level of exertion

2.

right atrium.
left atrium.
right ventricle.
left ventricle.

200
Rest

1.

Blood flows to the lungs from the:

8.

It can be inferred from the passage that:
A.

during exertion and during rest, blood pressure
between heartbeats changes less than the pressure
during heartbeats.
B. the maximum blood pressure measured in an
individual during exercise changes more with
training than the level measured during rest.
C. blood flow to the brain decreases during sleep.
D. athletes use oxygen less efficiently than people who
are in poor physical shape.
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Passage 57 (Questions 1-8)
Shock is a physiological state defined as an imbalance
between oxygen delivery and oxygen demand at the cellular level.
As tissues become hypoxic, they stop functioning efficiently.
Tissue hypoxia leads to organ dysfunction and failure; shock can
rapidly progress to multi-organ system failure (MOSF) and death
if it is not corrected. Clinically, the most common sign of shock
is hypotension (low blood pressure). In a hypotensive state, the
body attempts to maintain oxygen delivery by increasing the
heart rate. Blood supply to the digestive tract and extremities is
reduced to increase blood supply to more vital organs such as the
brain or the heart.
Shock can be divided into three categories: hypovolemic,
caused by a decrease in circulatory volume; cardiogenic, due
to poor contraction of heart muscle; and distributive, in which
blood is abnormally distributed throughout the body. Distributive
shock can be either neurogenic, which can result after injury to
the sympathetic nervous system, or septic, caused by systemic
bacterial infection.

mm Hg

One way of differentiating causes of shock is by comparing
hemodynamic variables. A pulmonary artery catheter is useful
in this regard. The catheter is threaded into the venous system
through a large vein, typically the right internal jugular vein.
A balloon is inflated and the catheter passed through the heart
and into the pulmonary vasculature. A pressure sensor is
used to determine the position of the catheter (Figure 1). The
balloon eventually wedges in one of the smaller branches of the
pulmonary arteries. At this point, a sensor distal to the balloon is
used to measure pressure in the vessel. During diastole, when the
mitral valve is open, the sensor can measure the filling pressure
of the left ventricle. This pressure, often called the “wedge
pressure,” is equal to left ventricular end diastolic pressure
(LVEDP) or left ventricular preload in a normally compliant
ventricle.

Figure 1 Swan-Ganz tracing

|

If the CO and systemic blood pressure gradient (mean arterial
pressure) are known, the systemic vascular resistance (SVR) can
be calculated from Equation 1:
SVR =

Mean Arterial Pressure
Cardiac Output
Equation 1

Mean arterial pressure (MAP) is the pressure driving blood
into the tissues averaged over the entire cardiac cycle. Since
diastole lasts about twice as long as systole, the MAP value is
weighted toward diastolic pressures. It can be approximated
using the following equation, where SP denotes systolic pressure
and DP denotes diastolic pressure:
MAP = (1/3)(SP + 2 ⋅ DP)
Equation 2

20
15
10
5
Region A

602

With other sensors, the catheter can also measure different
variables used to calculate heart function, including cardiac
output (CO), pulmonary artery pressures, and central venous
pressure (CVP, measured in the right atrium). CVP is a measure
of preload of the right ventricle. This determines how much the
ventricular muscle is stretched prior to contraction and is one
determinant of the force with which the heart will contract.

© The Princeton Review, Inc.

Region B

Region C

Region D

Biology

1.

One of the treatments for shock is giving intravenous
fluid. It has been shown that a liter of colloid (an isotonic
solution of a high molecular weight substance, such as
albumin) is much more effective at raising blood pressure
than a liter of crystalloid (an isotonic solution of sodium
chloride or other salts). Which of the following provides
the best explanation for this?

5.

A.

SVR is low due to activation of the parasympathetic
system.
B. the heart is moving less blood with each beat.
C. the heart is not beating as rapidly.
D. SVR is low due to vasodilation caused by
inflammatory mediators.

A.

There are more molecules in a crystalloid solution
than in a colloid solution, so it has a higher
osmolality.
B. Colloid cannot diffuse out of blood vessels and
therefore increases the intravascular osmolarity,
helping retain fluid in the blood vessels.
C. Albumin is a component of blood, but sodium
chloride is not.
D. Colloid contains molecules that activate the
sympathetic nervous system and therefore raises
blood pressure.

2.

6.

B.
C.

I. Hypovolemic
II. Cardiogenic
III. Neurogenic

3.

D.

7.

Tricuspid and pulmonic
Pulmonic and mitral
Tricuspid and aortic
Aortic and mitral

Many investigators are looking for better ways
to diagnose shock. These would ideally be rapid,
inexpensive, and minimally invasive. One such way
would be to measure:
A.
B.
C.
D.

hemoglobin O2 saturation.
central venous pressure.
O2 content of tissue samples.
blood lactate levels.

After the “wedge pressure” is recorded, the balloon is
deflated. This is:
A.
B.

so that LVEDP can be measured.
because the balloon does not allow blood to flow
past, and areas of lung tissue may be damaged.
C. so that CVP can be measured.
D. to prevent the catheter from advancing into the left
atrium.

Through which heart valves must a pulmonary artery
catheter pass?
A.
B.
C.
D.

4.

I and II only
II only
III only
I, II, and III

Which region of Figure 1 represents the period during
which the catheter is in the right ventricle?
A.

In which shock state might one observe low blood
pressure and low heart rate?

A.
B.
C.
D.

In patients with septic shock (caused by bacterial
infection in the bloodstream), cardiac output increases to
several times normal levels. However, the blood pressure
is usually low. This could be because:

8.

According to Equation 1, all of the following would cause
an increase in mean arterial pressure except:
A.
B.
C.

an increase in stroke volume.
an increase in heart rate with no change in SVR.
a decrease in heart rate and a proportional increase
in SVR.
D. an increase in stroke volume and systemic
vasoconstriction.

© The Princeton Review, Inc.
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Passage 58 (Questions 1-8)
The lymphatic circulation is a one-way system that returns
interstitial fluid to the bloodstream. It also recovers protein
that has leaked through blood capillary walls. The system is
composed of a network of interlinked lymphatic capillaries that
drain into lymphatic vessels which join to form two lymphatic
ducts. These ducts empty into the intersection of the subclavian
and internal jugular veins near the heart. The thoracic duct
serves all but the right shoulder area and the right side of the
head, which are drained by the right lymphatic duct. Most of the
tissues that contain blood vessels also contain lymph vessels.
The lymphatic capillaries mark the beginning of the lymphatic
system. A cross-sectional representation in Figure 1 shows not
only the overlapping endothelial cells, separated by gaps through
which interstitial fluid enters into the lymph capillary, but also
the valves which facilitate the one-way flow of lymph. It has
been shown that the lymph valves create a negative pressure in
the interstitial tissue through what is essentially a sucking action,
facilitating forward fluid flow into the lymphatic capillary. Fluid
is moved forward by the contraction of smooth muscle in the
walls of larger lymphatics and of surrounding skeletal muscle.

1.

Which one of the following is NOT a significant function
of the lymphatic system?
A.
B.
C.
D.

2.

Lymph flow is facilitated by:
I. contraction of skeletal muscle.
II. contraction of lymphatic smooth muscle.
III. negative pressure created by valves.
A.
B.
C.
D.

3.

4.

Figure 1 Cross section of a lymphatic capillary
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Cartilage
Cornea
Epidermis
Bone

Proteins cannot be readily reabsorbed into the blood
stream when they leak out because:
A.
B.
C.
D.

5.

I only
II only
I and III only
I, II, and III

Which one of the following contains blood vessels?
A.
B.
C.
D.

In injured or infected tissues, damaged cells release proteins
that increase the colloid osmotic pressure of the interstitial fluid,
favoring filtration. This can overwhelm the lymphatic system,
leading to accumulation of fluid. The result is swelling, known
as edema.

Adapted from Experimental Biology of the Lymphatic Circulation, by Miles Johnston,
©1985 by Elsevier. and from Human Physiology, by Charles L. Schauf, et al., ©1990
by Times Mirror/Mosby College Publishing.

Returning white blood cells to the circulatory system
Returning red blood cells to the circulatory system
Maintaining protein concentrations in the blood
Transporting fats from the digestive tract to the
circulatory system

capillaries are completely impermeable to them.
they are positively charged.
concentration and pressure gradients prevent it.
they are degraded in the interstitium.

Which of the following would favor edema?
I. Increased capillary blood pressure
II. Increased tissue osmotic pressure
III. Increased numbers of valves in lymphatics
A.
B.
C.
D.

I only
III only
I and II only
I, II, and III

Biology

6.

Lymph from the left lung returning to the venous
blood would pass through at least part of which of the
following?
I. Thoracic duct
II. Lymphatic capillaries
III. Right lymphatic duct
A.
B.
C.
D.

7.

Lymphatic capillaries differ from blood capillaries in that
they:
A.
B.
C.
D.

8.

I only
II only
III only
I and II only

are more muscular.
actively transport proteins.
allow bidirectional flow.
are more permeable to proteins.

What is the primary function of lymph nodes?
A.
B.

Destruction of excess proteins
Detection of foreign substances from the blood
stream
C. Maintenance of the flow of lymph
D. Fat storage

Passage 59 (Questions 1-6)
The thymus gland plays a central role in the development
of the immune system. Here, T cells mature and “learn” to
distinguish self from non-self. This distinction is essential
for cell-mediated immune responses such as graft rejection.
The following experiments characterize the mechanisms of
development of immunological self-tolerance.
Experiment 1a:
The entire pituitary gland was transplanted from one treefrog larva to another. When both frogs attained adulthood, the
transplant was returned to the original donor, and was rejected by
the immune system.
Experiment 1b:
The experiment was repeated, but only half the pituitary
gland was transplanted. At the end of the experiment, the graft
was not rejected.
Experiment 2a:
A rat was thymectomized at birth. It soon became unhealthy
and developed a “wasting disease,” characterized by weight loss,
diarrhea, and poor appearance.
Experiment 2b:
Another thymectomized rat was reared in a sterile
environment, and did not develop the disease.
Experiment 2c:
An adult rat was thymectomized and did not develop severe
wasting disease. When biomarkers were monitored for several
months, a deterioration of cell-mediated immunity became
apparent.
Experiment 3:
Adult rat pancreatic islet cells were implanted into another
adult rat’s thymus gland. The recipient then accepted additional
islet cell grafts; that is, it became tolerant to islet cell grafts.
Experiment 4:
Non-identical twin cattle that shared a placenta in utero were
found to accept skin grafts from one another. Non-identical twins
that had separate placentas in utero rejected skin grafts from one
another.
Adapted from How the Immune System Learns about Self, by Boehmer and Kisielow,
©1990 by Boehmer and Kisielow.
© The Princeton Review, Inc.

|

605

MCAT Science Workbook

1.

The results of experiment 1 support which of the
following hypotheses?

5.

A.

The immune system is incapable of reacting against
genetically identical tissue.
B. The immune system must remain immature if
immunological self-tolerance is to be maintained.
C. The organism’s immune system is capable
of reacting against its own tissue but must be
“instructed” not to do so during development.
D. The organism’s immune system cannot accept
foreign grafts under any circumstances.

2.

Experiment 4 supports the hypothesis that immunological
self-tolerance is:
A.
B.
C.
D.

3.

Identical twins who did not share a placenta would be
expected to:
A.
B.
C.
D.

4.

|

reject each other’s grafts.
accept each other’s grafts.
accept all grafts from non-relatives.
accept grafts from their parents.

Rats born without a thymus gland would be expected to:
A.
B.
C.
D.

606

a genetic phenomenon.
passed from mother to offspring.
a characteristic acquired during development.
facilitated by reduced blood flow in a shared
placenta.

reject all foreign grafts.
accept all foreign grafts more easily than normal.
accept only grafts from relatives.
reject only grafts from relatives.

© The Princeton Review, Inc.

Which of the following is/are suggested by the passage
regarding immune system function?
I. Recognition of an antigen as self is facilitated
by exposure of thymus cells to the antigen.
II. The immune system is essential for physical
growth.
III. It is possible to induce tolerance to a foreign
antigen even in an adult rat.
A.
B.
C.
D.

6.

I only
I and III only
II and III only
I, II, and III

The most likely explanation for the result of Experiment 3
is that:
A.

the T cells which recognize foreign islet cell antigens
were selectively suppressed or destroyed.
B. adults are more immunologically flexible than
younger animals.
C. the T cells which recognize islet cell antigens were
selectively activated.
D. the T cell development was nonspecifically blocked.

Biology

Passage 60 (Questions 1-11)
Malaria is one of the world’s oldest known diseases. It
involves alternating chills and fever with severe hemolysis
(erythrocyte destruction) and liver damage. It is caused by the
protozoan parasite Plasmodium, which is transmitted by the
female Anopheles mosquito, which is itself a parasite, requiring
a blood meal as a source of protein for egg production. The
protist is transmitted from an infected insect to a human host. It
completes part of its life cycle in the human, but requires a new
Plasmodium host to complete the cycle. This new host is infected
when it bites the infected human. See Figure 1.

6.

In order for malaria to be transmitted, a mosquito must
bite an infected individual and take the gametocytes up in
the blood meal. The Plasmodium then completes its life
cycle in the mosquito.

7.

This begins with fusion of the gametocytes and zygote
formation in the gut.

8. & 9. Development proceeds in the gut of the mosquito.
10.

A wound the size of a mosquito bite will trigger the primary
hemostatic responses which act to constrict blood vessels and
seal the wound by platelet aggregation, and also the secondary
hemostatic response, coagulation. However, compounds present
in mosquito saliva prevent these processes while the parasite is
feeding.

MOSQUITO
sporozoites

1.

Mature sporozoites enter the blood when an infected
Anopheles mosquito attacks.

2.

The sporozoites evade the immune system and migrate
to the liver, where they invade hepatocytes. Asexual
reproduction occurs and the liver cells are lysed, releasing
up to 30,000 merozoites per cell into the bloodstream.

3.

Merozoites invade red blood cells and undergo asexual
reproduction, eventually lysing the red blood cells and
releasing more merozoites.

4.

These can then invade more red blood cells. The cycles of
chills and fever correspond to the destruction of red blood
cells.

5.

Some of the merozoites give rise to male and female
gametocytes.

MAN
1
2

10
sporozoites

Natural selection has made it possible for some individuals
to resist malarial infection. A single base-pair change in the gene
that codes for hemoglobin results in the substitution of valine
for glutamic acid (amino acid #6). Individuals heterozygous for
this gene have erythrocytes containing mutant hemoglobin that
are resistant to parasitization. However, this hemoglobin tends
to clump when the oxygen content of the blood decreases, such
as at high altitudes or during strenuous exercise. Erythrocytes
then become distorted and sickle-shaped, hence the term sicklecell trait. Individuals homozygous for the defective hemoglobin
suffer from sickle-cell anemia, in which many sickled red blood
cells are destroyed in the spleen.
The course of infection with Plasmodium is as follows:

Mature sporozoites are released into the body cavity of
the mosquito. They migrate to the salivary glands, from
where they are released when the mosquito takes her next
blood meal.

merozoites

9

4

3

8
7

5
6
gametocytes

Figure 1 Life cycle of Plasmodium
Adapted from: Malaria: Obstacles and Opportunities, by Stanley C. Oaks, Jr., Violaine
S. Mitchell, Greg W. Pearson and Charles C.J. Carpenter, eds. ©1991 by National
Academy Press, Washington, D.C.

1.

What substance might be expected to be in mosquito
saliva that could inhibit the process of hemostasis?
A.
B.
C.
D.

2.

A vasoconstrictor
An inhibitor of platelet aggregation
A stimulator of coagulation
A stimulator of T cells

The passage implies that malaria can be transmitted by
each of the following EXCEPT:
A.
B.
C.
D.

the bite of an infected mosquito.
the bite of an infected human.
use of a contaminated needle.
a blood transfusion.

© The Princeton Review, Inc.
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3.

4.

Platelets do not normally aggregate in the absence of
tissue injury because:

8.

I. platelets are not normally found in plasma.
II. they are not exposed to compounds present in
damaged cells.
III. circulating T cells prevent aggregation.

I.
II.
III.
IV.

A.
B.
C.
D.

A.
B.
C.
D.

I only
II only
I and II only
I, II, and III

There are antibiotics which are effective against malaria.
Why is this surprising?

9.

A.

Antibiotics are generally not effective on bloodborne diseases.
B. All strains have developed resistance.
C. Antibiotics cannot be taken up by cells.
D. Plasmodia are eukaryotes.

5.

What method(s) would be effective in disrupting the cycle
of malaria transmission?
Vaccination against the sporozoites
Vaccination against the merozoites
Vaccination against the gametocytes
Destruction of mosquitoes
I only
IV only
II and IV only
I, II, III, and IV

How would the mutation causing sickle-cell anemia affect
the characteristics of hemoglobin?
I. It would change the primary structure.
II. It would cause abnormal interactions between
hemoglobin molecules.
III. It would change the isoelectric point.
A.
B.
C.
D.

The immune system has difficulty eradicating malarial
parasites for all of the following reasons EXCEPT:

I only
II only
I and III only
I, II, and III

A.

antibodies cannot be produced which recognize
protozoans.
B. the parasites evade detection by varying their
morphology.
C. the parasites move from one cell type to another.
D. some stages can evade the immune system.

6.

The best way to vaccinate against malaria would be to
inject proteins found on the surface of:
A.
B.
C.
D.

7.

Malaria can be controlled with drugs such as chloroquine,
but it is difficult to cure. What would be the best target for
drug therapy for people already sick with malaria?
A.
B.
C.
D.
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sporozoites.
merozoites.
gametocytes.
the mosquito’s proboscis.

The sporozoite
The merozoite
The gametocyte
The mosquito

© The Princeton Review, Inc.

10.

The prevalence of the sickle cell allele due to malaria is
an example of:
A.
B.
C.
D.

11.

codominance.
heterozygous advantage.
Hardy–Weinberg equilibrium.
acquired traits.

If the Plasmodial merozoite were viewed as an inde
pendent organism, its life cycle would most resemble that
of a:
A.
B.
C.
D.

lytic virus.
lysogenic virus.
saprophyte.
predator.

Biology

Passage 61 (Questions 1-9)
Modern pregnancy test kits work by detecting the protein
human chorionic gonadotropin (hCG) in the urine. The technique
used is an immunological assay called the sandwich ELISA
(Enzyme Linked Immunosorbent Assay). The manufacture of
pregnancy test kits using the ELISA assay requires the production
of two different antibodies. The primary antibody is produced
by injecting the terminal region of hCG into a mouse. Isolation
of a white blood cell which is manufacturing an antibody to
this region of the hCG molecule and fusion of this cell with a
malignant human tumor cell create an immortalized cell that
produces large quantities of pure monoclonal mouse anti-hCG.

2.

A.

the absence of hCG and the presence of mouse antihCG and conjugated antibodies.
B. the presence of hCG.
C. the absence of hCG and conjugated antibodies, with
mouse anti-hCG present.
D. that conjugated antibody is bound directly to mouse
anti-hCG.

3.

1.

If the second wash in the pregnancy test procedure were
eliminated, then:
A.
B.
C.
D.

unbound mouse anti-hCG could be present.
unbound hCG could be present.
the color change would not occur.
conjugated antibodies could be present in the
absence of hCG.

The function of hCG during pregnancy is to induce:
A.

the corpus luteum to produce estrogen and
progesterone.
B. atrophy of the corpus luteum.
C. a surge of pituitary LH.
D. a drop in LH and FSH production.

The secondary antibodies are called conjugated anti-bodies,
because they have enzymes covalently linked to their nonantigen-binding end. The enzymes catalyze a color-producing
reaction when a particular substrate is present. The secondary
antibodies are generated in rabbits and are capable of binding to
different sites on hCG than the primary antibodies.
The test kit is a plastic microtiter well, on which the mouse
anti-hCG is immobilized. A small sample of urine is added to
the well. If hCG is present in the urine, it will bind to the mouse
anti-hCG. Next, the remaining urine is washed away, and the
conjugated antibodies are then added. If the hCG/anti-hCG
complex is present, the conjugated antibody will “top-off” the
“sandwich,” that is, it will bind to the hCG molecule at a different
site from that already bound by the primary antibody. A second
wash is then performed. The three-part complex is visualized
when a color change occurs upon the addition of a colorless
substrate, which is converted into a colored by-product by the
conjugated enzyme.

A lack of color in the microtiter well at the end of a
sandwich ELISA assay indicates:

4.

An ELISA assay is used to detect HIV. First, rabbits are
inoculated with human IgG. The rabbit immune system
forms antibodies to the human antibodies. These rabbit
antibodies are purified and conjugated to an enzyme. In
the ELISA assay, the plastic is coated with HIV antigen,
followed by human plasma (which is washed away), and
then conjugated rabbit IgG. If the test is effective, the
conjugated antibodies bind directly only to:
A.
B.
C.
D.

5.

HIV particles.
human white blood cells.
plastic.
a variety of human antibodies.

Human chorionic gonadotropin is normally NOT:
A.
B.
C.
D.

a protein.
produced during pregnancy.
an antigen.
a hormone.

© The Princeton Review, Inc.
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6.

Fibronectin is a protein that has been associated with
the onset of premature childbirth, and has been detected
in vaginal fluids. What order would be required for
the following steps in a sandwich ELISA to detect
fibronectin?
I. Visualizing the enzyme
II. Trapping the antigen
III. “Sandwiching” the antigen
A.
B.
C.
D.

7.

I, II, III
II, III, I
III, II, I
II, I, III

The antigen-binding site of the mouse anti-hCG is:
A.

a pocket formed by the interaction of the variable
regions of a heavy chain and a light chain.
B. formed by the foldings of the variable regions of the
light chains only.
C. located in the constant region of the heavy and light
chains.
D. in the variable region of either the heavy or the light
chain.

8.

Which of the following accurately describes the ELISA
secondary antibody used in the hCG assay?
A.

It must be made in a different organism from the
primary antibody so that the two antibodies will
have distinguishable constant regions.
B. It may be differentiated from the primary antibody
by an assay which makes use of fragmented hCG.
C. It must be bound by the primary antibody in order
for the test to work.
D. It would not be bound by any antibodies if injected
into a mouse.

9.

To what part of the secondary antibody is the colorproducing enzyme bound?
A.
B.
C.

The variable region of a light chain
The variable region of a heavy chain
The part formed by the interaction of the variable
regions of the heavy and light chains
D. The constant region

Passage 62 (Questions 1-8)
***ADVANCED PASSAGE***
Immune system cells continuously monitor the contents of
the extracellular environment in search of unfamiliar substances.
Antigen-presenting cells such as macrophages place fragments
of substances they find on the surface of their cell membranes.
In addition, all cells in the body display fragments of their own
proteins; these fragments are monitored by immune system cells.
This is how the immune system detects cancerous cells and cells
infected with viruses. A special cell-surface protein complex
known as the major histocompatibility complex (MHC) is used
to display antigens. Upon encountering foreign antigen bound by
MHCs, T cells are activated to protect the host from the antigen’s
source (usually a bacterium or a virus). The activation process
begins when the T cell releases a small amount of calcium into
its cytoplasm from intracellular sequestering compartments with
a high concentration of the ion.
There are two classes of MHC molecules. Class I presents
endogenous protein antigens (made by the cell), and Class
II presents exogenous protein antigens (derived from the
extracellular environment and internalized by phagocytosis).
Synthesis of all MHC molecules begins with transcription
in the nucleus. The RNA coding for MHC polypeptides is
spliced, and the resulting mRNA is transported through nuclear
pores. In association with special proteins, the mRNA forms
ribonucleoprotein molecules and triggers the pores to open.
Once outside the nucleus, the mRNA binds to a ribosome,
translation begins, and the mRNA, the ribosome, and the nascent
polypeptide bind to the endoplasmic reticulum. MHC synthesis
is completed here, with MHC polypeptides translocated into the
rough ER lumen during translation.
It is inside the ER lumen where the MHC class I molecule
binds a fragment of an endogenous protein. It is not understood
how peptide fragments get inside the ER, but it is known that
endogenous proteins are constantly monitored by degradation
and presentation on Class I MHCs. After some chemical
modifications, the peptide–MHC complex is packaged in a
vesicle and sent to the Golgi apparatus. From the Golgi lumen,
the complex is transported in a vesicle to its destination on the
cell surface.
Class II MHCs are sent to the golgi apparatus without
any bound peptide fragment. From the Golgi lumen, they
are packaged in vesicles which fuse with endosomes. These
contain exogenous proteins obtained from the cell surface by
endocytosis and processed into polypeptide fragments. Class II
MHC molecules noncovalently bind peptide fragments, and the
resulting complexes are expressed on the cell surface when the
endosome fuses with the plasma membrane.
Adapted from Cellular and Molecular Immunology, by Abul K. Abbas, et al., ©1991 by
W. B. Saunders Co.; and from Molecular Biology of the Cell, 2nd ed., by Bruce Alberts;
©1989 by Garland Publishing Inc.
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1.

Cells are infected by a virus and express a cytoplasmic
viral antigen. Which of the following describes how the
antigen will be presented?

5.

A.

A peptide from the antigen will be expressed on
class I MHC.
B. A peptide from the antigen will be expressed on
class II MHC.
C. A peptide from the antigen could be expressed on
either class of MHC.
D. The antigen will evade the immune system and will
not be presented.

2.

A.

is a high affinity signal for the transfer of nascent
class I MHC to the ER.
B. is bound to the peptide-binding region of Class II
MHC proteins until they reach the ER.
C. prevents nascent class II MHC from binding to the
ER.
D. blocks class II MHC’s peptide-binding region until
the MHC leaves the ER lumen.

MHC Class II polypeptides enter the rough ER lumen by:
A.
B.

passively diffusing across the ER membrane.
interacting with a signal recognition particle and
a signal recognition particle receptor on the ER
surface.
C. being synthesized near regions of ER with large
pores.
D. endocytosis.

3.

A.
B.
C.
D.
4.

6.

I only
II only
I and II only
II and III only

Beginning with their synthesis on the rough ER, how
many membranes do MHC protein signal peptides pass
through?
A.
B.
C.
D.

What prevents unspliced mRNA coding for MHC class I
proteins from being translated in the nucleus?
A.
B.

There are no enzymes in the nucleus.
MHC Class I mRNA is passed to the cytoplasm as it
is transcribed.
C. unspliced RNA lacks the first codon to be translated.
D. Ribosomes are excluded from the interior of the
nucleus.

After T cell activation, the intracellular Ca2+ concentration must be restored to its very low resting level. In
the absence of ATP, how can Ca2+ levels be restored?
I. An electrochemical gradient causes Ca2+ to
diffuse into intracellular calcium-sequestering
compartments.
II. Ca2+ is actively transported across the inner
mitochondrial membrane.
III. Ca2+ can diffuse through a channel in the
plasma membrane.

You read in a journal article that the invariant MHC chain
is an MHC-related peptide found in cells during MHC
synthesis, but not found on the cell surface. The article
describes a rat which has the gene for the invariant chain
deleted, and reports that endogenous peptides are bound
to both classes of MHC in this rat. You infer that the
invariant chain:

7.

Which of the following cells make antibodies against
viruses?
A.
B.
C.
D.

8.

Liver cells
B cells
T cells
Macrophages

It can be inferred from the passage that:
A.

macrophages do not display antigen using Class I
MHC.
B. macrophages display antigen using Class II MHC.
C. T cells display antigen using Class II MHC.
D. B cells do not display antigen.

0
1
2
3

© The Princeton Review, Inc.

|

611

MCAT Science Workbook

Passage 63 (Questions 1-9)
***ADVANCED PASSAGE***

1.

I. Vibrio cholerae infects the intestinal
epithelium, while Bordetella pertussis infects
the respiratory tract.
II. Cholera toxin increases the concentration
of cAMP in the cell, while pertussis toxin
decreases cAMP in the cell.
III. Vibrio cholerae increases chloride secretion,
while Bordetella pertussis decreases chloride
secretion.

Vibrio cholerae is a Gram-negative bacillus that causes
cholera in humans. The immune response to cholera is entirely
humoral; there is no evidence of stimulation of cellular immunity.
The bacteria colonize the mucosa of the small intestine and
secrete an enterotoxin that binds to receptors on the mucosal
epithelium. A subunit of the toxin activates cellular adenylate
cyclase, resulting in an intracellular increase of 3′,5′-cyclic
adenosine mono-phosphate (cAMP), which activates a protein
kinase, cAMP-dependent protein kinase.
The toxin activates adenylate cyclase by ADP-ribosylating
the diffusible stimulatory subunit (Gs) of a G protein receptor
complex. Gs, located at the inner surface of the cell membrane,
binds a molecule of GTP when the receptor complex is activated.
With GTP bound, it diffuses to the membrane-bound adenylate
cyclase and activates it. Like other G proteins, Gs has an inherent
GTPase activity which hydrolyzes the bound GTP to terminate
the stimulatory action of Gs. The result of cholera toxins ADPribosylating Gs is inhibition of the GTPase activity of Gs. The
toxin of Bordetella pertussis also causes overactivity of adenylate
cyclase, but via a slightly different mechanism. The pertussis
toxin ADP-ribosylates Gi, the inhibitory G-protein, which
normally attenuates activity of adenylate cyclase by competing
with Gs. ADP-ribosylation by pertussis toxin inactivates Gi.
Another difference is that Bordetella infects only respiratory
mucosa, while cholera is a gastrointestinal disease.
The increase in cAMP caused by cholera toxin stimulates
an extreme increase in chloride secretion by cells of the
Lieberkühn crypts, which are small invaginations of the mucosa
between the villi. The massive chloride loss is accompanied by
a correspondingly massive loss of water from the crypt cells,
because chloride secretion is a physiological mechanism for
intestinal mucosal water excretion. The consequent diarrhea can
be severe enough to cause life-threatening dehydration.
One strategy for treating cholera consists of combating
dehydration by oral rehydration therapy (ORT). Standard ORT
solutions contain sodium chloride and glucose. The sugar
promotes transport of the salt ions into the villi via the 1:1
sodium–glucose cotransporter, a protein in the mucosal cell
membrane. Water follows by osmosis, thus effecting rehydration.
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Differences between Vibrio cholerae and Bordetella
pertussis include which of the following?

A.
B.
C.
D.
2.

The immune response to cholera fundamentally consists
of activation of:
A.
B.
C.
D.

3.

I only
I and III only
II and III only
I, II, and III

B cells.
macrophages.
helper T cells.
cytotoxic T cells.

Which of the following conclusions can be inferred from
the passage?
A.

Gs with GDP bound does not activate adenylate
cyclase.
B. Gs with GDP bound activates adenylate cyclase.
C. ADP-ribosylation of adenylate cyclase inactivates it.
D. ADP-ribosylation of adenylate cyclase activates it.

Biology

4.

The osmolarity of ORT solutions is equal to that of
normal blood. What effect would dramatically increasing
the glucose concentration of the ORT solution have on
fluid uptake by the blood?

7.

A.

Coinfection with Vibrio cholerae and Bordetella
pertussis
B. Infection with Vibrio cholerae plus ingestion of
Gatorade (a solution of NaCl and glucose)
C. Infection with Vibrio cholerae plus ingestion of nonabsorbable carbohydrate, such as cellulose
D. A humoral immune response against Vibrio cholerae

A.

Fluid uptake would increase due to an increase in
sodium transport.
B. Fluid uptake would increase due to a decrease in
lumen osmolarity, causing water to diffuse into the
villi.
C. Fluid would be lost from the blood to the lumen, due
to an increase of lumen osmolarity.
D. Increased glucose concentration would have no
effect on fluid uptake.

5.

Reversal of the effect of cellular cAMP
Increasing uptake of sodium chloride by villi cells
Preventing attachment of cholera bacteria to the
intestinal epithelium
D. Causing increased sodium uptake by the sodium–
glucose symport

6.

8.

The sodium–glucose symport of the small intestinal
epithelium most likely:
A.

requires ATP directly, since sodium and glucose are
transported up a concentration gradient.
B. requires ATP directly, since sodium is transported up
its concentration gradient.
C. does not require ATP directly, since glucose and
sodium can passively diffuse across the membrane.
D. does not require ATP directly, since sodium is
transported down its concentration gradient.

Overactivity of the cAMP system is usually prevented by
which of the following?
I. Spontaneous hydrolysis of GTP by Gs
II. Competition of Gs and Gi
III. cAMP-dependent protein kinase

A further treatment for cholera includes using drugs that
inhibit net chloride secretion, thus slowing fluid loss. One
such drug, chlorpromazine, has been found to inhibit net
secretion in vivo and, in vitro, to inhibit the activity of
protein kinases. What is a likely mechanism of action of
chlorpromazine?
A.
B.
C.

Which of the following would cause the greatest loss of
water through diarrhea?

A.
B.
C.
D.
9.

I only
II only
I and II only
II and III only

Which of the following accurately compares the effector
mechanisms of protein and steroid hormones?
A.

Second messenger systems such as the one described
in the passage allow both types of hormones to have
their effects.
B. While protein hormones trigger their second
messengers at the cell surface, steroid hormones
diffuse into the cytoplasm to activate their second
messengers, which are located on the nuclear
membrane.
C. Unlike protein hormones, steroid hormones diffuse
into the cell and modify cellular activities directly;
thus, they need no receptor.
D. Unlike protein hormones, steroid hormones directly
activate a receptor which modifies transcription and
thus need no second messengers.
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Passage 64 (Questions 1-8)
***ADVANCED PASSAGE***
Hemoglobin (Hgb) is a complex protein found solely in red
blood cells and is primarily responsible for carrying oxygen.
Hgb is composed of 4 polypeptide subunits (globins) joined by
noncovalent bonds. Each subunit has a heme group, which is a
complex of protoporphyrin IX and ferrous iron ion (Fe2+). Each
ferrous iron can bind a molecule of oxygen. Hgb normally binds
oxygen in the lung and releases it in the deoxygenated peripheral
tissues. Different forms of Hgb are expressed in varying
concentrations, depending on age. Sixty percent of Hgb at birth
is fetal hemoglobin (HbF). The major Hgb found at 6 months
and onward is HbA; however, small amounts of other Hgb forms
persist. See Figure 1. The drug hydroxyurea can increase the
amount of HbF in adults. Oxygen dissociation from hemoglobin
follows a sigmoidal shape due to cooperative binding of oxygen.
However, the oxygen affinity of Hgb can be altered by allosteric
effectors such as 2,3-BPG, carbon dioxide, pH, and heat.
50

α

γ

β

Figure 2 shows a pedigree of a family with a history of sicklecell disease. Individual II.a is phenotypically normal, while
Individual II.c experienced multiple sickle crises as an infant and
was confirmed to be homozygous with respect to the sickle trait.

ε
ξ

20

prenatal age
(weeks)

5 10
birth

II

a

b
b

c

d
5
a-e

Figure 2 Pedigree of family with a history of sickle-cell
disease

Patient 1

30

a

III

δ
5 10

I

Samples of DNA from the epithelial cells of three of the
family members were isolated and digested with the restriction
enzyme Mst II. When an adenine base is replaced with a thymine
base in the β-globin chain, a normal restriction site for Mst II
is lost. This produces a larger 1.3 kb fragment (compared to the
normal 1.1 kb fragment). These samples were run on a gel and
separated based on size. A β-globin gene probe was then used to
visualize the fragments. The results are shown in Figure 3.

25

5

painful crises of the chest and bones, increased infections, and
poor circulation. The sickled RBCs cause microinfarctions in
the spleen and renal papillae due to occlusion of small vessels.
The widespread nature of the sickle trait despite the severity
of disease may be due to protection from the malaria-causing
protozoa Plasmodium falciparum conferred by the carrier state.

20

Patient 2

Patient 3

30

prenatal age
(weeks)

size
(kb)

Figure 1 Differential expression of globin chains
(prenatal and postnatal)

-pro-val-gluCCT GAG GAG
1.3

Note: HbA = α2β2, HbF = α2γ2, HbA2 = α2δ2
Sickle-cell disease is a group of hemoglobin disorders that
result from an inherited defective β-globin gene due to a valine
substitution for glutamate in position 6. It is an autosomal
recessive disease found in as many as 1 in 4 West Africans, but it
appears to be incompletely recessive. The defective hemoglobin
(HbS) appears normal in oxygenated states but forms insoluble
crystals with low oxygen tension; this leads to sickle-shaped
RBCs, which are prematurely destroyed. Heterozygotes are
generally asymptomatic, carrying only a few sickled RBCs, but
homozygotes can have very serious clinical disease. Affected
individuals may develop a painful crisis following stressors
such as a viral illness, trauma, hypothermia, or dehydration.
The disease is characterized by lifelong hemolytic anemia,
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-pro-glu-gluCCT GAG GAG
1.1

Figure 3 Experimental results

Biology

1.

Which of the following statements regarding the mutation
responsible for sickle-cell disease is/are true?

4.

A.

The Bohr effect results in a lower affinity for oxygen
at higher pH values.
B. An increase in 2,3-BPG concentration leads to a leftshifted hemoglobin dissociation curve.
C. Administration of hydroxurea leads to a left-shifted
hemoglobin dissociation curve.
D. High PCO2 levels lead to increased pH and a rightshifted hemoglobin dissociation curve.

I. The mutations are classified as missense.
II. The mutant gene codes for a hydrophobic
amino acid.
III. The mutation causes a shift in the reading
frame.
A.
B.
C.
D.
2.

I only
II only
I and II only
II and III only

5.

Which one of the following symptoms is most likely NOT
to be found in a sickle-cell patient?

Patient 2 = Individual II.c
Patient 3 = Individual I.a
B. Patient 2 = Individual II.c
Patient 1 = Individual I.a
C. Patient 1 = Individual II.c
Patient 2 = Individual I.a
D. Patient 1 = Individual II.c
Patient 3 = Individual I.a

Priapism (sustained erection) due to obstructed
venous outflow from penile vessels
B. Formation of a blood clot in the aorta
C. Increased infection rate due to loss of splenic
function
D. Visual changes due to vascular damage of the retina

Hemoglobin A1c is a glycosylated form of the normal
adult hemoglobin A and correlates with serum glucose
concentrations. Hgb A1c is typically less than 7% of the
total adult Hgb concentration. Hgb A1c levels increase
during the life span of an RBC. Which of the following
patients would be expected to have the most elevated Hgb
A1c levels?
A.

A 40-year-old female with known untreated cortisol
deficiency
B. A 21-year-old male with newly diagnosed diabetes
mellitus type I
C. A 65-year-old male with chronically low glucagon
levels
D. A 20-year-old female with diabetes mellitus type II
and sickle-cell anemia

According to Figures 2 and 3, which of the following
patient = individual matches is most likely correct?
A.

A.

3.

Which of the following statements is true regarding the
allosteric effectors of the hemoglobin dissociation curve?

6.

Clinical signs of sickle-cell anemia typically become
apparent when there is a switch from:
γ-globin chain to β-globin chain production at 4
weeks of life.
B. β-globin chain to γ-globin chain production at 4
weeks of life.
C. γ-globin chain to α-globin chain production at birth.
D. α-globin chain to γ-globin chain production at 15
weeks of life.

A.
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7.

As stated in the passage, HbS has been shown to confer
protection against malaria-causing protozoa. Which of the
following is the most likely reason for this protection?
A.

HbS stimulates a rapid rate of mitosis of RBCs that
dilutes the concentration of protozoa per cell.
B. HbS leads to a reduced oxygen affinity in RBCs
which, in turn, leads to a higher carbon dioxide
level; this increased acidosis in CO2-rich cells kills
the protozoa.
C. HbS leads to early RBC death which does not allow
enough time for the protozoa to reproduce fully.
D. HbS leads to sickled RBC nuclei, thus eliminating
the host cell machinery necessary for protozoal
reproduction.

8.

Patients with sickle-cell disease may suffer infarction
within their kidneys secondary to blockage of renal
vasculature. Consequently, they are unable to concentrate
their urine and become dehydrated more quickly than
unaffected individuals. Which of the following conditions
would NOT lead to the formation of dilute urine?
A.

Loss of the renal cortico-medullary concentration
gradient
B. Decreased permeability of collecting duct cells to
water
C. Activation of the renin-angiotensin axis
D. Destruction of the posterior pituitary

Passage 65 (Questions 1-9)
Some bacteria are pathogens that synthesize toxic substances
that give rise to a variety of disease symptoms. For example,
certain strains of bacteria cause food poisoning. A common
opportunistic organism is Staphylococcus aureus, a Grampositive cocci. S. aureus differs from some other bacteria in
that it causes illness by producing enterotoxins. The symptoms
associated with food poisoning are vomiting and diarrhea.
To identify the organism a test was conducted using the
laboratory procedure below:

1.

Throat cultures are sampled with lab swabs.

2.

Vessels of Robertson’s cooked-meat medium containing
7 to 10 mg NaCl were inoculated with the swab contents
and incubated overnight.

3.

The inoculate is plated on blood agar.

4.

The plates are examined to determine if there was partial
or complete decolorization of red corpuscles that would
indicate red blood cell lysis.

1.

The appearance of S. aureus can best be described as:
A.
B.
C.
D.
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spiral.
rodlike.
spherical.
asymmetrical.

Biology

A.
B.
C.
D.

3.

the proliferation of bacterial growth.
the action of the enterotoxin.
cytoplasmic streaming.
infection of the oral cavity.

Which of the following assumptions could justify Steps 3
and 4 of the procedure in searching for S. aureus?
A.
B.
C.
D.

9.

a decrease in body temperature.
a decrease in the number of phagocytic cells.
an increase in oxygen in the capillaries.
an increase in fluids entering the tissues.

Based on the symptom of diarrhea, the effect on the
digestive system is most likely:

S. aureus requires blood agar for incubation.
S. aureus requires blood agar for reproduction.
S. aureus produces an enterotoxin.
S. aureus produces hemolysis.

Which graph below would most likely depict the
population growth of S. aureus cultured from individuals
affected by food poisoning?
B.

A.

When pathogens invade tissues, they trigger an
inflammatory response which dilates blood vessels. This
leads to:
A.
B.
C.
D.

5.

8.

The symptoms such as vomiting and diarrhea are most
directly the results of:
A.
B.
C.
D.

4.

I only
III only
I and III only
II and III only

Pepsin
Trypsin
Lipase
Amylase

population

I. an obligate aerobe.
II. an obligate anaerobe.
III. a facultative anaerobe.
A.
B.
C.
D.

Which of the following enzymes begins the digestion of
the carbohydrates in contaminated food?

time

time

D.

C.

population

7.

population

S. aureus bacteria generally possess the enzymes citrate
synthase and pyruvate dehydrogenase. The organism can
grow in the presence or absence of free oxygen. S. aureus
can be classified as:

population

2.

time

time

A.

oversecretion of water into the large and small
intestine.
B. lack of water resorption in the stomach.
C. lack of pancreatic secretion.
D. lack of parasympathetic stimulation.

6.

The delay between ingestion of food and food poisoning
would most likely be the result of the time required for:
A.

the bacteria to produce significant levels of
enterotoxin.
B. the bacterial cell walls to lyse.
C. digestion of the food.
D. Gram-positive bacteria to reach the stomach.
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Passage 66 (Questions 1-5)
Cobalamin, more commonly known as vitamin B-12, is
essential for many metabolic functions and is not synthesized
by humans. Consequently, it must be absorbed efficiently from
the diet. The events leading to the absorption of vitamin B-12
are initiated in the stomach where peptic digestion releases
dietary cobalamin which then binds to gastric B-12 binding
proteins called R-binders. R/B-12 complexes are transported
to the duodenum where they are hydrolyzed by pancreatic
proteases. The released cobalamin then binds to intrinsic factor
(IF) secreted by parietal cells of the stomach. Formation of IF/B12 complex leads to the absorption of vitamin B-12 in the ileum.
The absorbed B-12 is then bound to a transport protein, transcobalamin, which delivers it to the liver and other cells of the
body.
Most deficiencies in cobalamin are caused not by an
insufficient dietary intake, but by a defect in the absorption of the
substance. Usually this results from the inadequate production
or impaired function of IF. In the disease pernicious anemia,
IgG antibodies are present which are specific for the parietal
cell. It is assumed that the immune response initiated by these
antibodies renders this cell unable to produce IF. There is also
evidence that antibodies against IF and the IF/B-12 complex
can be formed and produce similar symptoms. Among the many
symptoms of pernicious anemia is demyelination of both central
and peripheral nerves.

1.

According to the passage, one can infer that in the
absence of intrinsic factor, cobalamin will:
A.

be absorbed by the blood but not transported to the
appropriate cells.
B. be digested into its constituent amino acids.
C. not reach the blood.
D. be attacked by IgG.

2.

A patient suffering from pernicious anemia could
experience a deficiency in function of all of the following
areas of the nervous system EXCEPT:
A.
B.
C.
D.
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spinal cord white matter.
sympathetic ganglia.
motor nerve axons of skeletal muscle.
cerebellar white matter.
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3.

A treatment for pernicious anemia is developed in which
antibodies that bind anti-parietal cell IgG are developed
and then injected into pernicious anemia patients. The
function of these infused antibodies is most likely to:
A.
B.
C.
D.

4.

In a normal individual, cobalamin is absorbed within
fifteen minutes after it is swallowed. A patient suspected
to have pernicious anemia is given radioactive cobalamin
orally. In which of the locations would the presence of
radioactivity one hour after administration provide the
most evidence for this diagnosis?
A.
B.
C.
D.

5.

directly stimulate the parietal cell to produce IF.
bind to and facilitate uptake of IF.
inhibit the patient’s own anti-parietal cell antibodies.
prevent dissolution of the IF/B-12 complex.

Digestive tract circulation
The lumen of the large intestine
Ileal epithelial cell cytoplasm
The liver

The immune response in pernicious anemia is humoral.
The cells that produce these autoantibodies originate from
stem cells in the:
A.
B.
C.
D.

bone marrow.
spleen.
thymus.
liver.

Biology

Passage 67 (Questions 1-8)

1.

Cholecystokinin

Gastrin –

+
+
Food

Secretin
Parietal
Cells
+ Enzymes
+ HCO3

A.
B.
C.
D.

Chief
Cells
+ –
Pepsinogen
+
Pepsin

Vagus Nerve

HCl +
+ Intrinsic
– Factor

2.

Somatostatin

Knowledge of these intertwining regulatory mechanisms
has facilitated treatment of illnesses such as the duodenal
ulcer. Conservative ulcer treatment employs oral antacids.
More aggressive treatment has been pursued with vagotomy
(sectioning of the vagus nerve). However, this surgical approach
has given way to successful pharmacological therapies, involving
drugs which block H2 histamine receptors (cimetidine) or directly
inhibit acid secretion (omeprazole).

Gastrin
The vagus nerve
Food in the stomach
Histamine

Cholecystokinin functions in digestion to cause the
release of:
I. trypsinogen.
II. bile.
III. pepsinogen.

+

The diagram above displays the complexity of the hormonal
and neural regulation of gastrointestinal secretion. It shows the
major determinants of gastric and pancreatic secretory activity.
Other influences are not shown. For example, the sympathetic
nervous system has a generally inhibitory role on both motility
and secretion. Cholecystokinin causes the release of bile from
the gall bladder. Histamine, released by mast-like cells, binds
to H2 histamine receptors to cause increased parietal and chief
cell secretory activity. In fact, the effects of histamine, the
parasympathetic nervous system, and gastrin upon the parietal
cell are synergistic, meaning that the effect of two of these
together is greater than the sum of the individual effects.

Which of the following does NOT directly stimulate
parietal cells to secrete acid?

A.
B.
C.
D.
3.

Besides functioning in digestion, histamine also:
A.
B.
C.
D.

4.

I and II only
I and III only
II and III only
I, II and III

causes local blood vessel constriction.
mediates B cell clonal selection.
causes inflammation.
plays a role in antibody secretion.

It can be inferred from the passage that:
A.

somatostatin antagonizes the sympathetic nervous
system.
B. fatty acids in the duodenum favor gastric acid
secretion.
C. somatostatin stimulates pancreatic secretion.
D. gastrin inhibits its own release via a negative
feedback loop involving somatostatin.

5.

Which of the following are functions of the acid secreted
by the stomach?
I. Breakdown of food
II. Activation of pepsinogen
III. Elimination of bacteria swallowed with food
A.
B.
C.
D.

I and II only
II and III only
I and III only
I, II and III
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6.

In addition to inhibiting the digestive process, the
sympathetic system also:
A.

constricts the pupil, inhibits salivation, and
accelerates the heart rate.
B. relaxes the bronchi, slows the heart rate, and causes
the secretion of epinephrine from the adrenal glands.
C. dilates the pupils, accelerates the heart rate, and
stimulates glucose release from the liver.
D. constricts the bronchi, contracts the bladder, and
slows the heart rate.

7.

Which one of the following CANNOT be inferred from
the passage?
A.
B.
C.

The vagus is a parasympathetic nerve.
Somatostatin enters the gastric lumen.
No enzyme is required for the conversion of
pepsinogen to pepsin.
D. Excess gastric acid present in the duodenum
stimulates the secretion of secretin.

8.

An ulcer patient was given cimetidine, and the gastric H+
concentration was decreased by a factor of ten. When the
ulcer did not improve, a vagotomy was performed. Which
of the following resulted?
A.
B.
C.
D.

An increase in gastric pH
A decrease in gastric pH
Increased pancreatic secretion
Increased gastrin secretion

Passage 68 (Questions 1-8)
Essential functions of the kidney include maintenance of
electrolyte balance and fluid volume and regulation of blood
pressure. The functional unit of the kidney is a microscopic
tubule called the nephron. There are approximately 1.3 million
nephrons in each human kidney. The nephron is composed of
a long tube that begins surrounding a small capillary bed, thus
forming a structure called the glomerulus. If the renal tubule
is compared to a long balloon, the glomerular capillary bed
enveloped by the first part of the tubule can be compared to a
fist indenting the end of the balloon. The balloon surrounding
the fist is analogous to the epithelial cell layer of the tubule
which surrounds the glomerular capillary tuft to form Bowman’s
capsule. The nephron ends when it empties into a collecting duct,
which in turn empties into the calyces of the renal pelvis.
The glomerulus functions by filtering the liquid component
of plasma, that is, water and materials smaller than 8 nm in
diameter. (By comparison, a red blood cell is 7 µm in diameter.)
Filtration is selective not only for small molecules, but also
for those with positive charge. This serves to conserve plasma
proteins, which tend to be negatively charged. The selectivity
is determined mostly by the characteristics of the basement
membrane underlying the epithelial cells of Bowman’s capsule.
The glomerular basement membrane (GBM) is selective because
of its small pores and its negative charge. When it is damaged,
key plasma components leak into the urine. A classic example
is diabetes mellitus, where excess glucose damages the GBM,
eventually causing proteinuria (urinary protein loss).
The next step in nephron function after glomerular filtration
is selective reabsorption and excretion, performed by the
metabolically active columnar epithelium of the proximal
tubule. Key reabsorbed substances include glucose, protein, Na+,
Cl–, and Ca2+. Water passively follows the reabsorbed solutes.
Approximately 85% of the filtrate that enters the nephron from
the glomerulus is reabsorbed in the proximal tubule. Actively
secreted substances include uric acid and drugs. The mechanisms
of resorption and excretion can be overwhelmed, as in diabetes
mellitus where so much glucose is filtered that it cannot be
reabsorbed, and is excreted into the urine along with large
amounts of water.
The remaining components of the nephron further modify
the contents of the filtrate, according to the body’s need to dilute
or concentrate plasma and eliminate urea. The hormones ADH
(antidiuretic hormone) and aldosterone help control this activity.
Aldosterone stimulates the distal tubule to reabsorb Na+ ions in
exchange for excreted K+. This reabsorption of sodium leads to
increased serum osmolarity, thirst, water retention, and increased
blood pressure. Aldosterone secretion is stimulated by the renin–
angiotensin system, which regulates blood pressure.
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Biology

ADH is synthesized in the hypothalamus and released by the
posterior pituitary in response to increased plasma osmolarity or
decreased plasma volume. It causes the cells of the collecting
duct (the last part of the nephron) to reabsorb water. The
collecting duct is located in an area of the medulla with a very
high salt concentration. The walls of the duct are not intrinsically
permeable to water. ADH secretion increases the permeability of
the duct wall to water, permitting water to flow down the large
osmotic gradient. The water thus entering the medulla is carried
off by small blood vessels in the interstitium called the vasa recta.

1.

A.
B.
C.
D.

ADH stimulates synthesis of a basolateral Na+/K+
ATPase that pumps Na+ out of the urine and K+ into
the urine.
B. Aldosterone stimulates synthesis of a basolateral
Na+/K+ ATPase that pumps Na+ into the urine and K+
out of the urine.
C. ADH stimulates the synthesis of a tubular protein
which acts as a channel, permitting H2O to cross cell
membranes.
D. Aldosterone directly stimulates the release of ADH.

6.

7.

regulates plasma osmolarity.
is inhibited by increased urinary flow.
is directly related to the glomerular filtration rate.
can overcome concentration gradients.

It CANNOT be inferred from the passage that:

Long-term water deprivation has what effect?

A.
B.
C.
D.

I only
I and II only
I and III only
I, II and III

In the disorder diabetes insipidus, ADH secretion is
severely deficient. What is the result?
A.
B.
C.
D.

4.

In healthy people, secretion and reabsorption in the
proximal tubule:
A.
B.
C.
D.

I only
II only
I and II only
I, II, and III

A.
B.
C.

healthy people have no red blood cells in their urine.
the urine of diabetics would taste sweet.
all negatively-charged substances smaller than 8 nm
are excreted in the urine.
D. red blood cells may be present in the urine of
diabetics.

I. Decreased glomerular filtration rate
II. Increased secretion of ADH and aldosterone
III. Increased Na+ reabsorption.

3.

Which of the following statements about ADH or
aldosterone is correct, based on the passage?
A.

Extreme blood loss causes:
I. a decrease in the glomerular filtration rate.
II. an increase in ADH secretion.
III. an increase in aldosterone.

2.

5.

Decreased solute concentration in the urine
Increased blood pressure in the glomerulus
Decreased glucose concentration in urine
No effect on fluid excretion

8.

How might diabetes first be noticed?
A.
B.
C.
D.

An elevated concentration of urea in the urine
Weight loss and excessive thirst
An abnormally low level of glucose in the urine
Decreased plasma ADH

Assume 100 mL of plasma is filtered by the glomerulus
per minute. How much urine is produced?
A.
B.
C.
D.

At least 100 mL/min
Exactly 85 mL/min
Exactly 15 mL/min
A variable amount depending on the individual
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Passage 69 (Questions 1-8)
***ADVANCED PASSAGE***

C. Descending limb, loop of Henle. The descending limb
is permeable to water and moderately permeable to salt and
urea. The urine in the descending loop becomes hypertonic,
because water flows out of the tubule, drawn by the high solute
concentration of the inner medulla created by mechanisms
described below.

B

F
A

E. Thick ascending limb, loop of Henle. The thick limb is
impermeable to urea and water. It is thick because its cells are
metabolically active tall columnar cells. They use the energy of
ATP to actively pump Cl– out of the tubular fluid. Na+ follows this
chloride, drawn into the interstitium by the electrical potential
created by the movement of large amounts of Cl–. The result
is a decrease in the osmolarity of the tubular fluid, and most
importantly, a great increase in the solute concentration of the
medullary interstitium.

Cortex
E

Outer Medulla

C
G

Inner Medulla

D

The boxed segments of the nephron are described below.
A. Bowman’s capsule. Ultrafiltration, due to the high
hydrostatic pressure of blood in the glomerular capillary bed,
causes nearly 90% of serum fluid to enter Bowman’s capsule.
The filtrate is composed of water and small solutes such as salts,
nitrogenous wastes, glucose, amino acids, and vitamins.
B. Proximal tubule. The proximal tubule is permeable to
salts, urea, and water, and the fluid within is isosmotic to plasma.
Substances actively transported out of the tubule, or reabsorbed,
include glucose, amino acids, and Na+. Water passively follows.
Substances actively transported into the tubule, or excreted,
include K+ and H+. The H+ excretion results from the action of
carbonic anhydrase, which converts CO2 to H2CO3, which in turn
dissociates to H+ and HCO3–. Hence, for every H+ secreted, an
HCO3– is absorbed.
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D. Thin ascending limb, loop of Henle. The thin ascending
limb is impermeable to water but permeable to Na+, Cl–, and urea.
These ions flow out of the tubule into the interstitium. The result
is an increase in interstitial osmolarity and a decrease in tubular
fluid osmolarity.

F. Distal Convoluted Tubule
and
G. Collecting Duct. Because of the removal of so much
salt from the tubular fluid in the thick segment of the loop of
Henle, the fluid arriving at the distal tubule is hypotonic to the
original filtrate arriving in the proximal tubule. In contrast to
the proximal tubule and loop of Henle, where permeabilities are
fixed, the permeability of the distal nephron to water, urea, and
salts is under hormonal control. Here the final modifications of
urine take place. The influences of ADH (antidiuretic hormone)
and aldosterone on this segment are the prime determinants of
urinary volume and osmolarity. ADH causes reabsorption of
water by making the distal tubule permeable to water. Because
of the very high solute concentration of the inner medulla, water
will flow by osmosis out of the tubule when the tubule becomes
permeable. The solutes concentrated in the medulla are NaCl,
derived from the pumping of the thick ascending limb, and urea,
which is concentrated in the medulla by a complex mechanism.
This reabsorbed water is carried off by the vasa recta, long
capillary loops which parallel the renal tubules. Aldosterone
causes the reabsorption of sodium and the excretion of potassium.
The resulting increase in serum sodium concentration results in
thirst, water retention, and increased blood pressure.

Biology

1.

Active transport of ions occurs in the:

5.

I. proximal tubule.
II. thin ascending limb.
III. thick ascending limb.
A.
B.
C.
D.
2.

I only
III only
I and III only
I, II and III

A.
B.
C.
D.
6.

In order for the loop of Henle to make filtrate more
concentrated than plasma, which of the following must be
true?

3.

A.
B.
C.
D.

I only
II only
I and III only
I, II, and III

8.

Excess urea is produced
Little urea is produced
Sodium balance is impaired
Potassium balance is impaired

The drug acetazolamide inhibits the action of carbonic
anhydrase in the kidney, which catalyzes the reaction:
CO2 + H2O → H2CO3. What effect would the drug have
on kidney function?
A.
B.
C.
D.

In which region(s) of the nephron is the urine hypertonic
compared to plasma?
I. Descending limb of the loop of Henle
II. Upper part of thick ascending limb of the loop
of Henle
III. The collecting duct in the presence of ADH

4.

7.

Antidiuretic hormone
Aldosterone
Parathyroid hormone
Oxytocin

A low protein diet is associated with a reduction in the
ability of the kidney to concentrate urine. Which of the
following is a plausible explanation?
A.
B.
C.
D.

A.

The descending and ascending limbs of the loop of
Henle must have the same permeability to water.
B. The loop of Henle must go deep into the renal
medulla, and the medulla must have a very high
solute concentration.
C. The proximal tubule must actively transport glucose,
amino acids, and NaCl into the interstitial space.
D. ADH must not be present.

Which of the following hormones does NOT play a role
in regulation of kidney function?

Decrease plasma pH
Increase plasma CO2 concentration
Increase urine osmolarity
Increase H+ secretion

What solutes are responsible for the osmotic gradient in
the renal medulla?
A.
B.
C.
D.

Urea and NaCl
NaCl and KCl
Glucose and H+
H+ and NaCl

The thick ascending limb of the loop of Henle:
I. is not permeable to water or urea.
II. creates hypotonic urine.
III. would be expected to have many mitochondria.
A.
B.
C.
D.

I only
I and II only
II and III only
I, II, and III
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Passage 70 (Questions 1-9)
Compact bone is organized into Haversian systems, each
consisting of a central canal surrounded by concentric rings
of mineralized matrix. The matrix, made up of collagen and
hydroxyapatite (calcium phosphate crystals), is secreted by
osteoblasts, which gradually become embedded in their own
secretions. These imprisoned bone cells can no longer divide and
are called osteocytes. The other major cell type in bone is the
osteoclast. This is a multinucleate phagocyte derived from the
same stem cells as the blood-borne monocyte (the macrophage
precursor cell). Its function is to destroy bone by dissolving it in
acidic secretions. Osteoblasts and osteoclasts continually deposit
and resorb bone. This process is known as bone remodeling.
Three hormones control the activity of these cells and
the availability of calcium and phosphate. Their effects are
summarized in the table below. (Renal/intestinal uptake denotes
the degree of extraction of the substance from food and the
degree of reabsorption from the renal tubular filtrate.) Calcitonin
is made by the C cells of the thyroid gland. Calcitriol is made
from vitamin D, which is derived either from the diet or from
cholesterol. Cholesterol can be converted to vitamin D by a
series of reactions, one of which requires the ultraviolet light
of direct sunshine. Parathyroid hormone (PTH) is made in the
parathyroid glands. It stimulates the conversion of vitamin D to
calcitriol, among other activities.

and skeletal deformations which occur in many elderly women.
In fact, women lose an average of 1.5% of their bone mass each
year after menopause. The explanation is that estrogen promotes
both deposition of calcium into bone and renal and intestinal
retention of calcium.
Estrogen replacement therapy has proved successful in
treatment of osteoporosis in post-menopausal women. Estrogen
is given both preventatively and in order to halt the progress
of advanced osteoporosis. Exercise and adequate calcium and
vitamin D intake throughout life are also essential for prevention
and slowing of the disease. Up to age 35, these preventative
measures lead to increased bone mass; thereafter, the steady
decrease in bone mass which occurs with age can be retarded.
Another strategy is the administration of calcitonin, which can
stabilize bone. Finally, a new group of drugs, the diphosphonates,
may prove capable of reversing or slowing very severe
osteoporosis.

1.

A.
B.
C.

necessary for the intestinal absorption of calcium.
derived from cholesterol.
really only a vitamin for some people, some of the
time.
D. not required in the diet.

—Hormone—
Calcitonin

Calcitriol

PTH

↑

↓

↓

↓

↑

↑

Renal/Intestinal
Ca2+ uptake

↓

↑

↑

Renal/Intestinal
PO42– uptake

↓

↑

↓

Osteoblast
Activity
Osteoclast Activity

Defects in bone fall into two broad categories: osteomalacia
and osteoporosis. Osteomalacia is softening of bone due to
defective mineralization; the ratio of hydroxyapatite to collagen
is abnormally low. The classic cause of osteomalacia is vitamin
D deficiency. In children it is known as rickets. The affected
child has abnormally soft bones, and the skeleton deforms during
growth.
Osteoporosis is weakening of the bone due to an imbalance
between resorption and deposition; the ratio of mineral to protein
is normal. Osteoporosis is most common in post-menopausal
women, in whom estrogen concentrations are much lower than
before menopause. It is the reason older women are so prone to
spine, hip, and other fractures; it also causes the loss of height

624

|

© The Princeton Review, Inc.

A vitamin is defined as a chemical which is required in
the diet because it is necessary for life but cannot be
synthesized. By this definition, vitamin D is:

2.

Calcitriol acts via:
A.
B.
C.
D.

3.

a second messenger.
changing the transcription of specific genes.
binding a receptor on the cell surface.
adenylate cyclase activation.

It can be inferred from the passage that collagen:
I. has a normal structure in osteoporosis.
II. has a normal structure in osteomalacia.
III. requires vitamin D for proper synthesis.
A.
B.
C.
D.

II only
III only
I and II only
I, II, and III

Biology

4.

Based on the passage, which of the following is an
accurate generalization about the activity of a hormone?

8.

A.

Estrogen’s primary function in the female body is to
increase bone mass.
B. Estrogen increases both calcium deposition in bone
and calcium uptake by the kidney and the intestine.
C. Calcitonin’s primary function is to increase the
amount of calcium deposited into bone.
D. Parathyroid hormone decreases the amount of
calcium in the body.

5.

are synthesized in the parathyroid gland.
cause a net increase in bone deposition.
are secreted in response to changes in calcium
concentration in the blood.
D. are regulated by thyroid stimulating hormone.

6.

Which of the following does NOT correctly describe cells
involved in bone synthesis?
A.

The cells which synthesize bone die after
surrounding themselves with mineralized matrix.
B. Osteoclasts are derived from the bone marrow.
C. Osteocytes are immobilized in spaces called lacunae
which are connected by channels called canaliculi.
D. Osteocytes are derived from fibroblasts.

7.

I. It is more prevalent in industrialized societies
and in colder climates.
II. It results from the absence of the effects of
calcitriol upon osteoblasts and osteoclasts.
III. It is very rare in the United States today
because of the fortification of milk and other
foods with synthetic vitamin D.
A.
B.
C.
D.

Both calcitonin and parathyroid hormone:
A.
B.
C.

Which of the following is/are probably accurate regarding
rickets?

9.

I only
II only
I and III only
I, II, and III

What are the characteristics of bone in people with
osteoporosis and osteomalacia?
A.

Increased density in osteomalacia, decreased density
in osteoporosis
B. Decreased protein in osteoporosis, normal protein in
osteomalacia
C. Increased minerals in osteomalacia, decreased
minerals in osteoporosis
D. More brittle bones in osteomalacia, more flexible
bones in osteoporosis

Based on the passage, women in their twenties should be
advised to:
A.
B.
C.
D.

ask their doctors about estrogen therapy.
avoid strenuous exercise.
take calcium and vitamin D supplements.
avoid birth control pills if they are concerned about
osteoporosis in their later years.
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Passage 71 (Questions 1-6)

1.

Peristaltic smooth muscle contractions of the small intestine
are essential to digestion and are under the control of two
competing neural pathways, noradrenergic and cholinergic.
Stimulation of noradrenergic fibers causes the release of
norepinephrine and epinephrine, which inhibit smooth muscle
contractions. Stimulation of cholinergic fibers causes the release
of acetylcholine (ACh), which stimulates smooth muscle
contractions. These two systems work together to regulate
smooth muscle contraction and digestion.
The regulatory effects of these two competing nervous
pathways have been demonstrated in the laboratory. To study the
effects of cholinergic and noradrenergic neural stimulation on
smooth muscle contraction in the rabbit, various concentrations
of ACh, norepinephrine, and epinephrine were applied to the
ileum of a rabbit.

A.
B.
C.
D.
2.

3.

Step 2: The same procedure was
norepinephrine in similar concentrations.

repeated

using

Step 3: ACh was added to restimulate muscle contractions.
After a one-minute waiting period, epinephrine was added
in order to determine its depressive effect. One minute later,
ACh was reapplied to the preparation in order to determine its
excitatory effect.
Results: When norepinephrine and epinephrine concentrations were increased relative to constant ACh levels, muscle
contractions were predictably and significantly inhibited. The
degree of inhibition was directly proportional to the relative
amounts of noradrenergic and cholinergic neurotransmitters
present.
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Digesting food one hour after a large meal
Watching a frightening movie
Running in the second half of a marathon
Performing a difficult task under pressure

After a meal, when will the greatest amount of
acetylcholine be released?
A.
B.
C.
D.

Experiment:
Step 1: A 2- to 3-cm strip of mature rabbit ileum was
removed from an animal and was attached to a kymograph, a
device designed especially for the study of muscle contractions.
Preparation temperature was maintained between 35°C and 36°C,
and the sample was kept well-aerated. Acetylcholine was applied
to stimulate contractions and then epinephrine was added to the
preparation in concentrations ranging from 0.4 to 0.8 µg per l00
mL of bath solution. This was done in order to determine the
minimum dose required to inhibit contractions.

Which of the following activities will NOT cause the
release of epinephrine in large quantities?

Within the first two hours
After 6 hours
After 10 hours
After an all-night fast

In the experiment, muscle contractions were significantly
decreased because epinephrine causes:
A.
B.

an immediate increase in levels of ACh.
an increase in smooth muscle fiber nervous
stimulation.
C. a decrease in the number of cholinergic fibers.
D. a decrease in the effect of acetylcholine on smooth
muscle activity.

4.

To conclude that both epinephrine and acetylcholine are
supplied to stomach smooth muscle by nerve fibers, what
information would be necessary?
A.

Denervation of rabbit stomach muscle decreases
food absorption.
B. Denervation of rabbit stomach muscle decreases
both contractions and inhibition of contractions.
C. Epinephrine has an antagonistic effect to
acetylcholine.
D. Acetylcholine and epinephrine have similar
functional groups.

Biology

5.

In stimulating peristaltic activity, acetylcholine is an
organic molecule that has the effect of causing:
A.

a decrease in actin–myosin contractions due to
increased intracellular Ca2+ concentration.
B. a decrease in actin–myosin contractions due to
decreased ATP concentration.
C. an increase in actin–myosin contractions due to
increased intracellular Ca2+ concentration.
D. an increase in actin–myosin contractions due to
decreased ATP concentration.

6.

Why was the degree of inhibition in the experiment
directly proportional to the relative amounts of
neurotransmitters?
A.

Acetylcholine and epinephrine bind to each other in
the synapse in a one-to-one ratio.
B. Inhibition and excitation cause opposing ion fluxes.
C. After a certain point, acetylcholine’s effects
dominate over epinephrine’s.
D. After a certain point, only excitatory effects are
registered by the cell.

Passage 72 (Questions 1-9)
The muscular activity of the gastrointestinal (GI) tract is
important for three reasons: gastric motility helps to fragment and
dissolve food, intestinal motility helps to mix food with digestive
secretions, and gastrointestinal smooth muscle is essential for the
movement of food down the digestive tract.
We have conscious motor control over the beginning and end
of the GI tract. Chewing (mastication) is under voluntary motor
control, and swallowing (deglutition) is under both voluntary
and autonomic control. The motility of the lower esophagus,
the stomach, and the entire intestine is under control of the
autonomic nervous system. Finally, defecation is under both
voluntary and autonomic control; the last ring of muscle in the
GI tract is called the external anal sphincter, and it is under
voluntary motor control.
Histological studies demonstrate that the digestive tract is
composed of four layers (tunics), two of which contain muscle.
The innermost layer is the tunica mucosa, composed of columnar
epithelium surrounding the lumen of the digestive tract. The
mucosa is where absorption of nutrients occurs, and is also
the first line of defense against toxic substances in the GI tract.
The mucosal cells are continually sloughed off and replaced;
this gives the intestines resiliency, but also makes them very
vulnerable to inhibitors of cell division, such as anti-cancer drugs.
The tunica mucosa also includes a thin layer of smooth muscle.
Encircling the tunica mucosa is the tunica submucosa, which
contains glands, blood vessels, lymph vessels, and nerves.
The third layer is the tunica muscularis, which consists of an
inner layer of circular muscle, a nerve plexus which controls GI
motility, and an outer layer of longitudinal muscle. Disordered
contraction of the smooth muscle of the muscularis moves food
back and forth, facilitating mixing and contact with the mucosa.
A more ordered form of contraction, known as peristalsis, propels
food down the GI tract. In peristalsis, the circular muscle above
the bolus contracts, the circular muscle below the bolus relaxes,
and longitudinal muscle surrounding the bolus contracts. In
this way, circular muscles act like valves, promoting one-way
movement, while longitudinal muscle acts to pull the intestine
up over the bolus. The result is that the food moves down relative
to the intestinal wall. The outermost layer of the digestive tract is
the tunica serosa, composed of connective tissue.
Adapted from: Human Anatomy and Physiology, A. P. Spence, Ph.D. and E. B. Brown,
Ph.D. ©1992 by West Publishing Co., St. Paul; and from Essentials of Anatomy and
Physiology, R. R. Seeley, Ph.D., T. D. Stephens, Ph.D. and P. Tate, D. A. ©1991 by
Mosby-Year Books, Inc., St. Louis, MO.
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1.

The muscles involved in mastication are under direct
control of the:
A.
B.
C.
D.

2.

mastication.
deglutition.
peristalsis.
defecation.

Muscle cell contractions during peristalsis are initiated by
the:
A.
B.

flow of Ca2+ ions into the cytosol.
binding of Ca2+ ions to tropomyosin. C.
binding
of Ca2+ ions to troponin.
D. flow of Ca2+ ions into the extracellular space.

6.

All of the following are necessary for movement of food
through the GI tract EXCEPT:
A.
B.
C.
D.
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A.
B.
C.
D.
9.

Poor digestion of carbohydrates
Poor digestion of proteins
Deficiency of fat-soluble vitamins
Deficiency of water-soluble vitamins

sphincter muscles.
longitudinal muscles.
circular muscles.
nerve plexi in the tunica muscularis.

© The Princeton Review, Inc.

T tubules are present in muscles responsible for:
I. mastication.
II. mixing in the small intestine.
III. peristalsis.

I only
II only
I and II only
I, II and III

Striated muscles are involved in all of the following
processes EXCEPT:
A.
B.
C.
D.

5.

8.

Gall stones are crystallized bile acids which may block
the bile duct. What do they cause?
A.
B.
C.
D.

4.

Mucosal cells divide very frequently.
The treatment suppresses the immune system,
leading to overgrowth of gastrointestinal bacteria.
C. Chemotherapy causes psychiatric problems
including extreme anxiety and anorexia.
D. These symptoms result from the cancer, not from the
chemotherapy.

Deglutition is accomplished by which of the following
muscle type(s)?

A.
B.
C.
D.

Why does chemotherapy for cancer cause diarrhea and
malnutrition?
A.
B.

autonomic nervous system.
somatic nervous system.
neuroglia cells.
brain stem.

I. Smooth
II. Striated
III. Cardiac

3.

7.

I only
III only
II and III only
I, II, and III

Many toxins are capable of doing more physical damage
when inhaled than when ingested. What is the best
explanation for this?
A.

It is harder for a toxin to diffuse across the
respiratory membrane.
B. Respiration is a more critical process than digestion.
C. The digestive system is specialized for absorption.
D. The cells that line the digestive tract are
continuously replaced.

Biology

Passage 73 (Questions 1-8)
Parasympathetic innervation of the gastrointestinal (GI) tract
involves a long myelinated preganglionic neuron, which has
its cell body in the spinal cord, and a very short unmyelinated
postganglionic neuron, which has its cell body in a ganglion and
sends its axon to the target organs. A ganglion is a collection of
cell bodies and synapses located outside the CNS. The pre- and
postganglionic neurons may release different neurotransmitters.
Each neurotransmitter has its effect by binding to a particular
receptor. Often the same neurotransmitter may bind to one
of several different receptor proteins, which are present on
different types of neurons. A given receptor can be blocked by
drugs that do not block the action of the neurotransmitter at
its other receptors. The nicotinic receptor, for example, is one
of the receptors that binds acetylcholine (ACh). It is found on
postganglionic autonomic neurons and on the motor end plates
of skeletal muscle.

1.

A.

muscle contraction is not a direct result of ACh
acting upon nicotinic receptors at the muscle
membrane.
B. preganglionic sympathetic nerves have nicotinic
ACh receptors.
C. contraction occurs upon parasympathetic nerve
stimulation.
D. nicotinic receptors play no role in stimulating
contraction.

2.

A.
B.
C.
D.

Experiment 1:

3.

Preganglionic parasympathetic nerves were stimulated
electrically. Contraction was observed once again.

Tetrodotoxin, which blocks voltage-gated sodium channels,
was carefully microinjected into the connective tissue sheath
surrounding preganglionic axons so that only they were exposed
to the drug. Contraction failed to occur when these preganglionic
nerves were stimulated electrically, but did occur when the
artificial form of acetylcholine was injected.

4.

II only
III only
I and III only
I, II, and III

The function of tetrodotoxin in experiment 3 was to:
A.
B.
C.
D.

Experiment 2:

Experiment 3:

Chemicals which prevent the degradation of synaptic ACh
are known as acetylcholinesterase inhibitors. (Examples
include the drug neostigmine and the insecticide
malathion.) What effects do they have?
I. Increased amounts of ACh escaping from
synapses into the bloodstream
II. Immediate and intense involuntary contraction
of all skeletal muscles
III. Increased gastrointestinal motility

The following experiments were performed to characterize
the neurotransmitters involved in the contraction of GI smooth
muscle in response to parasympathetic nerve stimulation. GI
smooth muscle in a rat was exposed and subjected to various
treatments.

An artificial form of ACh was injected systemically
(throughout the body), and contraction of the exposed GI smooth
muscle was observed.

Experiment 4 was used to prove that:

ensure neurotransmitter release.
directly prevent neurotransmitter release.
prevent muscle depolarization.
prevent action potentials.

Smooth muscles play the major role in contraction of all
of the following EXCEPT the:
A.
B.
C.
D.

uterus.
aortic arch.
heart.
airways of the lungs.

Experiment 4:
A drug that blocks the action of ACh at nicotinic receptors
was injected systemically. This prevented the exposed smooth
muscle from contracting when preganglionic nerves were
stimulated electrically but did not prevent contraction upon
electrical stimulation of postganglionic nerves or upon systemic
injection of the artificial form of ACh.
Adapted from Human Physiology, 5th edition, by Arthur J. Vander, James H. Sherman,
and Dorothy S. Luciano, ©1990 by McGraw-Hill.
© The Princeton Review, Inc.
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5.

Which of the following properties is shared by both
smooth and skeletal muscle?
A.
B.
C.
D.

6.

Microscopic banded appearance
Actin–myosin cross-bridging causes contraction
Not under direct voluntary control
Can be excited or inhibited by nerve stimulation

The first step in the contraction of smooth muscle is:
A.
B.
C.

binding of cross-bridges to actin.
a cross-bridge cycle producing tension.
the use of a phosphate from ATP to phosphorylate
myosin.
D. an increase in cytosolic calcium.

7.

The tetrodotoxin used in experiment 3 might affect each
of the following EXCEPT:
A.
B.
C.
D.

8.

postganglionic parasympathetic axons.
skeletal muscle.
axon hillocks.
binding of ACh to its receptor.

Each of the following correctly characterizes smooth
muscle EXCEPT:
A.
B.
C.
D.

Passage 74 (Questions 1-8)
A single skeletal muscle is composed of numerous myofibers.
Each myofiber is a long multinucleated cell which contains
many thick and thin filaments. Thick filaments are composed of
the protein myosin, and thin filaments consist of the polymeric
protein actin. The filaments are organized into sarcomeres,
which form the contractile unit of skeletal muscle and give it its
characteristic striated appearance.
In the sliding filament model of muscle contraction, the
thin and thick filaments slide along one another in a process
which is spontaneous in the presence of ATP and calcium. The
contractile process is spontaneous in that the myosin head group
has an intrinsic affinity for certain binding sites on the actin
polymer, and once it has bound such a site, a myosin head will
spontaneously bend inward on itself, pulling the actin chain past.
This movement is known as the power stroke. After the power
stroke, myosin remains bound to actin until an ATP molecule
becomes available. Upon binding ATP, myosin releases actin,
and then spontaneously unbends itself, hydrolyzing the bound
ATP to ADP + Pi in the process. The myosin head is now ready
for another cycle of contraction.

1.

During muscle contraction, each of the following
decreases EXCEPT the:
A.
B.
C.
D.

sarcomeres are the basic contractile unit.
its cells are mononucleated.
it has no T-tubule system.
though it can generate less force than skeletal
muscle, it can shorten by a greater percentage.
2.

During or after muscle contraction, each of the following
occurs EXCEPT:
A.
B.
C.
D.

3.

|
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the length of the thick and thin filaments decreases.
the thick and thin filaments slide along one another.
calcium is released into the muscle cell cytoplasm.
calcium is actively transported from the cytoplasm
into the sarcoplasmic reticulum.

Cardiac and skeletal muscle are similar because both:
A.
B.
C.
D.

630

A band.
I band.
sarcomere length.
distance between Z lines.

are striated.
contain intercalated discs between cells.
are multinucleated.
None of the above

Biology

4.

The amount of ATP stored in muscle can only sustain
contraction for less than a second. However, vertebrate
muscles contain a large amount of creatine phosphate.
Creatine phosphate:
A.
B.

phosphorylates myosin.
contains a high-energy phosphate bond that can be
transferred to ADP to make ATP.
C. catalyzes the formation of ATP from ADP.
D. can bind the myosin head, breaking cross-bridges.

5.

Smooth muscle and skeletal muscle are similar in that:
A.
B.

both are entirely under voluntary control.
both regulate cross-bridge formation via the
tropomyosin/troponin complex.
C. contraction is stimulated by the rise of cytosolic
calcium concentrations.
D. both achieve increased force through motor unit
recruitment.

6.

Rigor mortis is a constant contracted state of the
musculature which occurs soon after death. It results from
the:
A.
B.

destruction of muscle cells.
inability of myosin cross-bridges to move actin
molecules.
C. inability of myosin cross-bridges to bind actin.
D. inability of myosin cross-bridges to release actin.

7.

Which of the following is the most direct effect of an
action potential initiated in a skeletal muscle by means of
a motor neuron?
A.
B.

Binding of myosin heads to actin filaments
Removal of the tropomyosin/troponin complex from
the myosin binding sites on actin
C. Hydrolysis of ATP bound to myosin
D. Release of calcium from the sarcoplasmic reticulum

8.

Action potentials can travel down a motor neuron
frequently enough to cause a smoothly sustained
contraction called:
A.
B.
C.
D.

a twitch.
tetanus.
the all-or-none phenomenon.
rigor mortis.

Passage 75 (Questions 1-8)
The sarcomere is the contractile unit of skeletal muscle. It
is primarily composed of two proteins: actin and myosin. In
solutions of low ionic strength, actin is a monomeric protein with
a globular shape. In ionic solutions comparable to a physiological
environment, actin polymerizes into a helical filament. Myosin is
composed of six polypeptide chains: two identical heavy chains
and four light chains.
Electron micrographs reveal the structure of the sarcomere
(see figure 1). The sarcomere is bounded by Z lines, which
are composed of α-actinin. Thin filaments, composed of actin,
are bound to the Z lines and extend toward the M line with a
specified polarity. The polarity of the thin filaments is manifested
when myosin binds to them. This complex is called a decorated
filament and creates an arrowhead pattern, which points away
from the Z line. The thick filament, myosin, is bipolar with the
heads of the filament pointing in opposite directions on either
side of the H zone. The H zone is the region of the thick filament
devoid of myosin heads.
During muscle contraction, the thin and thick filaments slide
over one another, causing the Z lines to move closer together.
The biochemistry of muscle contraction involves a complex
interaction among actin, myosin, ATP, and other components.
The following experiments were performed to better understand
these biochemical processes.
Experiment 1:
Purified actin and myosin were added to a solution, and the
viscosity of the solution increased dramatically. When ATP was
added to the mixture, the viscosity decreased.
Experiment 2:
Magnesium ions were added to the solution from Experiment 1.
ATP hydrolysis was observed, and the viscosity increased.
Experiment 3:
Magnesium ions and ATP were added to an extract from
minced muscle. ATP hydrolysis was not observed.
Experiment 4:
Calcium was added to the extract from Experiment 3. ATP
hydrolysis was observed.

© The Princeton Review, Inc.
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Thin filament
Thick filament

Sarcomere

4.

Why do muscle fibers stretched beyond a certain point
lose the ability to contract?
A.
B.

ATP is no longer available.
The separation of Z lines tears the thick filaments in
half.
C. The thick and thin filaments no longer overlap.
D. Overstretching muscle does not prevent it from
contracting.

H zone
A band

Z line

M line

I band

5.

Figure 1

A.
B.

is required for the ATPase to function.
changes troponin’s conformation, allowing myosin
to bind actin.
C. binds to myosin, allowing myosin to bind to actin.
D. binds to actin, causing it to bind to myosin.

Adapted from Biochemistry, 5th ed., by Lubert Stryer, ©1988 by Walter H. Freeman.

1.

Which of the following best explains the results of
Experiment 1?
A.

Myosin binds to and spontaneously dissociates from
actin filaments over time.
B. Myosin spontaneously binds to actin, and adding
ATP causes actin and myosin to dissociate.
C. Myosin spontaneously binds to actin, and adding
ATP causes actin to depolymerize.
D. Myosin binds to actin, increasing the viscosity. ATP
then binds to actin causing actin and myosin to
dissociate, decreasing the viscosity.

2.

What happens to the length of thick and thin filaments
during muscle contraction?

6.

Rigor mortis, the rigidity of skeletal muscle after death,
occurs when:
A.
B.

there is no more ATP to attach myosin to actin.
inorganic phosphate does not dissociate, which
inhibits the power stroke.
C. ADP detaches from myosin, causing it to detach
from actin.
D. there is no more ATP, which leaves myosin bound to
actin.

7.

A.
B.
C.

3.

ATP hydrolysis was observed in Experiment 4 because
calcium:

Creatine phosphate is a molecule with a high-energy
phosphate bond which:

They both stay the same length.
They both decrease in length.
The thin filaments stay the same length, but the thick
filaments decrease in length.
D. The thick filaments stay the same length, but the thin
filaments decrease in length.

I. is used to generate ATP from ADP.
II. has a more positive free energy of hydrolysis
than ATP.
III. can be hydrolyzed to creatine + Pi, with ∆G > 0
for the reaction.

ATP hydrolysis was not observed in experiment 3
because:

A.
B.
C.
D.

I only
I and II only
I and III only
II and III only

A.

magnesium is not required for myosin to hydrolize
ATP.
B. magnesium inhibits ATP hydrolysis in cell extracts.
C. ATP could not bind to myosin.
D. there was no ATPase present to hydrolyze ATP.
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8.

ATP is a convenient carrier of energy because:
A.

its releases more energy upon hydrolysis than any
other molecule in the body.
B. it has phosphate groups with an intermediate transfer
potential.
C. it has such a specific and limited role.
D. it is present in selected cells.

Biology

Passage 76 (Questions 1‑6)
Muscle contraction is governed by several factors, including
the availability of intracellular Ca2+. Ca2+ levels are themselves
dependent on motor nerve impulses that initiate an action
potential in the muscle cell membrane.
Two principal proteins interact in skeletal muscle contraction:
actin, which is a long helical chain constituting the thin filament
of muscle fiber, and myosin, assembled as a double-stranded
helix. The myosin molecule has globular heads and helical tails.
Together the heads and tails create the thick filament of muscle
fiber. Each head contains a distinct actin-binding site and ATPhydrolyzing site. When actin and myosin are free to interact, thin
and thick filaments slide relative to one another and the muscle
contracts.
A different set of proteins regulates the sliding of the actin and
myosin filaments. These are troponin, with subunits of troponin
I, troponin T, and troponin C, and tropomyosin, a filamentous
molecule with an α-helical secondary structure. In the relaxed
position the troponin is bound to tropomyosin while tropomyosin
lies lengthwise across actin in such a way as to cover the binding
sites of actin.
Research has revealed that Ca2+ binds to a specific site on
troponin in skeletal muscle, inducing conformational changes
in troponin and tropomyosin that ultimately result in muscle
contraction. Research also reveals that troponin and tropomyosin
prevent muscle contraction by inhibiting binding between actin
and myosin. This suggests that intracellular Ca2+ causes muscular
contraction by reversing the inhibitory action of troponin and
tropomyosin.
To assess the role of intracellular Ca2+ in skeletal muscle
contraction, Ca2+ release in living muscle cells was examined.
Aequorin, a protein isolated from a jellyfish, was employed for
its bioluminescent properties. Aequorin releases photons when it
binds to Ca2+, and thus signals the presence of Ca2+.

Experiment 2 was a repetition of Experiment 1 except that
the muscle fiber was not permitted to reaccumulate Ca2+ after
releasing it. The muscle fiber emitted a brief flash of light
immediately before contraction occurred. Contraction was
sustained; relaxation did not occur.

1.

Which of the following could NOT be associated with
striated muscle contraction?
A.
B.
C.
D.

2.

Which of the following would most likely be abundant in
active skeletal muscle cells?
A.
B.
C.
D.

3.

Simple reflex arc of the knee
Pumping of the heart
Peristalsis of the digestive tract
Motion of the fingers

Secretory vesicles
Mitochondria
Gap junctions with neighboring cells
Voltage-gated calcium channels in the plasma
membrane

In Experiment 2, the muscle cell continued to contract
when Ca2+ remained in the cell because Ca2+ causes:
A.

troponin and tropomyosin to prevent interaction
between actin and myosin.
B. release of actin-myosin inhibition by troponin and
tropomyosin.
C. depletion of ATP within the muscle.
D. absorption of glucose within the muscle.

Experiment 1:
Step 1: A single intact muscle fiber was carefully isolated
from the leg of Rana pipiens and bathed in fluid to maintain its
function.
Step 2: The muscle fiber was injected with aequorin and
stimulated to contract. Changes in light emission were measured
with a photodetector.
Results: The muscle fiber emitted a brief flash of light
immediately before contraction. Contraction was followed by
relaxation.

© The Princeton Review, Inc.

|

633

MCAT Science Workbook

4.

Which of the following pieces of information, if true,
would support the conclusion that interaction between
Ca2+ and troponin/tropomyosin proteins induces muscle
contraction?
A.

Myosin and actin in vitro cannot produce contractile
action in the absence of troponin/tropomyosin
proteins.
B. Myosin and actin alone produce contractile action in
vitro which is not affected by calcium.
C. Ca2+ cannot bind to troponin in the presence of
myosin and actin.
D. Contractile action by myosin and actin alone is
stimulated by calcium in vitro in the absence of
troponin/tropomyosin proteins.

5.

Intracellular calcium levels in the muscle cell increase as
the result of a(n):
A.

action potential, causing influx of Ca2+ from adjacent
cells.
B. action potential, causing release of Ca2+ from the
sarcoplasmic reticulum.
C. feedback mechanism, causing an increase in
sequestering of Ca2+ by sarcoplasmic reticulum.
D. feedback mechanism, causing an increase in ATPase
activity in myosin.

6.

In Experiment 1, what was indicated by the brief flash of
light emitted directly before contraction?
A.
B.
C.
D.

ATP was present.
ATP was degraded.
Ca2+ was present.
Ca2+ was degraded.

Passage 77 (Questions 1-6)
The skin is the largest organ in the human body, com
prising approximately 15% of total body weight. Its pri
mary roles are to provide a barrier against various harmful
agents, to serve as a sensory organ, and to help regulate body
temperature and fluid content. Ambient temperature is the main
factor influencing the vasculature of the skin. Normal body
temperature is a physiological set point; that is, it is maintained
by active compensatory processes. Maintenance of the set point
is a complex task involving somatic, autonomic, and endocrine
systems.
An increase in ambient temperature requires greater heat loss
and reduction of heat production. In a warming environment,
heat loss is enhanced by sweating (leading to evaporation) and
dilation of cutaneous vessels (promoting cooling of the blood
by conduction). In addition, heat production is diminished by
a decrease in thyroxine secretion by the thyroid which occurs
over a period of weeks; this decreases metabolic activity. In the
brain, the preoptic region and the anterior hypothalamus mediate
responses that result in heat loss.
A decrease in external temperature causes the body to engage
in heat production and reduction of heat loss. Hence it elicits
shivering and an increase in thyroid hormone over a period
of weeks. It also elicits reduction of heat loss by piloerection
(the bristling of skin hairs) and constriction of the cutaneous
vessels, both of which result from sympathetic nervous activity.
The posterior hypothalamus has been found to mediate heat
production and conservation.

1.

Which of the following is NOT a feature of the epidermal
layer of skin?
A.
B.

It consists of stratified squamous tissue.
It consists of closely packed cells arranged in several
layers.
C. Only its innermost layer of cells reproduces itself.
D. It consists of fibrous connective tissue.

2.

The primary mechanism of shivering thermogenesis is:
A.
B.

asynchronous contraction of muscle fibers.
increased metabolism as a hormonal contribution to
heat production.
C. dilation of the cutaneous vessels.
D. a hormonal contribution to heat conservation by
decreasing metabolism.
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Electrical stimulation of the preoptic region and the
anterior hypothalamus is most likely to lead to:
A.
B.
C.
D.

4.

cutaneous vasodilation.
shivering.
increased TSH.
piloerection.

Electrical stimulation of the posterior hypothalamus is
most likely to result in:
A.
B.
C.
D.

sweating.
piloerection.
cutaneous vasodilation.
increased parathyroid hormone levels.

Passage 78 (Questions 1-8)
The following graphs summarize the effects of pH, PCO2,
and PO2 on respiratory control. Graph A shows the increase in
relative ventilation (RV) which occurs as the PO2 falls, with PCO2
and pH normal. (Normal PCO2 is 40 mm Hg, and normal pH is
7.4.) An RV of 1 corresponds to the normal minute-ventilation
of 7 L/min. The receptors responsible for monitoring the PO2 are
the peripheral chemoreceptors, located in the aortic and carotid
arteries. (Central chemoreceptors in the brain do not monitor the
oxygen level of the blood.) Note that the response stimulated by
oxygen deficit does not become significant until PO2 falls below
50 mm Hg.
Graph A:

Interleukin 1 is also known as endogenous pyrogen
because it results in fever during illness. Which of the
following is probably NOT true of this chemical?
A.
B.
C.
D.

6.

It is released by T cells.
It causes shivering.
It causes piloerection.
It constitutes an important means of increasing body
temperature in cold climates only.

Which of the following does the autonomic nervous
system use to conserve heat?
I. Shivering
II. Piloerection
III. Constriction of cutaneous vessels
A.
B.
C.
D.

I only
II only
II and III only
I, II, and III
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Graph B shows the effect of arterial PCO2 on the response
of peripheral chemoreceptors sensitive to PO2. When the arterial
PCO2 rises, the response to decreasing PO2 levels is increased.
Graph B:
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Graph C demonstrates the most sensitive ventilatory
control mechanism in the body: the response of peripheral
chemoreceptors to changes in plasma pH. Central chemoreceptors
also respond to changes in pH, though less sensitively.

2.

A.
B.
C.
D.

Relative ventilation

Graph C:

3.

PCO2 = 40
PCO2 = 100
7.4
7.3
Decreasing plasma pH

4.

Relative ventilation (RV)
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0
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40
Arterial PCO2 (mm Hg)

If an individual has an arterial PO2 of 40 mm Hg, a
PCO2 of 40 mm Hg, and a pH of 7.4, then the relative
ventilation rate is:
A.
B.

normal.
higher than normal and is driven by peripheral
chemoreceptors.
C. higher than normal and is driven by central chemoreceptors.
D. lower than normal and is driven by peripheral
chemoreceptors.

PCO2 = 100
pH = 7.4
60

80

5.

|

Increases in relative ventilation are directly proportional
to increases in PCO2 when the PCO2 is:
at any level greater than 30 mm Hg, regardless of
PO2 and pH.
B. greater than 30 mm Hg, but less than 50 mm Hg,
regardless of PO2 and pH.
C. between 30 mm Hg and 40 mm Hg, but only in cases
of decreased pH and PO2 levels.
D. less than 40 mm Hg, but only in cases of decreased
pH and PO2 levels.

7.2

Graph D:
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30%
50%
80%
100%

A.

Graph D shows the dependence of ventilation on PCO2 when
pH and PO2 are normal (7.4 and 100 mm Hg), and also when pH
and PO2 are decreased. The response to PCO2 is mediated by both
central and peripheral chemoreceptors.

1.

At an arterial oxygen pressure of 50 mm Hg, what is the
approximate percent saturation of hemoglobin?

The peripheral chemoreceptors respond to changes in
arterial:

Which of the following is true about Graph B?

I. pH.
II. PCO2.
III. PO2.

I. Relative ventilation is increased by increases
in PCO2 at any constant PO2.
II. The ventilatory response to decreased PO2 is
augmented when the PCO2 is increased.
III. Increases in the PO2 above normal cause in
creases in the relative ventilation response.

A.
B.
C.
D.

A.
B.
C.
D.

I only
III only
I and II only
I, II, and III
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6.

Which one of the following receptors is the most
sensitive?
A.
B.
C.
D.

7.

Peripheral pH chemoreceptors
Peripheral PO2 chemoreceptors
Peripheral PCO2 chemoreceptors
Central PO2 chemoreceptors

What is the approximate minute-ventilation when the
PCO2 is 40 mm Hg, the pH is 7.4, and the PO2 is
35 mm Hg?
A.
B.
C.
D.

7 L/min
20 L/min
31 L/min
45 L/min

Passage 79 (Questions 1-6)
The thoracic cage is constructed of several components: ribs,
costal cartilages, sternum, vertebral column, primary and associ
ated musculature, skin, etc. It houses and protects the heart and
lungs, and is important in the mechanics of respiration.
The primary muscle of inspiration is the diaphragm, a large,
flat, dome-shaped muscle attaching to the most inferior ribs
and costal cartilages and extending laterally to the vertebral
column. Upon contraction, it descends into the abdominal cavity,
thus expanding the volume of the thoracic cavity. The external
intercostals, which connect the ribs to each other, are also
inspiratory muscles. They lift the ribs, expanding the chest wall.
The ribs form a series of hoops which make the chest barrelshaped when the hoops are aligned parallel to each other, that is,
when the external intercostals contract. In expiration, the hoops
are allowed to sag downward; they overlap, and no longer hold
the chest wall open.
Accessory muscles of inspiration include two neck muscles
(the sternocleidomastoid and the anterior scalene) and the
pectoral muscles. The pectorals extend from the anterior chest
wall to the proximal humerus; they normally function to pull the
arms forward and inward. They function as accessory muscles of
inspiration in cases of respiratory dysfunction such as paralysis
of the diaphragm. By leaning over with the arms in a barrel shape
and the hands locked onto an object (a table, for example), the
patient can accomplish chest wall expansion.
Expiration is normally a passive process, driven by the
elasticity of the large airways. When an unusually large amount
of ventilation is needed, muscles can speed the process of
respiration. Contraction of abdominal muscles shrinks the
volume of the abdominal cavity, and the contents of this space are
pushed into the thoracic cavity; this results in lung compression.
The internal intercostals also help by pulling the ribs down, so
that they do not expand the chest.
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1.

The external intercostals cause the pressure in the pleural
cavity to:
A.
B.
C.
D.

2.

5.

not change.
become more negative.
become more positive.
approach atmospheric pressure.

I. Accidental destruction of the nerves to the
diaphragm in a recent surgery
II. Complete paralysis from the neck down
III. Ingestion of a toxin which prevented smooth
muscle contraction

Which of the following muscles is/are important for
respiration only during exercise?
I. Abdominal muscles
II. Diaphragm
III. Expiratory muscles
A.
B.
C.
D.

3.

Hypoventilation has what effect on the composition of gas
in arterial blood compared to normal?
A.
B.
C.
D.

4.

|

Increased PCO2 and decreased PO2
Increased PCO2 and normal PO2
Decreased PCO2 and normal PO2
Decreased PCO2 and increased PO2

Each of the following would tend to prevent expansion of
the thoracic cavity EXCEPT:
A.
B.
C.
D.

638

III only
I and II only
I and III only
I, II and III

a large meal.
cutting the nerves to the diaphragm.
a decrease in lung elasticity.
a third-trimester pregnancy.

© The Princeton Review, Inc.

A patient stands leaning over a table and gripping it with
both hands. Muscles in his neck can be seen to contract
with each attempt to breathe, and his lips appear blue.
Which of the following might be responsible for his
difficulty in breathing?

A.
B.
C.
D.
6.

I only
II only
I and III only
II and III only

Pleural adhesions are fibrous connective tissue growths
which cause the parietal and visceral pleura to adhere to
each other. The most likely effect of pleural adhesions on
respiration is that they would:
A.
B.
C.
D.

impair inspiration.
impair active expiration.
decrease lung elasticity.
not significantly interfere with breathing.

Biology

Passage 80 (Questions 1-6)
***ADVANCED PASSAGE***

1.

I. one H+ is excreted in the urine.
II. one bicarbonate is reabsorbed from urine as
H2CO3 dissociates.
III. two H+ are excreted in the urine.

Carbonic acid and bicarbonate form the body’s most
important buffer system. It is the mechanism whereby the
lungs and kidneys minimize changes in pH resulting from diet,
metabolism, respiration, or any other cause. The pH of arterial
plasma is normally maintained at 7.4. The normal value of PCO2
is 40 mm Hg, and that of [HCO3–] is 24 mEq/L.
The two categories of acid–base disturbance are metabolic and
respiratory. Respiratory acidosis results from hypoventilation
(too little breathing), which causes a build-up of CO2, which
becomes H2CO3 in solution. The latter, in turn, dissociates into
HCO3– and H+ (hence the drop in pH). Respiratory alkalosis is
the opposite, resulting from hyperventilation. Respiratory acid–
base changes occur very rapidly.

A.
B.
C.
D.
2.

3.

40
#6
30
24

4.

20

#1
#2

10
7.0

7.2

7.4

7.6

Elevated CO2
Increased pH
Decreased PO2
Decreased pH

Which line in figure 1 shows renal compensation for
respiratory acidosis?
A.
B.
C.
D.

#3

an abnormally low PCO2.
respiratory alkalosis.
acidic urine.
a very small increase in the amount of oxygen
transported.

A patient ingests huge amounts of a toxin which depresses
respiration, and as a result hypoventilates for four
days, during which time his kidneys compensate for
the resulting change in plasma pH. If he is placed on a
mechanical ventilator, what disturbance of the plasma will
be evident within a few hours?
A.
B.
C.
D.

#4

#7
Plasma [HCO3–] (mEq/L)

#5

I only
III only
I and II only
I, II and III

At extremely high altitudes, the low PO2 causes an in
crease in the rate of breathing. All of the following result
from the increased ventilation EXCEPT:
A.
B.
C.
D.

Metabolic acid–base disturbances occur when the kidney
retains too much or too little HCO3–, when acidic or basic
substances are ingested, when H+ is lost from the stomach (as
vomitus), or when HCO3– is lost from the intestines (as diarrhea).
These changes are more gradual, requiring hours to days to occur.
Figure 1 below shows the relationship between plasma pH
and HCO3– concentration. Various disturbances (#1, 4, and 7) and
compensations (#2, 3, 5, and 6) are indicated by the numbered
arrows. At every point on Curves #1 and #4, the PCO2 is 40 mm Hg;
that is, Curves #1 and #4 lie on an arterial CO2 isobar.

In a healthy, resting individual, for every H+ produced by
metabolism:

#1
#2
#3
#6

7.8

Plasma pH
Figure 1
Adapted from Human Physiology Foundations & Frontiers, by Charles Schauf et al.,
©1990 by Times Mirror/Mosby College Publishing.
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5.

Which line in figure 1 represents incomplete respiratory
compensation after ingestion of acid?
A.
B.
C.
D.

6.

#1
#2
#3
#7

Which line in Figure 1 might be seen in near-drowning
with large amounts of water entering the lungs?
A.
B.
C.
D.

#1
#4
#5
#7

Passage 81 (Questions 1- 6)
The circulation of a fetus differs from that of a newborn
infant in several important aspects.
First, unlike an infant’s anatomy, fetal anatomy does not
provide direct contact between the fetus and the external
environment. The lungs of the fetus are collapsed and fluid-filled,
and do not function in respiration. Fetal respiration, nutritional
and excretory functions are all performed by the placenta,
which is essentially composed of interwoven fetal and maternal
capillaries. Maternal blood, however, does not normally mix
with fetal blood.
Second, both sides of the fetal heart supply blood to the
systemic circulation; hence, they work largely in parallel, rather
than in series as in an infant. While the lungs are fluid-filled,
the pulmonary vascular resistance is higher than the systemic
vascular resistance. Shunts between the left and right atria and
between the great arteries permit most of the blood to bypass the
lungs.
Third, the fetus exists in hypoxic conditions relative to those
that exist after birth. To reach the fetal blood, oxygen must
diffuse through the placenta from the maternal blood which has
already oxygenated a substantial portion of maternal body tissue.
The blood that perfuses the fetus is about 67% saturated with
oxygen. In the normal person, this is the approximate saturation
of mixed venous blood returning to the lungs to be oxygenated.
Blood that leaves the lungs of the normal adult is about 95% to
98% saturated with oxygen. The lowest oxygen saturation of
blood in the fetal circulation occurs in blood in the lower inferior
vena cava. In the fetal lamb, which furnishes a good model for
the study of human fetal circulation, oxygen saturation of blood
in the lower inferior vena cava is 26%. Blood in the superior vena
cava, which comes mostly from the head, is only 31% saturated
in the human fetus.
The fetus has two adaptations for surviving relative hypoxia:
its cellular enzymes can function at low oxygen tensions, and
fetal hemoglobin can deliver oxygen to the tissues despite low
levels of oxygen saturation. These special properties are lost
within a few days after birth, when normal respiratory activities
begin.
The brain of the human fetus is large relative to the rest of the
body, and its supply of oxygen is very important. The fetal brain
is perfused with highly saturated blood from the left ventricle.
The output of the right ventricle, which is less saturated, supplies
the limbs and internal organs of the fetus.
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1.

At the placenta, CO2 should normally:

4.

A.
B.
C.

diffuse from the fetal side to the maternal side.
diffuse from the maternal side to the fetal side.
be of equal concentration on both the maternal and
fetal sides.
D. be of higher concentration on the maternal side with
no net diffusion between the maternal and fetal sides.

2.

Some children persist in forming fetal hemoglobin for
months or even years after birth. Such children would
likely:

A.
B.

the placenta will show increased material perfusion.
the fetus cannot tolerate any compromising of the
blood supply to its internal organs.
C. the maternal alveoli may be deficient in oxygen
partial pressure.
D. fetal oxygen supply depends on maternal circulation.

5.

A.

be able to withstand environments having low
oxygen content.
B. be able to shunt blood from the right to the left side
of the heart.
C. be unable to survive in the absence of an artificial
oxygen supply.
D. be unable to bear children.

3.

A newborn infant is able to survive the loss of fetal
hemoglobin within a few days after birth because the
infant’s:
A.
B.
C.

blood continues to bypass the fluid-filled lungs.
circulatory system is independent of the mother’s.
lungs have direct contact with oxygen in the
environment.
D. digestive and excretory systems become active.

In a pregnant woman with healthy lungs but impaired
circulation, her fetus may be at risk of suffering birth
defects because:

Blood delivered to the fetus has a lower oxygen
concentration than does blood leaving the adult lung
because, before it reaches the placenta, maternal blood:
A.

mixes with fetal blood of lower oxygen
concentration.
B. releases oxygen to the mother’s own tissues.
C. gives up nutrients to the fetal circulation.
D. must pass through the right atrium and ventricle.

6.

Which of the following chambers of the fetal heart supply
blood to the systemic circulatory system?
A.
B.
C.
D.

Right atrium and right ventricle
Right atrium and left atrium
Left ventricle and right ventricle
Left ventricle and right atrium
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Passage 82 (Questions 1-7)

1.

A.
B.
C.
D.

The eggs of sea urchins and amphibians have two mech
anisms that prevent polyspermy during fertilization, the fast
block and the slow block.
When the cell membranes of the egg and sperm fuse, sodium
channels in the egg cell membrane open, and depolarization
results. This depolarization prevents other sperm from entering.
It is known as the fast block because it occurs very rapidly and
also because the depolarization lasts less than a minute.
However, the effects of the depolarization have permanent
results. These are due to ion fluxes that are caused by the initial
depolarization. First, the depolarization leads to an influx of Ca2+.
This, in turn, causes the cortical granules to release proteolytic
enzymes, which destroy bindin receptors in the vitelline layer.
The bindin receptors are the cell surface proteins to which sperm
attach, using the acrosomal protein bindin. Other proteins exocy
tosed by the cortical granules crosslink proteins in the vitelline
layer, hardening it, and cause the vitelline layer to move away
from the plasma membrane of the egg. These permanent changes
prevent other sperm from entering the egg, and constitute the
slow block to polyspermy.
The second ion flux which results from the initial
depolarization is an exit of protons. A Na+–H+ exchanger in
the plasma membrane exports one proton for each sodium ion
it imports. Alkalinization of the egg cytoplasm results. The
increase in pH is thought to be responsible for activation of
protein synthesis and initiation of DNA replication in the egg.
Drugs known to interfere with translation block initial protein
synthesis in fertilized eggs, but inhibitors of transcription do not.

Where are the bindin receptors located in sea urchin eggs?

2.

Primary oocytes are found at what stage of meiosis?
A.
B.
C.
D.

3.

Vitelline layer
Jelly coat
Cortical granules
Perivitelline space

Interphase
Meiotic prophase I
Meiotic anaphase I
Meiotic prophase II

Which of the following might result from fertilization in a
medium that had an abnormally low Na+ concentration?
I. Polyspermy
II.	Failure of bindin receptors to be degraded
III. Alkalinization of the cytoplasm of the fertilized
ovum
A.
B.
C.
D.

4.

What would be the effect of artificially depolarizing the
plasma membrane of an unfertilized egg?
A.
B.
C.
D.

5.

I only
II only
I and II only
II and III only

Polyspermy
Inhibition of fertilization
Inhibition of postfertilization protein synthesis
Adherence of the vitelline layer to the plasma
membrane

Which of the following can be inferred from the passage
about postfertilization events in the sea urchin egg?
A.

Messenger RNA coding for proteins which are
normally made after fertilization is synthesized
before fertilization occurs.
B. Special ribosomes are used for initial postfertilization protein synthesis.
C. RNA polymerases are in place at the initiation
sites for transcription of the mRNA for initial
postfertilization proteins before fertilization occurs,
and immediately begin transcribing when the
fertilized egg becomes alkalinized.
D. Ribosomes are not used in the synthesis of initial
post-fertilization proteins.
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6.

Which of the following is NOT a characteristic of the
acrosomal reaction that occurs in sperm of sea urchins
during fertilization?
A.

Actin is polymerized to create an acrosomal process
in the sperm.
B. Hydrolytic enzymes are released that digest the jelly
coat.
C. Specific proteins are exposed that can bind receptors
on the egg.
D. It is mediated by a decrease in intracellular pH and
Ca2+ concentration.

7.

Which of the following hormones stimulate(s)
spermatogenesis in humans?
I. LH
II.	FSH
III. Testosterone
A.
B.
C.
D.

III only
I and III only
II and III only
I, II, and III

Passage 83 (Questions 1-6)
The female reproductive system undergoes a series of regular
cyclic changes termed the menstrual cycle. The most obvious of
these changes is periodic shedding of the endometrial lining of
the uterus. It results primarily from the interaction of hormones
derived from the hypothalamus, pituitary gland, and ovaries. In
most women during the reproductive years, menstrual bleeding
recurs every 25–35 days, with a median cycle length of 28
days. The interval from the onset of menstruation to ovulation is
termed the follicular phase of the ovarian cycle. The time from
ovulation to the onset of menstrual bleeding is termed the luteal
phase. Ovulation normally occurs at about the 14th day of the
cycle.
In the normal menstrual cycle, serum concentrations of both
luteinizing hormone (LH) and follicle-stimulating hormone
(FSH) begin to increase prior to menstruation. FSH concentrations
attain maximum levels during the first half of the follicular phase
and, with the exception of a brief peak at mid-cycle, continue to
fall until the lowest concentration in the cycle is reached during
the second half of the luteal phase. The preovulatory decline
of FSH is due to the increasing concentration of estradiol. LH
levels increase gradually throughout the follicular phase, and
at mid-cycle there is a large peak in serum concentration of LH.
Subsequently, LH levels gradually decline, reaching their lowest
concentration late in the luteal phase.

1.

Women treated over a long period of time with relatively
large doses of estrogen do not ovulate. This is probably
due to:
A.
B.

inhibition of gonadotropin secretion by estrogen.
direct inhibition of progesterone’s actions by
estrogen.
C. overstimulation of FSH secretion by estrogen.
D. changes in behavior.

2.

Ovulation is most directly caused by:
A.
B.
C.
D.

a peak in progesterone secretion.
stimulation by the corpus luteum.
a peak in LH secretion.
a decline in FSH secretion.
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3.

4.

The preovulatory decline of FSH is due to:

Passage 84 (Questions 1-6)

A.
B.
C.
D.

After an interval of quiescence during childhood,
hypothalamic–pituitary–gonadal activity intensifies in the
peripubertal period. The result is increased secretion of gonadal
sex steroids, which causes secondary sexual development,
fertility, and the pubertal growth spurt (which also requires
growth hormone).

positive feedback of estradiol.
negative feedback of FSH.
negative feedback of estradiol.
positive feedback of progesterone.

In the absence of pregnancy, menstruation normally
occurs. This is due to the decline of which of the
following hormone(s) required for maintenance of the
endometrium?
A. Progesterone and estradiol
B. hCG
C.	FSH
D. LH

5.

Both estradiol and progesterone are produced by which of
the following?
I.
II.
III.
IV.
A.
B.
C.
D.

6.

Ovarian follicle
Corpus luteum
Placenta
Adrenal medulla
I and II only
II and III only
I, II, and IV only
I, II, III, and IV

The first sign of puberty in the female is an increase in growth.
This is accompanied by breast development, which is stimulated
by an increase in estrogen levels. Other developmental changes
influenced by estrogen include: enlargement of labia minora and
majora, dulling of the vaginal mucosa, production of a whitish
vaginal secretion prior to menarche, and changes in uterine size
and shape. The development of pubic hair is primarily controlled
by adrenal and ovarian androgen secretion.
In males, the first sign of normal puberty is an increase
in the size of the testes, primarily due to seminiferous tubular
development, under the control of follicle stimulating hormone
(FSH). The stimulation by luteinizing hormone (LH) of the
interstitial cells of Leydig, which secrete androgens, also plays
a role in the increase in testicular size. As in females, pubic
hair development and other secondary sex characteristics are
primarily controlled by adrenal and gonadal androgen secretion.
Androgens are also necessary for spermatogenesis.

1.

The stimulus for FSH and LH production and secretion is
the pulsatile release of gonadotropin releasing hormone
(GnRH). Which of the following structures produces
GnRH?
A.
B.
C.
D.

Anterior pituitary
Posterior pituitary
Hypothalamus
Pineal gland

Breast development in females is stimulated by an
increase in estrogen secretion. Which of the following
hormones must increase in order for this to occur?
A.
B.
C.
D.

2.

The seminiferous tubules are the site for:
A.
B.
C.
D.
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Thyroid stimulating hormone (TSH)
Gonadotropin releasing hormone (GnRH)
Prolactin
Progesterone

production of sperm.
synthesis of testosterone.
maturation of sperm.
fertilization.

Biology

3.

The increase in testicular size at puberty is a DIRECT
result of the action of:
I. luteinizing hormone (LH).
II. follicle stimulating hormone (FSH).
III. growth hormone (GH).
A.
B.
C.
D.

4.

I only
II only
I and II only
I, II, and III

If a young boy had a deficiency of GnRH secretion, what
developmental abnormality would occur first?
A.	Failure of the testicles to increase in size
B. Absence of pubic hair
C.	Failure of the voice to deepen
D. Diminished or absent growth spurt

5.

A tumor was removed from a patient, and its cells were
analyzed. A protein was isolated and found to act as
a tyrosine kinase, an enzyme which attaches tyrosine
residues to exposed hydroxyl groups on other proteins.
This tyrosine kinase activity was constant. The same
protein was present in normal cells, but tyrosine kinase
activity in this case was only observed if intact cells
were exposed to growth hormone (GH). Which of the
following is most likely to be true?
A.
B.

The protein normally binds GH in the cytoplasm.
The protein is normally controlled by a protein
which binds GH at the cell surface.
C. The protein’s tyrosine kinase activity normally limits
the effects of GH.
D. The abnormal constitutive activity of the tyrosine
kinase prevented cell division.

6.

Passage 85 (Questions 1-6)
During development, cells change in competency, the ability
to respond to signals from other tissues. They also change in
their ability to induce changes in other cells. These changes are
inherited by daughter cells. Experiments in amphibian gastrulas
and neurulas have helped determine the developmental timing of
these events.
The eye field of the early gastrula contain the cells destined
to become the eye. By the neurula stage, the eye field has
differentiated into retinal and lens fields, which become the
retina and lens, respectively.
The following transplantation experiments were done to
investigate embryogenesis in amphibians.
Experiment 1:
The eye field was excised from an early gastrula and placed
into culture medium. It divided and formed undifferentiated
ectoderm.
Experiment 2:
The eye field was excised from an early gastrula and
transplanted into a neurulated embryo. The resulting ectodermal
structure depended on the identity of the closest mesodermal
tissue. For example, the implanted tissue developed into gills if
grafted near the gill slits.
Experiment 3:
When an early gastrula eye field was excised and incubated
with tissue excised from neurula eye field, the gastrula tissue
differentiated into neural tube.
Experiment 4:

The hormone that stimulates the production and release of
growth hormone is derived from which of the following
organs?

The eye field was excised from an early gastrula and allowed
to incubate for 36 hours in culture medium. Then when it was
incubated with tissue excised from neurula eye field as in
Experiment 3, it differentiated into a lens.

A.
B.
C.
D.

Experiment 5:

Anterior pituitary gland
Posterior pituitary gland
Bone and liver
Hypothalamus

The eye field was excised after neurulation had begun, and
transplanted into ectodermal tissue of a neurulated embryo. An
eye developed regardless of the location of the graft.
Adapted from: 1) Foundations of Developmental Genetics. D. J. Pritchard. ©1986 by
Taylor and Francis, London. 2) From Egg to Embryo. J.M. Slack. ©1991 by Cambridge
University press, Cambridge, England. 3) Pattern Regulation in Defective Embryos of
Xenopus laevis. ©1984. Developmental Biology 101.
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1.

After the completion of gastrulation, the embryo
undergoes:
A.
B.
C.
D.

2.

|

competent.
terminally differentiated.
capable of becoming other ectodermal structures.
derived from the ectodermal layer.

What process could account for the difference in results
between Experiments 2 and 5?
A.
B.
C.
D.

646

Undifferentiated ectoderm
Undifferentiated mesoderm
Undifferentiated endoderm
An eye

Judging by the experiments in the passage, each of the
following is true of the cells of an early gastrula’s eye
field EXCEPT that the cells are:
A.
B.
C.
D.

4.

dedifferentiation.
neurulation.
cleavage.
blastulation.

The differentiation into three germ layers
Mutations in the cells of the eye field
Ongoing development of mesodermal cells
Differentiation of neural tissue

© The Princeton Review, Inc.

The results of Experiments 3 and 4 suggest that during the
36 hours of incubation, the gastrula tissue has:
I. become mesodermal.
II. undergone induction.
III. altered the expression of genes.
A.
B.
C.
D.

If a portion that is destined to become the heart is excised
from an early gastrula and placed in culture medium,
what would be expected to form?
A.
B.
C.
D.

3.

5.

6.

I only
II only
III only
II and III only

As development proceeded in the various experiments,
what changed in the developing cells?
A.

The genetic information which was duplicated with
each round of cell division
B. The composition of polypeptides in the cytoplasm
and nucleus
C. The cytoskeletal elements involved in forming the
mitotic spindle
D. The energy requirements of each cell

Biology

Passage 86 (Questions 1-5)
***ADVANCED PASSAGE***

1.

I. The genome contains a different set of genes
than the fertilized egg from which it was
derived.
II. Only a subset of all the genes inherited from
the zygote are expressed to give the cell its
characteristics.
III. A differentiated cell need not have undergone
the process of determination.

The frog Xenopus laevis has been a model for the study of
development. The egg is a large cell, consisting of an animal
pole in which cleavage is very rapid, and a vegetal pole that
contains most of the yolk. Very yolky cells from the vegetal
pole are ultimately enclosed by the developing gut and digested.
Fertilization causes a rotation of the outer layer of animal pole,
creating the gray crescent, which will give rise to the dorsal lip
of the blastopore. Future stages of development, known as the
blastula, gastrula, and neurula, follow this initial event. The
following experiments on Xenopus study the interactions and
fates of tissues in the developing embryo.

A.
B.
C.
D.

Experiment 1:
After the first cleavage, the two blastomeres, or daughter cells,
are separated from each other by shaking and allowed to develop.
If the gray crescent is equally divided among both blastomeres
during the first cleavage, two tadpoles, each from one blastomere,
will develop. But, if the first cleavage is asymmetric so that the
gray crescent is contained in only one blastomere, only one
tadpole results. The blastomere without gray crescent becomes
an undifferentiated ball of cells.

2.

3.

I only
I and II only
II and III only
I, II, and III

Which of the following is NOT true about totipotency?
A.

Totipotent cells have the potential to develop into
any part of the animal.
B. Totipotency requires expression of all genes at the
same time.
C. Totipotency is not observed in ectodermal cells.
D. Totipotency is usually lost by the end of gastrulation.

4.

Each of the following is a distinguishing feature of
chordates in the embryo stage EXCEPT:
A.
B.
C.
D.

Experiment 4:
Skin cells are removed from an adult frog and cultured.
The nucleus of one of the cultured skin cells is injected into
an unfertilized frog egg, whose own genome was destroyed
beforehand by exposure to ultraviolet radiation. A normal
blastula and later a normal tadpole develop.

The dorsal lip of the blastopore is:

A.
B.
C.
D.

Experiment 3:
A blastula is dissociated into free cells in a medium
containing calcium and magnesium. The resulting cells form
only ectodermal and endodermal cells, but not mesodermal cells.
In another blastula, cells from the animal pole are removed and
cultured in isolation, giving only ectodermal tissue. When similar
animal pole cells are cultured in combination with vegetal pole
tissue, mainly mesodermal tissue develops.

I only
II only
I and III only
II and III only

I. derived from the gray crescent.
II. the site of neurulation in the developing zygote.
III. the site at which gastrulation initiates.

Experiment 2:
The dorsal lip of the blastopore of a donor in the early stage
of gastrulation is grafted onto another embryo, but in a different
position. The host embryo initiates gastrulation at both its own
dorsal lip and at the site of the graft, forming a double embryo
similar to what is seen in the case of conjoined twins.

Which of the following is/are true about a differentiated
cell?

5.

cephalization.
pharyngeal gill slits.
dorsal, hollow nerve cord.
use of lungs for respiration.

In Experiment 3, mesodermal tissue develops due to:
A.
B.
C.
D.

induction by animal pole tissue.
induction by vegetal pole tissue.
cell determination.
cell differentiation.

© The Princeton Review, Inc.

|

647

MCAT Science Workbook

Passage 87 (Questions 1-5)
***ADVANCED PASSAGE***

1.

A.
B.
C.
D.

Early in the seventh week of gestation, the human embryo
has gonads which are bipotential (ovaries are indistinguishable
from testes). The internal reproductive structures are also
indistinguishable.
During the seventh week, male gonads differentiate into
testes. Ovaries remain undifferentiated until late in the second
trimester, when many germ cells (oogonia) enter meiosis. They
will remain frozen in prophase of meiosis I until puberty. The
transition from oogonia to oocytes in the embryonic gonad marks
the onset of ovarian differentiation.
Ongoing development in the gonads determines the
differential development of male and female reproductive
anatomy. In the male, Sertoli cells (the cells which support
and nourish developing spermatozoa) secrete a substance
which causes female reproductive structures to disappear. This
substance is called Müllerian inhibiting factor (MIF), and it
causes the Müllerian duct system to involute. In the female, the
Müllerian ducts give rise to the fallopian tubes, the uterus, the
cervix, and the upper third of the vagina. A different system of
ducts develops in the male, under the influence of testosterone
secreted by Leydig cells in the testicular interstitium. The male
ducts are known as Wolffian ducts, and they give rise to the
epididymis, vas deferens, seminal vesicles, and ejaculatory ducts.
Differentiation into functional ovaries is the default; a factor
present only in the male is necessary for the switch to male
development. This is a protein coded on the distal short arm of
the Y chromosome, known as H–Y antigen.

2.

Cells were isolated from the gonads of embryonic female
mice and incubated with H–Y antigen. They formed organized
structures resembling seminiferous tubules.
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Which of the following would probably NOT apply to an
individual with a large deletion in the short arm of the Y
chromosome?
He would be genetically male.
He would be less likely to suffer from X-linked
recessive diseases than developmentally-normal
females.
C. He would have differentiated ovaries.
D. He would have a normal-appearing vagina.

3.

Testosterone is produced by which of the following?
I. Corpus luteum
II. Interstitial cells of Leydig
III. Sertoli cells
A.
B.
C.
D.

4.

5.

I only
II only
II and III only
I, II, and III

Treating an XY fetus with an anti-MIF antibody during
week 12 of gestation would produce a child with which of
the following characteristics?
A.
B.
C.
D.

Experiment 1:

Experiment 2:

seminiferous tubules.
epididymis.
vas deferens.
corpus luteum.

A.
B.

The following experiments were designed to clarify the
signals for differential sexual development in the mammalian
embryo.

Cells were isolated from the gonads of embryonic male mice
and placed in a nutritive culture medium. They formed organized
structures resembling seminiferous tubules. However, when an
antibody to H–Y antigen was added to the culture medium, the
cells formed “follicle-like” structures, that is, clumps of cells not
associated with tubules.

The Sertoli cells, which produce Müllerian inhibiting
factor, are located in the:

Normal Wolffian duct derivatives
Normal Müllerian duct derivatives
Internal testes and female external genitalia
All female reproductive organs and structures

Daily injections of anti-H–Y-antigen antibodies to an XY
embryo at gestational day 80 would result in:
I. undifferentiated testes.
II. formation of “follicle-like” structures instead
of seminiferous tubules.
III. no change in testicular development.
A.
B.
C.
D.

I only
II only
III only
II and III only
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Freestanding Questions
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1.

A

Glycolysis is important in energy production, but it occurs in the cytoplasm, not mitochondria.
The other choices can be eliminated since they all occur in the mitochondria and are therefore
incorrect.

2.

A

Oxygen is required to run the electron transport chain during which NADH and FADH2 are
oxidized. If oxygen is unavailable and the electron transport chain cannot run, there is no available NAD+ or FAD to participate in the Krebs cycle, thus we say that oxygen is only indirectly
required for the Krebs cycle to occur (choice A is false and the correct answer choice here).
NAD+ and FAD do get reduced during the Krebs cycle (choice B is true and can be eliminated).
Two GTP molecules per glucose are produced (choice C is true and can be eliminated), and in
eukaryotes, the Krebs cycle does occur in the matrix of the mitochondria (choice D is true and
can be eliminated).

3.

A

Item I is true: ATP is produced in both the glycolysis and the electron transport chain. Item II
is false: NADH is only produced in glycolysis. Items III and IV are false: oxygen and FADH2
are not produced in either of these processes.

4.

A

In an anaerobic environment only glycolysis can occur. This process produces a net of 2 ATP
per glucose, so three glucose molecules would produce 6 ATP total.

5.

B

Enzymes decrease the kinetic barrier, not increase it (choice B is a false statement and is the
correct answer choice here). Enzymes lower the activation energy (choice A is true and can be
eliminated), do not get used up in reactions (choice C is true and can be eliminated), and do not
affect the thermodynamics of a reaction (choice D is true and can be eliminated).

6.

D

Protons are pumped across the inner membrane of the mitochondria, out of the matrix and into
the intermembrane space (choices A and B are wrong), resulting in an increase in the pH of the
matrix (choice D is correct and C is wrong).

7.

C

Item I is false: Electron transport occurs across the inner membrane of the mitochondria. Item
II is false: Glycolysis occurs in the cytoplasm. Items III and IV are true: the Krebs cycle and
fatty acid oxidation both occur in the matrix of the mitochondria.

8.

A

Reduced electron carriers like NADH and FADH2 transport electrons from the reactions of
glycolysis, the pyruvate dehydrogenase complex, and the Krebs cycle to the electron transport
chain. Electrons are then relayed through the various proteins of the chain and finally to oxygen,
which is reduced to water. Inhibiting any part of the electron transport chain will halt the transfer of electrons. Statement I is true: Blocking electron transport at Complex III will result in
a build-up of electrons at proteins earlier in the chain. Because these earlier proteins, including Complex I, cannot pass their electrons off, they will persist in the reduced state (“Gain of
Electrons is a Reduction”). Statement II, however, is false: Proteins later in the chain can release
their electrons, but cannot replenish them. These later proteins, including Complex IV, will persist in the oxidized state (“Loss of Electrons is an Oxidation”). Electrons meeting a roadblock at
Complex III will never reach oxygen. Thus, oxygen consumption (reduction) will be decreased.
It is important to note that inhibiting the electron transport chain diminishes the proton gradient and compromises ATP synthesis. This is why antimycin is so toxic to cells.
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9.

A

The question text states that proinsulin is one peptide chain (choices B and D are wrong). It further states that insulin is two peptide chains (choice C is wrong). Note that solid lines are used
to represent peptide chains and dashed lines represent disulfide bonds.

10.

D

G–C base pairs are linked by three hydrogen bonds in the double helix, while A–T base pairs
are joined by only two hydrogen bonds. It takes more energy to separate G–C base pairs, and
the less G–C rich a piece of double-stranded DNA is, the less energy that is required to separate the two strands of the double helix. Note that choices A and B can be eliminated since in
double-stranded DNA, there must be equal quantities of G and C (and of A and T).

11.

C

Deoxyribose is the sugar component of the DNA backbone. A nucleoside is the next level of
organization and is a deoxyribose with the nitrogenous base attached; a nucleotide is more organized than a nucleoside and includes phosphate groups (choices A and D are wrong). Double
stranded DNA winds around histone octamers to form nucleosomes (choice B is wrong), which
are further packaged and condensed to form chromatin.

12.

B

Statement I is true and II is false: Eukaryotic chromosomes are linear and wrapped around histone proteins to form nucleosomes. Prokaryotic chromosomes are circular but are not wrapped
around histone proteins (choices C and D can be eliminated). Statement III is true: Prokaryotic
genomes are smaller with fewer sections of repetitive sequences (choice A can be eliminated).

13.

D

Choice A is the furthest off: Translation is protein synthesis, not cleavage. Choice B involves
the operon inappropriately; the operon regulates transcription and is not involved in translation.
Choices C and D differ only in the order of tRNA association with the mRNA, before or after
the mRNA binds to the ribosome. The tRNA molecule only interacts with the mRNA codon
after mRNA is bound to the ribosome, making D the best choice.

14.

A

Codons consist of three base pairs. Deletion of one or two base pairs will change the reading
frame for the rest of the gene, probably resulting in a completely nonfunctional protein after the
point of the deletion. Deletion of three base pairs, however, will delete one entire codon and retain the original reading frame. The result in this case is that one amino acid is missing from the
protein structure, but the rest of the protein is exactly the same as normal. Loss of one amino
acid is a much more subtle change than changing the sequence of a large portion of a protein, so
protein function will probably be retained.

15.

A

The question states that embryos require greater protein production. Thus, by definition, an
embryo requires a greater rate of translation, the process through which the ribosome creates a
protein by reading an mRNA transcript.
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16.

D

A conservative missense mutation leads to a change in one amino acid, to another with similar
chemical characteristics (for example, the codon for leucine mutated to the codon for isoleucine). This would not explain why the protein in strain J is shorter (choice A is wrong). Different
growth times also does not explain why the strains have different length Sal3 proteins (choice
B is wrong). Both choice C and choice D say that a nonsense mutation could explain the observation and this is correct because inserting a stop codon too early in the open reading frame
would lead to translation of a shorter protein. However choice D is better than choice C because
it allows for the possibility of a frameshift mutation. A frameshift mutation is the insertion
or deletion of nucleotides leading to a change in the reading frame of the transcript. This can
lead to the creation of a stop codon when there should not be one. For example, if the normal
reading frame of Sal3 is UUU CUA GGG this would code for phe-leu-gly. But, if the first U is
deleted, UUC UAG GG results and this would code for phe-stop. Therefore, a frameshift mutation can also lead to a shorter protein.

17.

D

Starting with a single DNA molecule, after 1 round of PCR, the researcher would have 2 molecules of DNA, or 21 molecules. After 2 rounds of PCR, she would have 4 molecules, or 22 molecules. After 3 rounds, she would have 8, or 23 molecules. Following this pattern, the number
of DNA molecules at the end of the PCR experiment is equal to 2n, where n = the number of
rounds of PCR. Since she ran 30 rounds of PCR, she would have 230 molecules of DNA.

18.

C

RNA polymerase is used during transcription, not replication, so it is not needed for this technique. The requirements for the polymerase chain reaction are similar to what is required in a
cell for DNA replication. Thus, DNA polymerase, template DNA, and primers would all be
required (answer choices A, B and D are needed and can be eliminated).

19.

D

A northern blot is when RNA is probed with either DNA or RNA (choice D is a false statement
and is the correct answer choice). Choice A accurately describes the temperature changes during
PCR (choice A is true and can be eliminated). Antibodies are used to identify proteins in a western blot (choice B is true and can be eliminated). When DNA is separated on a gel, the negative
charge of the phosphate backbone causes DNA to migrate towards the positive end of the gel.
Small fragments of DNA move quickly and large fragments move slowly (choice C is true and
can be eliminated).

20.

A

Imagine you are in a running race against a friend who runs at about the same speed as you do.
Let’s say you race your friend while running in a pool of honey. Even if you are faster than your
friend, neither of you will travel very far, and the distance between you at the end of the race
will be small. Now let’s say you race your friend in air, a much, much less dense fluid. Now, any
difference in speed is more easily appreciated, and you will be separated by a greater distance.
The same is true for proteins in a gel. Decreasing the percent of the polyacrylamide (and the
density) will increase your resolution capacity, and proteins with similar molecular weights will
be separated by a greater distance (choice A is false and the correct answer choice). Proteins with
smaller molecular weights travel more quickly than do proteins with larger molecular weights
(choice B is true and can be eliminated). The proteins are negatively charged because during
preparation they are denatured (choice D is true and can be eliminated) in a detergent that confers a negative charge upon them. Opposites attract (choice C is true and can be eliminated).

21.

B

Ribosomes are assemblies of protein and RNA, not organelles, and although there are differences between prokaryotes and eukaryotes, both forms of life have ribosomes (choice B). Choices A, C, and D are wrong because bacteria are prokaryotes and therefore lack all subcellular
membrane-bound organelles, including mitochondria, the ER, and the nucleus.
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22.

C

Prokaryotic (bacterial) mRNA can be immediately translated; no processing is required (choice
C does not occur in bacteria and is the correct answer choice). This is one reason why transcription and translation can proceed simultaneously (choice B does occur in bacteria and can
be eliminated). Although not compartmentalized as in eukaryotes, bacteria do participate
in electron transport on their cell membranes (choice A does occur and can be eliminated).
Lastly, regulation of transcription does occur; in fact some of the best-understood transcriptional regulation mechanisms are found in bacteria (e.g., the lac operon, choice D occurs and
can be eliminated).

23.

B

Plasmids are circular DNA, so if the plasmid is cut in two places it will produce two fragments.
The general rule when cutting circular DNA with restriction enzymes is that the number of
fragments you end up with is the same as the number of restriction sites.

24.

C

Item I is required: In order to cut the gene out of the genomic DNA sample, the researcher will
require restriction endonuclease enzymes. The same enzymes will be required to cut open the
plasmid (choice B can be eliminated). Item II is required: In order to ligate the gene of interest
into the plasmid, the researcher will require DNA ligase (choice A can be eliminated). Item III
is not required: Taq polymerase is used in PCR and would not be required for this cloning experiment (choice D can be eliminated).

25.

C

The steps describe Southern blotting. Radioimmunoassay uses radioactively labeled antibodies
to find target proteins or other target antibodies (choice A is wrong). ELISA uses enzymatically
labeled antibodies to find target proteins or other target antibodies choice B is wrong). Conjugation is a means by which bacteria can increase genetic diversity; it is not a lab technique (choice
D is wrong).

26.

B

Animal viruses can be endocytosed whole (i.e., uncoated) through a cell membrane, and then
uncoating of the genome occurs in the cytoplasm. In bacteriophages, such as the T4 phage, the
capsid remains outside of the cell and the central shaft injects the genome through the membrane directly. Both bacteriophages and animal viruses must get their genome into a host cell
(A is true of both viruses, so is wrong). There is no immediate destruction of the host cell with
the productive cycle, generally, because the virus merely buds out of the cell via exocytosis (C is
wrong). Lysis of the cell membrane does occur during the lytic cycle, but this is generally true
for both animal and bacterial viruses (D is not the best answer).

27.

B

Virus is being produced by Time II, so A cannot be correct. Choices C and D describe events
that do not occur in viral replication, leaving B as the only possible answer. After infection, a
period of biosynthesis is required to produce viral components before new virus can be released.

28.

C

Item I is true: (+) RNA viruses must at least code for RNA-dependent RNA polymerase in their
genome. However, if they are carrying the enzyme, they should be able to use it to make their
template strand of RNA (the (–) strand) for later genome replication. Item II is true: (–) RNA
viruses must always carry at least one copy of RNA-dependent RNA polymerase in order to
make strands of (+) mRNA that can be used for translation into protein. Item III is false: a
ds DNA virus would not require RNA-dependent RNA polymerase to make either mRNA or
replicate its genome. It must encode enzymes required for dNTP synthesis and DNA replication.
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29.

D

Protists are primarily single celled eukaryotes, although a few multicellular varieties exist (e.g.,
seaweeds). Animalia, Plantae and Fungi all represent kingdoms of multicellular eukaryotes.
(Note that Kingdom Fungi does include one unicellular member—yeast—but is primarily
made up of multicellular organisms.)

30.

A

Gametes may join without immediate fusion of nuclei in fungi. The result is a cell with two nuclei, call a dikaryon. Fungi produce spores (not endospores, like bacteria for help with survival
(B is wrong). Budding is an asexual process, not sexual (C is wrong). The hyphae that digest
nutrients are called haustoria, not fruiting bodies (D is wrong).

31.

D

Actin microfilaments, not microtubules, are responsible for amoeboid movement of cells. The
other choices are wrong since microtubules are a key component of mitotic spindles, flagella,
and the scaffold that organelles interact with to move within the cytoplasm.

32.

A

Endocytosis is the process by which the cell internalizes receptor–ligand complexes from the
cell surface, such as polypeptide hormones bound to their receptor. At the cell surface, the receptor–ligand complexes cluster in clathrin-coated pits and pinch off the vesicles that join acidic
compartments known as endosomes.

33.

D

A male with Kartagener’s syndrome would be infertile due to immobile sperm, eliminating
A. In females, ova would not enter the Fallopian tubes normally, due to the lack of cilia, causing increased risk of ectopic pregnancy, eliminating B. The lungs also require cilia to remove
bacteria and other particulates, eliminating C. Ovulation, however, is determined by levels of
circulating hormones and will not be affected by the lack of dynein.

34.

B

The secretory pathway passes through the ER to the Golgi, to secretory vesicles, to the exterior
through exocytosis. Choices A and C are wrong because lysosomes and peroxisomes are separate destinations that proteins can be targeted to but are not in the secretory path leading to
the cellular exterior. D is incorrect since ribosomes synthesize proteins, but the Golgi are more
proximal to exocytosis.

35.

B

In a hypotonic environment (freshwater), the cells will have higher osmotic pressure than the
surrounding environment. Water would tend to flow into the cells, causing them to swell and
eventually burst. Therefore, choices A, C, and D are wrong.

36.

D

In a hypertonic solution, the extracellular environment has a higher solute concentration. Osmotic pressure would draw water out of the cell, making solutes more concentrated inside the
cell, and making the cell shrivel.

37.

D

Different organisms have different needs to maintain their water balance, depending on the
environment they live in. Bony fish living in saltwater maintain hypoosmotic body fluids. The
hyperosmotic water they live in tends to draw the water out of their body by osmosis. They can
obtain water by ingesting ocean water, but this raises their internal osmolarity. They excrete salt,
then, to lower their internal osmolarity.
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38.

A

During meiosis, homologous chromosomes separate during meiosis I, and sister chromatids
(identical copies, except for recombination) separate during meiosis II. In Klinefelter’s syndrome,
for a sperm to cause the defect, it must contain both an X and a Y chromosome. X and Y would
count as “homologous chromosomes” and so would normally separate during meiosis I. Failure
to do so could create a sperm containing both an X and a Y which could cause Klinefelter’s syndrome. The separation occurs during anaphase, when chromosomes are drawn away from each
other toward opposite sides of the two cells being formed. Thus, the answer is A, anaphase I.

39.

C

In humans, the only cells that have a single copy of the genome are gametes, formed during
meiosis. Cells have a single unreplicated copy of the genome after the second meiotic division.

40.

B

Pleitropism is the idea that alterations of a single gene result in changes in seemingly unrelated aspects of the organism’s overall phenotype, for example, malformations in kidney and
lung. While the frameshift mutation could affect multiple aspects of an organism’s phenotype,
it is not explicitly clear in this answer choice, making choice B a better answer than choice
A. Answer C is an example of codominance and Answer D is not possible given the parental
genotypes.

41.

C

There are two possible alleles at each gene. If the genes assort independently, then there must be
23 = 8 possible combinations.

42.

C

Female children will receive one X from their father and one X from their mother. The X from
the father must carry the color blindness allele since the father is color blind. The X from the
mother has a 50/50 chance of being either normal or carrying the color blindness allele since she
is heterozygous recessive. Thus, 50% of female children will be homozygous color blind, and
50% will be heterozygous carriers of the color blindness trait.

43.

B

If color blindness is caused by a gene on the X chromosome, it will be a sex-linked trait. The
mother (carrier) will be heterozygous for the recessive allele responsible for color blindness, and
the father will have it on his X chromosome, while the Y will lack the gene. The genotype and
phenotype of a son would depend entirely on the mother since the father must contribute a Y,
and Y lacks the gene. Since the mother is heterozygous, a son would have a 50% chance of receiving the color-blindness allele from his mother.

44.

C

The man’s genotype is XcY and the woman’s genotype is XcX / X h X. Note that the question
states that they hemophilia and color blindness genes are effectively unlinked, meaning that in
the woman they are either on different X chromosomes or they are far enough apart on the same
X chromosome that they can be considered unlinked. The Rule of Multiplication states that
the probability of two (or more) independent events occurring together is the product of their
individual probabilities. In this case, we want three things to happen: the man must donate
the Y chromosome (a 1/2 probability), the woman must donate X h (a 1/2 probability), and she
must also donate Xc (a 1/2 probability). The probability of all three things occurring together is
1/2 × 1/2 × 1/2, or 1/8.

45.

C

A recessive trait will only be expressed if it is present in both copies or is the only copy of the
gene present. A recessive X-linked allele would only be expressed in normal women who have
two copies of the allele. If only one X is present, however, then all recessive alleles on the X will
be expressed, such as hemophilia.
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46.

C

The odds for the second child are not influenced by the first: that piece of information is irrelevant. A Punnett square can be useful in a problem like this, to look at all possible gametes
and their combinations. Essentially, if 1/2 of the female gametes carry the trait and 1/2 of the
male gametes carry the trait, then the odds of a child receiving the allele from both parents are
1/2 × 1/2 = 1/4.

47.

C

The mother must lack Rh antigen herself or else her immune system would recognize this as self
and fail to respond (eliminating A and B). The fetus must express the antigen for the immune
response of mother against fetus to develop, however (supporting C and eliminating D).

48.

B

Item I is false: Linked genes can be separated from one another by crossing over during meiosis;  
there is just a lower probability of crossing over compared to when genes are 50 mu (or greater)
apart on the chromosome. Item II is true: Linked genes are found close together on the same
chromosome (within 50 mu). Item III is false: Linked genes lead to less recombination than
unlinked genes.

49.

D

RF is the total number of recombinant progeny (non-parental) divided by the total number of
all offspring.

50.

B

In mutualism, two species live in a close association from which both species benefit.

51.

A

The storm is a random event unrelated to the apparent fitness of the beetle in its normal environment. Genetic drift (choice A) is the random change over time in the allele frequency within
a population, such as that caused by the storm in the loss of allele(s) for the altered pincer structure. B is wrong since Hardy–Weinberg describes ideal circumstances in which allele frequencies in populations do not change, which does not apply to this situation. This is not an example
of natural selection (choice C) since the death of the beetles was apparently unrelated to their
fitness, and it is likely that a windstorm would have killed any beetles, regardless of their pincer
structure. And D is wrong since reproduction is not involved.

52.

D

Statement I is true: Mutation creates new alleles which can then be selected for or against, providing the raw material that natural selection works on. Statement II is true: Reproductive isolation of a population is a key to speciation. One way to allow reproductive isolation to occur is
to isolate one population from others geographically. And Statement III is also true: Climate
changes will change selective pressure and might induce speciation through the alteration of allele frequencies.

53.

B

The defining characteristic of distinct species is the inability to interbreed. If all attempts to
breed the new bird with existing birds fail, the new bird can be considered a separate species.
There can be differences or similarities in DNA sequence, physical characteristics, and protein
composition, however these factors do not distinguish between different species (choices A, C,
and D are wrong).

54.

D

Barriers to hybridization and speciation can be prezygotic (prevent the formation of a zygote) or
postzygotic (the zygote forms and develops into a functional organism but is incapable of reproduction). Only answer choice D results in a functional zygote (that develops into a mule), but
the mule is incapable of reproducing. All other answer choices would prevent the formation of a
zygote altogether and would be consider prezygotic barriers.
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55.

A

The researcher has been tempted into assigning the cells to Kingdom Fungi because of the lack
of chloroplasts, but not all plant cells contain chloroplasts (think of the bulb of an onion, or
the roots of any plant). To be absolutely certain, the researcher should determine if the cell wall
is made of chitin (Fungi) or of cellulose (Plantae). The cells cannot be from Domain Bacteria
because those organisms are unicellular (choice B is wrong). Not all organisms from Kingdom
Fungi are multicellular (think of yeast, choice C is wrong), and not all organisms from Kingdom Protista are unicellular (think of algae, choice D is wrong).

56.

C

The myelin sheath insulates the neuronal axon except for small gaps (nodes of Ranvier) through
which ions can traverse the membrane, causing the action potential to leap from node to node
(saltatory conduction).

57.

B

The myelin sheath is not produced by the neuron it is associated with. Instead, it is produced by
a different type of cell, the Schwann cell, that wraps around the axon to create layers of insulating myelin. (Note that this is only the case in the PNS. A different cell, an oligodendrocyte, is
responsible for myelination in the CNS.)

58.

A

Blocking the action of voltage-gated sodium channels in neurons would prevent the occurrence
of action potentials, leading to skeletal muscle paralysis. Because the diaphragm is made of
skeletal muscle, it too would become paralyzed, leading to respiratory failure and death. According to the question text, cardiac muscle is not affected, and since heart contraction is not
dependent on neural stimulation, TTX would not have a direct effect on the heart (choice B is
wrong). Vomiting may occur, but death due to dehydration would take a few days, not a few
hours (choice C is wrong), and while hypoventilation probably occurs (remember diaphragm
contraction depends on neural stimulation), hypoventilation would lead to decreased blood pH,
not increased (choice D is wrong).

59.

D

The hypothalamus is a key regulator in many different processes, including food intake, blood
pressure, and neuroendocrine control, as well as temperature regulation.

60.

A

Choices B, C, and D are wrong since the cell bodies of somatic sensory neurons are not located
in the CNS. They are located in dorsal root ganglia just behind the spinal cord all along the
length of the spinal cord.

61.

C

In myopia, the image is formed in front of the retina, generally due to the shape of the eye being
too long.

62.

C

The cornea is the first structure that light must pass through (choice B is wrong). The anterior
chamber is before the vitreous chamber (choice A is wrong). The sclera is the tough, outer, white
covering of the eyeball; light cannot pass through this layer. This is why the cornea exists in the
first place—to have a transparent outer layer for light to pass through. In any case, once light
has passed through the cornea and the pupil, it can’t reach the sclera until it passes through the
lens, the vitreous humor, and the retina (choice D is wrong).

63.

D

Item I is false: The sense of touch relies primarily on mechanoreceptors, and somewhat on nociceptors (pain) and thermoreceptors (temperature), but not chemoreceptors. Items II and III are
true: Both taste and smell rely on chemoreceptors.
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64.

C

Both the organ of Corti and the semicircular canals contain hair cells with small “hairs” that
project from the apical surface of the cell into the surrounding fluid. Movement of the fluid
around the hair cells detects sound in the organ of Corti and a change in body orientation in
the semicircular canals (so I and III are true). Hair in the skin is different; it is not made up of
“hair cells” but is made up of dead epithelial cells.

65.

D

Polypeptide hormones are large and hydrophilic and therefore cannot pass through a cell membrane, so D is false and thus the correct response here. Choices A and C are true of all hormones,
and B is true of polypeptide hormones.

66.

B

If the hormone accumulates inside the cell in the absence of endocytosis, the hormone must
diffuse through the plasma membrane. Steroid hormones (choice B) are small and hydrophobic
and can freely diffuse through the plasma membrane. Polypeptides (choice A), however, cannot
diffuse through membranes since they are large hydrophilic molecules. Choice C is incorrect
since second messengers carry hormone signals inside the cell but are not themselves hormones,
and D is wrong since neurotransmitters are charged molecules that work at the cell surface.

67.

C

The release of insulin is controlled primarily by the presence or absence of glucose in the blood
plasma (humorally). There is limited control of insulin release by the autonomic nervous system at the onset of food ingestion, but this is not the primary means by which the release of
insulin is controlled (choice C is better than choice D). The release of insulin is not controlled
via mechanical processes (choice A is wrong), nor is it controlled by another hormone (a tropic
hormone, choice B is wrong.

68.

C

Although leukotrienes and prostaglandins are lipid-derivatives, the question text states that they
bind to G-protein-coupled membrane receptors to exert their effects (like peptide hormones do),
not to intracellular receptors and DNA (like steroid hormones do). Cortisol, testosterone, and
estrogen are all steroids (choices A, B, and D are wrong), so prolactin, a peptide hormone, is the
best choice. (Don’t forget to use the “one-of-these-thing-is-not-like-the-other” technique!)

69.

D

Prolactin, growth hormone, and ACTH are from the anterior pituitary, but ADH is from the
posterior pituitary.

70.

C

The woman will be dehydrated, with low extracellular fluid volume. Vasopressin (ADH) and
aldosterone both help to prevent water loss in urine (so I and II are true). Since she has not eaten,
her plasma glucose is likely to be low and, thus, her insulin as well, since insulin is stimulated by
high glucose to increase glucose uptake (so III is false).

71.

B

One of the primary activities of thyroid hormone is to increase the basal metabolic rate.

72.

A

The adrenal cortex makes primarily cortisol and aldosterone. Lack of aldosterone will reduce
reabsorption of sodium and water from urine as it forms, increasing the volume of urine produced; thus, choice A is true. Loss of cortisol will reduce stress resistance (eliminating B and
C), and adrenal sex steroid production is generally not a great portion of the total and would be
expected to decrease if it is affected (eliminating D).
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73.

C

Arterial pressure is higher than the pressure on the venous side of the capillaries. Thus, hydrostatic pressure tends to drive fluids out of the blood and into the tissues on the arterial side
and back out of the tissues on the venous side; thus, choice C is correct and A is not. Osmotic
pressure is greater in the plasma than in the interstitial fluid, because plasma has a much higher
protein concentration; therefore, osmotic pressure tends to draw fluid into the blood, out of the
tissues (eliminating B and D).

74.

D

When the ventricles contract, the blood from the left ventricle is forced through the aortic
semilunar valve and into the aorta, and the blood from the right ventricle is forced through the
pulmonary semilunar valve and into the pulmonary vasculature. In a normal heart there is no
valve between the right and left ventricles (choice A is wrong) or between the left ventricle and
the pulmonary artery (choice C is wrong). While there is a valve between the left ventricle and
left atrium, this bicuspid (mitral) valve is closed during ventricular contraction (systole) to prevent the backflow of blood into the atrium (choice B is wrong).

75.

C

Pacemaker cells are present in the SA node, the AV node, and the His-Purkinje tracts (choice
D is true and can be eliminated) and exhibit automaticity, which is the result of an unstable
resting potential. The instability is due to a steady influx of sodium ions across the membrane
through sodium leak channels (not voltage-gated sodium channels, choice C is false and the
correct answer choice). Once the membrane reaches the threshold potential, voltage-gated calcium channels open, allowing calcium to flow into the cells and the membrane to depolarize
(choice B is true and can be eliminated), and once the membrane become very positive (around
+20 mV), voltage-gated potassium channels open and allow potassium ions to flow out of the
cells and the membrane to repolarize (choice A is true and can be eliminated).

76.

B

Statement I is true: If blood between the left and right ventricles is mixed, then some deoxygenated blood from the right ventricle will mix with oxygenated blood from the left ventricle and
be returned to the body. This blood, with its lower-than-normal level of oxygenation, will result
in poorer tissue oxygenation. Statement II is true: The left ventricle generates higher pressures
than the right ventricle. If the two ventricles are essentially connected via a defect in the septum,
the higher pressures from the left ventricle will translate to the right ventricle and into the pulmonary circuit. Statement III is false: If blood from the right ventricle (on its way to the lungs)
mixes with blood from the left ventricle (on its way to the body), the blood from the right ventricle never makes it to the lungs to get rid of its carbon dioxide (or pick up oxygen, this again
is why Statement I is true). The blood with have a higher overall CO2 content, and therefore a
lower pH.

77.

B

Activation of the sympathetic division of the ANS triggers systemic vasoconstriction (decrease
in diameter) in arterioles, leading to an increase in systemic blood pressure. Choices A and D
have the functions of the hormones backwards (and thus are wrong): aldosterone increases sodium reabsorption in nephrons and antidiuretic hormone increases water permeability. (Note
that the two hormones working together would lead to an increase in total body salt and consequently, total body water, followed by an increase in blood pressure.) While it is true that blood
flow to digestive organs is increased when the body is under parasympathetic control, this is not
due to the direct action of the parasympathetic division on the blood vessels to those organs.
The parasympathetic division actually does not innervate the blood vessels at all; the increased
blood flow under these conditions is due to the withdrawal of sympathetic stimulation. Even if
the parasympathetic division DID increase vessel diameter, this would not lead to an increase in
blood pressure (choice C is wrong).
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78.

B

Activation of the sympathetic division of the ANS leads to the “fight or flight” stress response.
Statement I is false: The heart is autorhythmic and can generate its own contraction without
input from the nervous system. However activation of the sympathetic division can make the
heart contract more frequently (i.e., increase the heart rate). Statement II is true: It is helpful to
have increased blood flow to skeletal muscles during times of stress to provide adequate oxygen
and nutrients to the working muscles. Relaxing the smooth muscle in the blood vessels serving
the skeletal muscle would cause dilation of the vessels and increased blood flow. Statement III
is false: during stress situations blood is diverted from skin and digestive organs by constricting
those vessels (i.e., contracting the smooth muscle).

79.

C

Platelets are small pieces of large cells called megakaryocytes. When a wound occurs, platelets
can be activated to stick to the edge of the wound site and release their contents, stimulating the
clotting reaction.

80.

D

Macrophages can act as non-specific phagocytes as well as specific phagocytes for antibodycoated antigen. Memory cells and MHC I are involved only in specific immunity (choices A
and C are wrong), and lysozyme is involved in non-specific defense only (non-specific antibacterial enzyme, choice B is wrong).

81.

D

Antimicrobial chemicals such as acids, lysozyme, etc. are non-specific and help with the first
line of defense against infection. Antibodies, B cells and T cells are all involved in specific
immunity and are not part of the first (non-specific) line of defense (choices A, B, and C are
wrong).

82.

C

The antigen binding region of the antibody is comprised of both heavy and light chains (answer choice C is false and is the correct answer choice). Antibodies are made of several protein
subunits held together (choice A is true and can be eliminated). The genes for antibodies do undergo rearrangement; in fact they are the only genes in the body that do this. This is to ensure
that a huge population of antibodies are produced, thus increasing the likelihood of an antigen
being recognized (choice B is true and can be eliminated). Antibodies can neutralize toxins if
they bind to the toxin’s active site and cover it (choice D is true and can be eliminated).

83.

A

MHC I is recognized by killer T cells and does not play a role in the function of helper T cells.
Helper T cells have a CD4 receptor which recognizes MHC II on antigen presenting cells. This
helps activate the helper T cell (choices B and D are associated with helper T cell function and
can be eliminated). Helper T cells also secrete cytokines to stimulate proliferation of B cells and
killer T cells; this is in fact their primary function (choice C is associated with helper T cell
function and can be eliminated).

84.

D

The “humoral immune response” refers to the production and secretion of antibodies by B cells
when stimulated by antigen and by helper T cells. Killer T cells are involved in the cell-mediated immune response (choice A is wrong) and macrophages are involved in both non-specific
phagocytosis as well as phagocytosis of structures tagged for destruction by antibodies (note
that this is related to the humoral immune response, but the macrophage is not the major cell
type involved, and choice B is wrong). Erythrocytes are red blood cells and do not participate in
immunity (choice C is wrong).
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85.

B

Antigens are anything that can trigger an immune response (i.e. antibody production, etc.).
These are generally proteins on the outer surfaces of pathogens, such as viral capsid proteins
(choice A can act as an antigen and can be eliminated) or bacterial cell wall proteins (choice C
can act as an antigen and can be eliminated). Red blood cell membrane proteins can also trigger
an immune response if a person that doesn’t naturally have them in their system is accidentally
exposed to them; for example, a person with type A blood (and hence type A antigen on their
red cells) receives type B blood (containing type B antigen on the red cells) on accident (choice
D can act as an antigen and can be eliminated). However, viral nucleic acid is found inside the
viral capsid. As such, it is “hidden” from the immune system and is not generally antigenic
(choice B does not act as an antigen and is the correct answer choice).

86.

B

Any cell infected with a virus will process viral antigens and present them in the context of an
MHC type I molecule on the cell surface. Cytotoxic T cells will recognize “non-self” viral antigen complexed with “self” MHC type I and will destroy the cell. If the infected macrophage’s
MHC type I molecules are prevented from moving to the cell surface by the virus, the macrophage cannot communicate its state of infection to cytotoxic T cells and will be spared (choice
B is correct and choice D is wrong; note that this is beneficial for the virus!). Macrophages do
not secrete antibodies, activated B cells do (choice A is wrong). It is a macrophage’s MHC type
II that is involved in presenting internalized antigen to helper T cells. Since adenovirus infection affects MHC I function, there should be no problem with MHC II function (choice C is
wrong).

87.

B

When testing for the presence of antibody in a patient’s blood, the antigen for which that antibody is specific must be bound to the microtiter well plate. Primary antibody is only bound to
the well plate when testing for the presence of antigen in a patient’s blood (choice A is wrong).
Neither secondary antibody (the one conjugated to an enzyme) nor the enzyme itself can ever
be bound to the well plate or false-positive results would occur (choices C and D are wrong).

88.

A

Western blotting uses antibodies to detect proteins. Proteins are separated via gel electrophoresis,
transferred to a membrane, and then probed with a primary antibody. Northern and Southern
blotting use the same general idea, but with nucleic acids; nucleic acids are first separated on a
gel, then transferred to a membrane, then probed with nucleic acids (choice D is wrong). Nucleic acids are not used to detect proteins (choice B is wrong) and antibodies are not used to detect
nucleic acids (choice C is wrong).

89.

A

Choice A is false and therefore the correct response here. Only large solutes like proteins are
filtered out. Sodium ions pass freely into the filtrate and must be reabsorbed later in filtrate processing to make urine.

90.

D

The afferent arteriole (which branches off the renal artery) supplies “dirty” blood to the glomerulus for filtering (A and C are involved in renal blood filtration and can be eliminated). Bowman’s capsule collects the filtrate from the glomerulus (choice B is involved in filtration and can
be eliminated). The peritubular capillaries wind around the nephron tubule and help with reclaiming reabsorbed substances and maintaining the salt concentration in the medulla. They do
not function in blood filtration (choice D is not involved in filtration and is the correct answer
choice).

91.

C

Aldosterone increases sodium uptake, and water reabsorption along with it, in the distal convoluted tubule and the collecting duct.
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92.

A

The steeper the osmotic gradient in the kidney, the greater the osmolarity of urine that can be
achieved to conserve water.

93.

C

Statement I is false: In response to low blood pressure, angiotensin II stimulates aldosterone
release from the adrenal cortex, not the pituitary gland (choices B and D can be eliminated).
Statement II is true: The increased blood osmolarity due to aldosterone release leads to ADH
release from the posterior pituitary and subsequent water retention (choice A can be eliminated).
Statement III is also true: Angiotensin II causes systemic vasoconstriction.

94.

A

When the pH of the body is too high, the kidney secretes bicarbonate (moves it from the blood
to the filtrate) to help eliminate the base and bring pH back down to normal. Secretion of H+,
an acid, would increase pH (choice B is wrong), as would reabsorption of bicarbonate (moving
it from the filtrate back into the bloodstream, choice C is wrong). Once formed, carbonic acid
dissociates into bicarbonate and a proton; it is not secreted as carbonic acid (choice D is wrong).

95.

D

It is the high osmolarity of the medulla that plays a key role in the formation of hyperosmotic
urine. The greater the osmolarity of the medulla, the more concentrated the urine can be (so
choice D is correct). Choices A and B can be eliminated since increasing the rate of filtrate formation or processing will not increase urine osmolarity, and C is not the best choice here since it
is true of both humans and rats.

96.

B

Pepsin and many other proteases are secreted in a “zymogen” form which is inactive when first
translated and secreted and must be activated in the proper extracellular environment. Pepsin is
secreted in the inactive form known as pepsinogen, which is cleaved in the acidic conditions of
the stomach to form the active protease pepsin.

97.

B

Chylomicrons are transported via lacteals to the lymphatic system. However, they do not enter
the intestinal blood capillaries like other dietary nutrients (B is false, and the correct answer
choice). Pepsin is made by chief cells of the stomach and is used to break large polypeptides into
di- and tripeptides (A is true and can be eliminated). Both CCK and secretin are produced by
the duodenum. They are hormones and are therefore released directly into the bloodstream (C
and D are true and can be eliminated).

98.

C

The small intestine is specialized for absorption of a variety of nutrients, with a large surface
area due to the villi and microvilli facing the lumen.

99.

D

Choices A, B, and C are all true and beneficial. Only D, causing disease, is not beneficial.

100.

A

Both the internal and external anal sphincters must be relaxed to allow feces to be expelled from
the body (A is correct and B is wrong). Rectal smooth muscle contracts (C is wrong) and intraabdominal pressure is increased (D is wrong) by expiring against a closed glottis (the Valsalva
maneuver) in an effort to propel feces out of the rectal vault.

101.

D

Herbivores cannot digest cellulose, but have lengthy digestive systems in which microorganisms
thrive, digesting the cellulose and providing the herbivores with the breakdown products.
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102.

D

The liver plays a key metabolic role in many ways. One thing the liver does is to store carbohydrates as glycogen during periods in which carbohydrates and energy are abundant (eliminating A). The liver is also involved in fat metabolism. If glycogen stores are at maximum levels,
glucose is converted to fatty acids and stored as triglycerides (eliminating B). The deamination
of amino acids can be performed in the liver to allow amino acids to enter metabolic pathways,
providing energy (eliminating C). The synthesis of red blood cells occurs in the bone marrow
and is not associated with the liver; D is false and the correct response here.

103.

B

Skeletal muscle is striated, but the cells are multinucleate (choice A is wrong). Cardiac muscle is
striated and has a branched appearance. The cells are mononucleate and form a functional syncytium where each cell is connected to several others via gap junctions (choice B is correct). Neither multiunit smooth muscle (such as in the iris of the eye) nor visceral smooth muscle (such as
in the wall of the gut) is striated and neither is branched, although the cells are mononucleate
(choices C and D are wrong).

104.

A

A fascicle is a bundle of many skeletal muscle cells held together with connective tissue, and is
the largest structure here (choice D is wrong). A skeletal muscle cell is also called a myofiber
(choice B is wrong) and contains actin and myosin bundled into myofibrils. The functional unit
of a myofibril is the sarcomere, which is a small section of the myofibril bound by two Z lines
(choice C is wrong).

105.

B

Tropomyosin winds around actin (choice A is true and can be eliminated), blocking the myosin
binding sites (choice C is true and can be eliminated). Troponin regulates tropomyosin (choice
D is true and can be eliminated) via binding to Ca2+ (choice B is false and the correct answer
choice).

106.

D

Cardiac muscle contains essentially the same organization of actin/myosin myofilaments found
in skeletal muscle that give this tissue a striated appearance under the microscope (Item I is
true). Although cardiac muscle is not a true syncytium, with more than one nucleus per cell, it
is a functional syncytium since neighboring cells are linked by gap junctions that communicate
action potentials directly from the cytoplasm of one cell to another (Item II is true). Stimulation
by the sympathetic system increases the heart rate, while parasympathetic stimulation decreases
the heart rate (Item III is true).

107.

A

The sarcoplasmic reticulum is a type of smooth endoplasmic reticulum (choice C is true and can
be eliminated). It functions in calcium sequestering, storage and release (choice D is true and
can be eliminated) and therefore also in skeletal muscle contraction (choice B is true and can be
eliminated). However it contains voltage-gated Ca 2+ channels (and Ca 2+-ATPase transporters),
not ligand-gated channels (choice A is false and the correct answer choice).

108.

A

The somatic nervous system is the voluntary or conscious branch of the peripheral nervous system and controls skeletal muscle contraction. Cardiac muscle is autorhythmic and generates its
own contraction (although the rate of contraction can be controlled by the autonomic system)
and both types of smooth muscle are under control of the autonomic nervous system (choices B,
C, and D are wrong).
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109.

C

Statement I is true: Fast voltage-gated sodium channels are responsible for depolarization in
both skeletal muscle cells and cardiac muscle cells (choice B can be eliminated). Statement II is
false: only cardiac muscle cells have a depolarization plateau (choice D can be eliminated). Statement III is true: voltage-gated potassium channels are responsible for repolarization in both cell
types (choice A can be eliminated)

110.

A

The A bands are myosin filaments, and the Z lines are the ends of the sarcomeres. The lengths
of these do not change during contraction. It is the overlap between thick and thin filaments
which increases during contraction. The nonoverlapping regions decrease in length, including
the I bands on the ends of the sarcomere with actin thin filaments only, and H zones in the
middle with myosin filaments only.

111.

C

Cartilage and bone are both connective tissue, acting to connect and support, and are related
in their lineage and activities (Items I and III are true; choices A and B can be elimimated).
Muscle is a distinct tissue in form, function, and derivation (Item II is false; choice D can be
eliminated).

112.

D

Vitamin D, parathyroid hormone, and calcitonin are all involved in calcium metabolism and
bone remodeling. Thyroxine has important general metabolic effects but is not involved in bone
remodeling.

113.

B

Red bone marrow is found in the spongy bone within flat bones, such as the scapulae and pelvic girdle (choice D is true and can be eliminated). Red marrow responds to erythropoietin, a
hormone formed in the kidneys, by stimulating the production of red blood cells (choice A is
true and can be eliminated). However, compared to red marrow, yellow marrow is functionally
inactive (choice C is true and can be eliminated) and is comprised mostly of fat cells (adipocytes,
choice B is false and the correct answer choice).

114.

C

Osteoblasts that become entrapped by bone are called osteocytes and maintain cytoplasmic attachments with one another via gap junctions. These cytoplasmic extensions traverse tiny channels (canaliculi), which course through the surrounding bone. Central (Haversian) canals contain lymph vessels, blood vessels, and nerves (choices A and B are wrong). Individual osteons are
physically connected and are also connected via perforating (Volkmann’s) canals, which carry
vessels (choice D is wrong).

115.

D

Calcitonin (made in the thyroid), parathyroid hormone (made in the four parathyroid glands),
and the biologically active form of Vitamin D (which requires hydroxylation reactions in both
the liver and kidneys) coordinate bone remodeling by acting on osteoblasts and osteoclasts in
the bone. These hormones also act on the intestines and kidneys to regulate levels of calcium
and phosphate, the constituents of the inorganic component of bone (hydroxyapatite). All items
are correct.
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116.

A

The primary role of parathyroid hormone (PTH) is to increase free calcium levels in the blood.
To achieve this, PTH targets three organs. First, PTH fosters bone resorption by promoting
osteoclast activity (choices B and D are effects of PTH and can be eliminated). Osteoclasts
(close relatives of macrophages) dissolve bone, releasing calcium and phosphate into the blood.
PTH targets the kidneys to increase calcium reabsorption, also increasing blood calcium levels
(choice C is an effect of PTH and can be eliminated). Because calcium may re-precipitate with
phosphate to lay down new bone, PTH also acts to decrease phosphate levels by INCREASING phosphate excretion in the kidneys. This helps “trap” free calcium in the blood (choice A
is false and the correct answer choice). Note that you did not have to understand PTH’s role in
phosphate excretion to answer this question... the correct answer is obtainable simply by process
of elimination.

117.

A

Air enters the pharynx (“throat”) first (choices B and D are wrong), and enters the bronchioles
prior to the alveoli (choice A is correct and C is wrong). The correct sequence is pharynx – larynx – bronchioles – alveoli.

118.

C

Surfactant is produced in the alveoli so it primarily affects surface tension in that region. It may
have some small effect on the respiratory bronchioles (which contain alveoli in their walls) due
to the leakage of surfactant from these alveoli into the respiratory bronchiole tube. However, it
would not have any effect on the terminal bronchioles, nor on any structure higher in the respiratory tree. Since the question asks for the most likely effect, and since it does not differentiate
between the respiratory and the terminal bronchioles, choices A and B can be eliminated. Normally, the presence of surfactant reduces surface tension in the alveoli, so if the production of
surfactant were decreased, we would expect to see an increase in alveolar surface tension (choice
C is correct and D is wrong).

119.

B

The affinity of hemoglobin for oxygen is highest in the lungs (where it needs to pick up oxygen,
choices A and C are wrong) and lowest in the tissues (where it needs to release oxygen, choice B
is correct and D is wrong).

120.

B

The pulmonary artery carries deoxygenated blood from the right ventricle to the lungs, so it carries the blood with the highest amount of carbon dioxide. The pulmonary vein carries oxygenrich, CO2-poor blood from the lungs to the left atrium (choice A is wrong), the aorta carries this
same oxygen-rich, CO2-poor blood to the body (choice C is wrong), and the renal artery carries
oxygen-rich, CO2-poor blood to the kidneys (choice D is wrong).

121.

D

A left-shifted curve is representative of hemoglobin with a higher oxygen affinity (i.e., it binds
oxygen more tightly and does not release it as readily). In contrast, a right-shifted curve represents hemoglobin with a lower affinity for oxygen, making it easier to release that oxygen to the
tissues. Fetal hemoglobin has a higher affinity for oxygen compared to adult hemoglobin; this
way it can “steal” oxygen off of Mom’s hemoglobin (choice A would display a left-shifted curve
and can be eliminated). Decreased CO2 and decreased temperatures are consistent with situations when the body is in a state of rest; under these conditions oxygen demand in the tissues is
not as high and the hemoglobin can have a higher O2 affinity (choices B and C would display
a left-shifted curve and can be eliminated). However, a decrease in pH is indicative of an increase in activity (due to lactic acid production and increased CO2 from aerobic respiration); in
high-activity situations the tissue’s need for oxygen increases, thus the hemoglobin dissociation
curve shifts to the right, allowing for oxygen to be released to the tissues more readily (choice D
would lead to a right-shifted curve and is the correct answer here).
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122.

B

Negative intrapleural pressure is what drives air into the lungs during inhalation. When the
chest cavity increases in size, the intrapleural pressure becomes more negative. The chest wall is
moving outward due to muscle contraction, and lung tissue is elastic, thus resisting the outward
pull. Hence, while inspiration is happening, the pressure is getting more and more negative; i.e.,
the expansion of the lungs doesn’t quite keep up with the chest wall, and pressure reaches its
most negative value when the chest cavity is the most expanded at the end of inhalation (choice
B is correct and A is wrong). Exhalation involves increasing the intrapleural pressure to push air
out (choices C and D are wrong).

123.

D

A blockage that completely obstructs air flow means that no gas exchange will occur in that
region. A complete blockage in the left primary bronchus would cause the pH of the blood in
the left lung to decrease, due to an accumulation of carbon dioxide (choices A and C are wrong).
A decrease in pH causes the hemoglobin saturation curve to shift to the right (the Bohr shift,
choice B is wrong).

124.

A

Ventilation rate is controlled by chemoreceptors that respond to blood pH or to gases dissolved
in the blood (CO2 and O2). Because iron is required for hemoglobin production, an individual
suffering from iron-deficiency anemia will have a reduced amount of hemoglobin and thus a reduced ability to transport oxygen in the blood. However, this will not change the ability of oxygen to dissolve in the plasma (this is a chemical property of oxygen, choice B is wrong), hence
the chemoreceptors would not detect any difference in dissolved blood gases and would not
change ventilation rate. Blood pH would not be significantly affected, and if anything might
experience a slight decrease due to an increased reliance on glycolysis (choice C is wrong), and
there is no reason to assume that a lack of oxygen would increase blood CO2 levels (choice D is
wrong).

125.

D

RT-PCR uses reverse transcriptase with an intial mRNA sample to generate cDNA, then specific nucleotide primers to amplify specific sequences within that cDNA (choice D is correct).
DNA fingerprinting is a method by which scientists can distinguish different DNA samples,
but does NOT generate a large amount of DNA (choice A is wrong). Gas chromatography is
used to separate very small molecular weight particles with different volatility, but is not used
to increase amounts of DNA (choice B is wrong). C is a nonsense answer; RFLP analysis is a
means of distinguishing different strands of DNA, but not for generating a large pool of the
material. Further, it does not rely on aberrant cell growth (choice C is wrong).

126.

A

A mechanism used to get rid of excess heat is to dilate arterioles leading to the skin (choice A),
putting more blood closer to the atmosphere where the heat can radiate away. Choices B, C, and
D all generate, not dissipate heat.

127.

D

The skin serves as a barrier against invading pathogens and also maintains a natural flora of bacteria that out-compete potential infectious microbes (statement I is true). The skin is also a site
of thermoregulation: Sweating allows heat loss by evaporation, and blood vessels in the dermis
allow heat loss by conduction (statement II is true). Melanin is a dark pigment produced by cells
called melanocytes. This pigment offers protection against UV-induced damage to cells’ nucleic
acids (statement III is also true).
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128.

C

Aldosterone increases renal sodium reabsorption, returning more sodium to the blood. In the
skin, this hormone also acts to conserve sodium by decreasing this ion’s secretion (i.e., leaving
more sodium in the blood, choices A and B are wrong). Sweat with less sodium (salt) will be
more dilute, not more concentrated (choice C is correct and D is wrong).

129.

D

The sympathetic nervous system mediates the “fight or flight” response and causes increased
sweating (to accommodate increased heat production from muscle activity, choice A is true and
can be eliminated) and constriction of blood vessels in the skin (so that blood is shunted to the
skeletal muscles, which are working overtime, choice D is false and the correct answer choice).
The skin only receives sympathetic innervation (choice C is true and can be eliminated). Answer
choice B is actually true (and can be eliminated): The innervation of sweat glands is one exception to the rule that postganglionic sympathetic neurons only secrete norepinephrine.

130.

C

The skin’s epidermis and its derivatives (which include hair, nails, and sweat glands) are derived
from the ectoderm (Items I and III are true). The dermis of the skin is derived from the mesoderm (Item II is false).

131.

C

Skin, especially subcutaneous fat, acts as a great insulator. This is why very thin people may
feel cold quickly (choice A is a thermoregulatory function of the skin and can be eliminated).
Vasoconstriction would decrease blood flow near the skin’s surface and reduce heat loss by conduction (choice B is a thermoregulatory function of the skin and can be eliminated), and vasodilation would INCREASE heat loss by conduction (choice C is false and is the correct answer
choice). Sweating increases heat loss by evaporation (choice D is a thermoregulatory function of
the skin and can be eliminated). Note that focusing in on answer choices that are opposites (e.g.,
choices B and C) is a great strategy for the MCAT, as one of the opposites is often the correct
choice.

132.

C

The spermatozoon, spermatid, and the secondary spermatocyte all occur in spermatogenesis
after the first meiotic division; thus they have all had their chromosome numbers reduced and
are haploid (choices A, B, and D are haploid and can be eliminated). The primary spermatocyte
gets activated from the spermatogonium and is ready to enter meiosis I, thus it has not undergone any divisions and is still diploid (choice C is not haploid and the correct answer choice).

133.

D

Leydig cells secrete testosterone, which causes development of male secondary sexual characteristics in male. Testosterone feeds back to the anterior pituitary (and the hypothalamus) to
inhibit release of FSH and LH. The anterior pituitary does secrete FSH, however it stimulates
Sertoli cells (also know as sustenacular cells), not Leydig cells (choice A is wrong). LH is also
secreted by the anterior pituitary (not the posterior, choice B is wrong) and stimulates Leydig
cells (also know as interstitial cells) to secreted testosterone (choice B is wrong). Sertoli cells (not
Leydig cells) secrete inhibin, which decreases FSH secretion from the anterior pituitary (choice
C is wrong).

134.

A

Only the first phase of the male sexual act, arousal, is under control of the parasympathetic nervous system. This includes dilation of arteries in the erectile tissue (choice A is not controlled by
the sympathetic system and is the correct answer choice). The orgasm (emission and ejaculation)
and resolution (constriction of erectile arteries) phases of the male sexual act are under sympathetic control (choices B, C and D are under control of the sympathetic nervous system and can
be eliminated).
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135.

B

During meiosis, there are two rounds of cell division: meiosis I and meiosis II. During embryonic development of females, oogenesis proceeds up to the formation of primary oocytes, which
are arrested in meiotic prophase I. They will remain arrested at this stage up until the time that
they prepare for ovulation and complete meiosis I, including going through anaphase I, to form
secondary oocytes which are ovulated. Stage 2, the progression from primary to secondary oocytes, includes anaphase I.

136.

D

The primary follicle includes a primary oocyte and, moving outward from the egg surface, a
zona pellucida (choice B is wrong), granulosa cells (choice C is wrong), and thecal cells (choice
A is wrong). The second polar body is formed after completion of the second meiotic division,
only after fertilization and much later than when the primary follicle is present (choice D is
c orrect).

137.

A

Primary oocytes are arrested in meiotic prophase I in the ovaries from birth until they are
stimulated to ovulate sometime during sexual maturity.

138.

B

Choice A is incorrect since the follicle is present during the follicular phase, not the luteal phase.
The corona radiata (choice C) is the group of cells surrounding the oocyte after ovulation, and
the ovarian medulla (choice D) is mostly connective tissue and blood vessels and does not secrete anything, so both of these may be eliminated. The corpus luteum (choice B) is the remnant of the follicle after ovulation has occurred. It is an endocrine structure that secretes progesterone (and which the luteal phase is named for).

139.

C

It is possible that a patient with elevated liver metabolism would degrade the hormones in the
BCP faster than usual, and hormone levels could be lower than they should be (this patient
should be worried and choice A can be eliminated). It is possible that a patient with severe diarrhea, because of increased motility in the GI tract, is not absorbing the hormones in the pill
properly (this patient should also be worried and choice B can be eliminated). If a certain antidepressant drug changes hormone levels in the body, it is possible that it might interact with or
affect the hormones in the BCP (this patient should be worried and choice D can be eliminated).
However, if a GnRH antagonist competes for the GnRH receptors, this would reduce the effects of GnRH, leading to a decrease in the release of the gonadotropins, which mimics the
effect of the BCP. This patient has little to worry about (choice C is correct). In fact, in certain
cases, GnRH antagonists can be used to inhibit ovulation.

140.

B

The three germ layers are first formed during gastrulation. The morula and the blastula occur
prior to gastrulation (choices A and C are wrong), and the neurula is derived from ectodermal
cells formed during gastrulation (choice D is wrong and B is correct).

141.

A

The mesoderm forms muscles, blood, bone, reproductive organs, and kidneys.

142.

D

The ectoderm forms the skin and the nervous system, including the brain.

143.

D

Human chorionic gonadotropin (hCG) is secreted from the trophoblast (which ultimately becomes the placenta) during early development to keep the corpus luteum from degenerating.
This keeps progesterone high in order to maintain the uterine lining. The inner cell mass ultimately becomes the embryo and does not secrete hCG (choice A is wrong), the zygote is the
initial cell formed when the sperm and egg fuse (choice B is wrong), and the morula is a solid
ball of cells formed after many cell divisions of the zygote (choice C is wrong).
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144.

A

A blastocyst consists of an outer cell mass and an inner cell mass. The outer cell mass, or trophoblast, develops first into the chorion and ultimately into the placenta. The inner cell mass
develops into the embryo, amnion, yolk sac and allantois (choices B, C and D are wrong).

145.

C

When one type of cell is transplanted and then becomes more like its surrounding cells, that process is called induction. This typically must happen early enough in development so that specific
genes are not yet turned on. Once the genetic program in a cell has been invoked, that cell’s fate
has been determined and the cell can no longer be induced to become a different cell (choice A is
wrong). Differentiation is the actual act of transforming into a more mature cell type (choice B is
wrong), and imprinting occurs when a newborn animal sees its mother for the first time and has
nothing to do with cellular development (choice D is wrong).

146.

A

The Y chromosome must be present for male genitalia to develop, and Mullerian inhibiting factor (MIF) must be present to prevent female genitalia from developing. If the Y chromosome is
present, and MIF is absent or mutant (non-functional), then both sets of genitalia will develop.
There is no such thing as Wolffian inhibiting factor (choices B and C are wrong). An extra X
chromosome would not lead to increased estrogen, and even if it did, as long as MIF was present, no female genitalia would develop (choice D is wrong).

Passage 1
1.

B

The radioactive label is used as a means to detect the amino acid. If the radiolabeled amino acid
does not behave in the same manner as the normal amino acid, then the results observed will
not reflect the normal transport mechanism; thus, B is correct. Choices A, C, and D indicate
that the radiolabel alters transport, which would make any conclusions based on radiolabel
invalid.

2.

D

Both aerobes and anaerobes have a proton gradient. Aerobes use electron transport to produce
the proton gradient, which is used in turn to drive ATP synthesis. Anaerobes, however, consume ATP to produce a proton gradient, as depicted in Figure 1. This supports choice D. A
is wrong because both types of cells must allow for protons to both exit and enter the cell to
maintain balance. Choice B seems to state that phosphorylation of the ATP synthetase protein
regulates its activity, but no information is presented to support this statement. Choice C states
that ATP synthetase functions in the same manner in both aerobes and anaerobes, while the
figure depicts the enzyme functioning in an opposite manner in the two types of cells.

3.

C

Glycolysis requires NAD+ to proceed at the glyceraldehyde 3-phosphate dehydrogenase step
(choice C), where it is a cofactor for this enzyme and is converted to NADH. Oxygen is not directly required for glycolysis (eliminating A), but for oxidative phosphorylation. Lactic acid can
sometimes be produced as a fermentation product during glycolysis in anaerobic circumstances,
but it is not required for glycolysis to occur in the first place (eliminating B).

4.

B

Proteins transporting ions through the plasma membrane typically are highly selective in the
ions they transport. Both H+ and Na+ are cations, so B is the best response.
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5.

A

Proteins that transport ions through the membrane are generally highly selective in the ions
they transport. One ion cannot typically substitute for another in a transport process. Proteins
responsible for cotransport of sodium with lysine or other substances will not recognize magnesium, so lysine uptake would decrease (supporting choice A but not choice B). Choice C is
wrong since there is no information linking flagella movement with the Na+ gradient. Choice D
is wrong, since uptake of other substances dependent on sodium cotransport will also decrease.

6.

D

Absence of radiolabel indicates that lysine import failed to occur. Both aerobic and anaerobic
bacteria import lysine, so lack of import does not indicate the mode of respiration; this eliminates choices A and B. Choice C is incorrect since there is no information suggesting that ATP
must be added to the medium; cells make their own. The answer is D: The cotransport of sodium is essential for lysine import, but other factors must also be present.

7.

C

Both aerobic and anaerobic bacteria use a proton gradient to drive lactose import. Making the
medium more acidic will increase the proton gradient and increase cotransport of lactose and
other substances; thus, C is correct. Choice A is wrong because an increased proton gradient
will also increase ATP synthesis, and B is wrong since lactic acid can be the result of anaerobic
fermentation, but its presence would not induce anaerobic fermentation. As for choice D, uncoupling is induced by substances which carry protons through the membrane, reducing the
proton gradient without generating ATP, and there is no reason to believe that lactate does this.

8.

B

The passage states that the bacteria are hypotonic in saltwater. Since fresh water contains no
solutes, whereas the bacteria do, they must be hypertonic in fresh water.

Passage 2
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1.

B

An important characteristic of enzymes is their ability to catalyze reactions in a stereospecific
manner. Citrate is symmetrical, but isocitrate does not wind up with radiolabel on both ends.
Aconitase must be able to catalyze the reaction in a stereospecific manner, acting only on one
end of citrate and not the other (choice B, not A). The information given says nothing about
rates (eliminating C), and succinate dehydrogenase does not act on α-ketoglutarate (eliminating
choice D).

2.

B

The key is to remember that each glucose is split into two three-carbon molecules that each end
up as a pyruvate at the end of glycolysis. Each pyruvate forms one acetyl CoA, so the net reaction per glucose must start with 2 acetyl CoA on the left side of the equation. Only one choice
has this: choice B.

3.

A

In the absence of the Krebs cycle, only the electrons from glycolytic NADH would be supplied
to the electron transport chain, resulting in the production of less ATP (choice D is wrong).
(Note that the ETC should still be functional; there is no reason to assume conditions have
become anaerobic. All we are told is that the Krebs cycle was “suddenly arrested.”) To compensate for the reduced ATP production, the cell would have to consume more glucose. The cytochromes (proteins in the ETC) would not be affected (choice B is wrong). Neither would there
be an increase in lactic acid; remember, conditions are not anaerobic (choice C is wrong).

4.

D

α-Ketoglutarate loses a CO2 (decarboxylation), and NAD+ is converted to NADH, picking up
high-energy electrons (it is reduced). Choice D is the answer. In general, the Krebs cycle involves the reduction of NAD+ and FAD to form high-energy electron carriers (NADH and
FADH2), which in turn reduce components of the electron-transport chain.
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5.

D

Since the enzyme is stereospecific, it can distinguish one end of citrate from the other. If it were
not stereospecific, one would expect the enzyme to treat both ends of citrate equivalently, resulting in half of the label in succinate and half in CO2.

6.

D

Pyruvate dehydrogenase and the Krebs cycle are located in mitochondria, so the matrix of the
mitochondria is the best choice.

7.

D

Citrate has two sides which are the same. It does not have any carbons in which all four substituents are different, so it has no chiral centers and is therefore optically inactive.

Passage 3
1.

B

Insulin is a hormone, not an enzyme. It does not itself catalyze reactions.

2.

C

In hypotonic medium, there will be greater osmotic pressure in the cell than in the medium,
tending to draw water into the cell and decrease the interior osmotic pressure (which eliminates
choice A). Bacteria with intact cell walls can exist in hypotonic media since the rigid cell wall
helps to oppose the osmotic pressure within the cell. In the absence of the cell wall, water will
flow into the cell (choice C), and it will burst. There is no reason to assume an increase in ATP
consumption (choice B is wrong) or in protein production (choice D is wrong).

3.

B

The NAM and NAG units are linked by β-glycosidic bonds, so this is the type of bond hydrolyzed by lysozyme.

4.

D

Prosthetic groups are not part of the amino acid sequence of proteins, but are nonprotein components of enzymes which are required for enzyme activity. For example, some enzymes contain
biotin as a prosthetic group. Statements I, II, and III are all true.

5.

B

In these particular steps, glutamic acid 35 is donating a proton to the hydrolyzed NAM residue.

6.

A

In Step 3, water supplies a proton to the Glu 35 residue and an OH– which attacks the carbocation. If radiolabeled, water could label the reaction product (hydrolyzed NAG group) and indicate the site of enzymatic cleavage; thus, A is correct. B is false since radioactive Asp 52 would
be part of the enzyme and would remain part of the enzyme, providing no information about
the reaction. C is wrong because excess Glu 35 does not make sense: This is a part of the enzyme,
not a soluble amino acid, and it cannot be added separately in excess. And D is incorrect since
we have no specific information about the effect of pH on the lysozyme reaction mechanism. It
is likely that low pH would diminish enzyme activity, as it does for most enzymes at lower than
physiological pH.

Passage 4
1.

B

The passage states that the ion is attracted to Photosystem 1 by the attraction of opposite charges
(positively-charged photosystem and negatively-charged hexachloroplatinate ion).
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2.

A

The main result of the light phase, as depicted in Figure 1, is the reduction of NADP+ to make
NADPH (choice A). Choice B is wrong since NADP+ is converted into NADPH, not vice versa.
Choice C is incorrect since in any system, mass and charge are conserved. Electrons move from
one molecule to another, but they are not created or destroyed in a chemical reaction. Choice D
is eliminated since Figure 1 depicts electrons moving from Photosystem 2 to Photosystem 1.

3.

D

The passage states that the light reactions supply the dark reactions with a “high energy substrate”.  The most likely candidate among the choices is ATP.

4.

C

NADPH contains ribose, a pentose.

5.

B

The light phase makes NADPH, and the dark phase consumes it. In the absence of the dark
phase, NADPH will continue to be produced, but none will be consumed, making NADPH
levels rise (choice B). Choice C is wrong since the dark phase is responsible for biosynthesis,
such as carbohydrate production, so this will decrease, not increase. Choice D can be eliminated since the amount of light and photoactivation should remain the same.

6.

B

Proteins are composed of amino acid residues which are joined together by peptide bonds during the translation process. To split the protein into smaller pieces, proteases and chemical reagents act to hydrolyze the peptide bond, reversing the biosynthetic process.

7.

C

A racemic mixture is one which contains equal quantities of two stereoisomers which rotate
plane-polarized light in opposite directions. Since there are equal quantities of both, the mixture is optically inactive; thus, choice C is correct (and choice D is not). As for choice A, all
carbohydrates, such as glucose, are composed of only carbon, hydrogen, and oxygen. Choice B
is wrong since glucose has six carbons, with the carbonyl group on the terminal carbon, making
it an aldohexose.

Passage 5
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1.

D

During oxidative phosphorylation, the final electron acceptor from NADH is O2, but during
fermentation, the final acceptor is an organic compound.

2.

C

Pyruvate is decarboxylated (it loses a CO2), and acetaldehyde is reduced by NADH.

3.

A

Pyruvate is reduced (accepting electrons), and NADH is oxidized (choice A). Choices B, C, and
D are wrong since in fermentation, NADH is oxidized to NAD+.

4.

A

Lactic acid will decrease the pH of plasma. Carbon dioxide dissolved in plasma also decreases
the pH through conversion to carbonic acid. The respiratory rate is regulated to increase when
the plasma becomes more acidic, getting rid of CO2 and making the plasma more alkaline
again.

5.

B

Only in fermentation is NAD+ regenerated (choice B). Glycolysis consumes NAD+, converting
it to NADH. Under aerobic conditions, oxidative phosphorylation must occur to convert the
NADH back to NAD+ for glycolysis to continue. Choices A, C, and D are incorrect since both
fermentation and normal glycolysis result in the oxidation of glucose, with ATP production and
transfer of high-energy electrons to NAD+.
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6.

B

Muscle cells can produce ATP through aerobic respiration, with glycolysis linked to the Krebs
cycle and oxidative phosphorylation. Under anaerobic conditions, muscle cells can produce ATP
through fermentation, using NADH to reduce pyruvate to lactic acid and regenerate NAD+.
This is similar to metabolism in facultative anaerobes, which are able to use either fermentation
or oxidative phosphorylation, depending on the availability of oxygen. Thus, B is the answer.
Choices A and D can be eliminated since muscle cells can use lactic-acid fermentation to survive without using oxygen during periods of strenuous activity, and C is wrong since muscle
cells will use aerobic respiration most of the time, except during strenuous exercise which uses
oxygen faster than it can be supplied.

Passage 6

Passage 6 is labeled as an “Advanced Passage”. This passage (and the other passages labeled similarly) is longer
and more difficult than anything you will see on the MCAT, so don’t be discouraged! The reasons you are
doing these passages are: 1) to improve your test-taking skills, and 2) to improve your mastery of the material.
Both of these goals are best met by more difficult practice passages. When you tackle a tough passage like
this one, study the explanations to familiarize yourself with the information—don’t memorize all the details.
More importantly, study the questions and the explanations together to see how you could have answered the
question correctly without fully understanding the theory. Though this passage is tougher than your average
MCAT passage, you will definitely see a few questions that are this tough, and again, the best way to get good
at easy passages is to do hard ones.
1.

A
A: Yes. This is the correct choice because the equation is balanced and accounts for changes in
FAD and NAD+ redox states and H2O as a reactant. Remember that the acyl-CoA formed after
one turn is two carbons shorter than the acyl-CoA entering the cycle.
B: No, this does not account for changes in the redox state of NAD+ and FAD, and it is not a balanced equation.
C: No, this does not account for NAD+ and FAD as redox reactants.
D: No. This equation is not balanced: the left side is missing a CoA and the right side an H+.

2.

D
A: No. An isomerase rearranges the linkages of atoms between compounds with identical molecular formulas. In this case, two protons are removed as a double bond is created, so the reactant
(acyl-CoA) is not an isomer of the product (enoyl-CoA).
B: No. The conversion of enoyl-CoA to L-hydroxy acyl-CoA is a hydration reaction. In the hydration of an alkene, water acts as a nucleophile to destroy the double bond and produce an alcohol.
C: No, this is an oxidation, in which two C–H bonds are replaced by a C=C double bond. Note
that FAD gets reduced, as the reactant is oxidized.
D: Yes. An enoyl consists of a carbonyl group plus a double bond between the α and β carbons.
(Recall that the carbonyl carbon is #1; the next carbon, #2, is known as the α carbon; carbon #3
is the β carbon.) Creating a double bond from a single bond is an oxidation. Also, the reduction
of FAD to FADH2 (gain of electrons) is a signal that the conversion of acyl-CoA to enoyl-CoA
is an oxidation. Remember that oxidations are always accompanied by reductions.
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3.

C
A & B: No. Don’t forget to add the ATP produced by acetyl-CoA in the citric acid cycle! See C.
C: Yes. In order for a 16-carbon fatty acid to be completely oxidized, 7 turns of the cycle must be
completed, which produces 7 FADH2, 7 NADH, and 8 acetyl-CoA. Each acetyl-CoA then
goes through the citric acid cycle and produces 3 NADH, 1 FADH2, and 1 GTP; since there
are 8 acetyl-CoA, the total is 24 NADH, 8 FADH2, and 8 GTP. The grand total for both β
oxidation and the citric acid cycle is 15 FADH2, 31 NADH, and 8 GTP. Each FADH2 produces
1.5 ATP, and each NADH produces 2.5 ATP in oxidative phosphorylation. The total ATP produced is (15 × 1.5) + (31 × 2.5) + (8 × 1) = 108 ATP. We subtract the 2 ATP required to activate
the fatty acid (from the passage), giving the grand total of 106 ATP.
D: No. Don’t forget the activation “cost” of 2 ATP equivalents. (Remember, the conversion of 1
ATP to 1 AMP has the same energy cost as the conversion of 2 ATP to 2 ADP.)

4.

D
A: No. Synthesis occurs in the cytosol, while oxidation occurs in the mitochondrial matrix.
B: No. Synthesis requires NADPH, while NAD+ is produced in oxidation.
C: No. Like most opposing pathways, different enzymes are involved in fatty acid synthesis and
oxidation.
D: Yes. Synthesis builds fatty acids out of acetyl-CoA two-carbon units, while oxidation produces
acetyl-CoA.

5.

B
A: No. This is phenylpropionate. Knoop’s dogs digested it to benzoate. According to the passage,
FA’s with an even number of carbon atoms in their chains plus a phenyl ring (in this case
phenylpalmitate) result in phenylacetate in the urine.
B. Yes. This is phenylacetate. From Knoop’s experiment, fatty acids with an even number of carbons produce phenylacetate. The key point here is that either benzoate or phenylacetate will
result when any FA with an attached phenyl is digested.
C: No. This is benzoate, which was produced when fatty acids with odd numbers of carbons were
fed to dogs.
D: No. This is phenol. See B.

6.

B
A: No. Citrate is produced when OAA combines with acetyl-CoA in the citric acid cycle.
B: Yes. Under conditions of low carbohydrate availability (i.e., fasting), OAA is used for gluconeogenesis. This lowers its availability to the citric acid cycle. An insufficient supply of OAA, which
combines with acetyl-CoA at the beginning of the citric acid cycle, prevents acetyl-CoA from
being further oxidized.
C: No. Acetyl-CoA cannot be converted to glucose. A little glucose is necessary to provide OAA if
the citric acid cycle is to run.
D: No; true but irrelevant.

7.

C
A: No, there is a dehydrogenation, not a hydration.
B: No, this is dehydrogenation, which is an oxidation, not a reduction. See C.
C: Yes. Conversion of an alcohol to a ketone is an oxidative removal of protons, a dehydrogenation.
And as noted in #2D, when you see an electron carrier (NAD+ in this case) get reduced, you
know an oxidation has taken place.
D: No, it is not a transacylation reaction. See C.
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8.

C
Item I: True. The TCA cycle occurs in the mitochondrial matrix, as does β-oxidation.
Item II: False. Glycolysis occurs in the cytosol.
Item III: True. This step is the transition from glycolysis to the TCA cycle, and it occurs in the
mitochondrial matrix.

9.

C
A: No. In the absence of oxygen, the electron transport chain is shut down; this prevents the oxidation of NADH and FADH2 to NAD+ and FAD. Without NAD+ and FAD, the β-oxidation
cycle would stop, not accelerate.
B: No. In fact, the availability of CoA would increase because it would be unable to react with
fatty acids in the cycle.
C: Yes. The electron transport chain and oxidative phosphorylation normally use oxygen to oxidize NADH and FADH2, thereby regenerating NAD+ and FAD. Without oxygen, NADH and
FADH2 build up.
D: No. This statement is accurate, but it describes the effect on glucose breakdown, not fatty acid
breakdown. When oxygen is scarce, the pyruvate made from glucose is fermented to lactate instead of decarboxylated to an acetyl unit. The role of fermentation is to recycle the NAD+ necessary for glycolysis.

Passage 7
1.

C
A: No, it is a decarboxylation (CO2 is a product).
B: No, it is an oxidation (note that NADP+ is reduced to NADPH, i.e., it accepts electrons as something else is oxidized).
C: Yes. This is an oxidative decarboxylation, in which glucose’s terminal aldehyde is oxidized to a
carboxylic acid which is then removed.
D: No. Isomers have the same atomic composition, but here CO2 is removed.

2.

D
D: Yes. The passage indicates that UTP inhibits carbamoyl phosphate synthase, and the diagram
shows that AMP, GMP, and CTP all exert feedback inhibition.

3.

D
A: No, nothing in the passage indicates this to be the case.
B: The passage states that ATP activates carbamoyl phosphate synthase, and carbamoyl phospahte
is used in the production of CTP and UTP, which are pyrimidines. But this is too limited.
C: The figure shows that ATP activates or is required by ribose phosphate pyrophosphokinase,
which converts ribose-5-P into PRPP, which is needed for both purine and pyrimidine production. But this is too limited.
D: Yes. See explanations for choices B and C.

4.

C
A:
B:
C:
D:

No, since it leaves out water, NADP, etc.
No, since it leaves out ATP.
Yes. This is correct.
No, note that in order to make PRPP, ribose is not converted to glyceraldehyde and fructose,
but to PRPP.
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5.

D
Item I: True. NADPH is a product of the pathway. The PPP is the main source for NADPH, which
is essential for reductive biosyntheses (e.g., fatty acid synthesis).
Item II: True. The glycolytic intermediates F6P and glyceraldehyde-3-P are made.
Item III: True. Ribose-5-phosphate can be made from G6P.

6.

A
A: Yes. Glutamine and PRPP are the only building blocks for the synthesis of the purines (AMP
and GMP) shown in the figure.
B: No, carbamoyl phosphate and PRPP together make pyrimidines.
C: No, carbamoyl phosphate is not needed.
D: No, these are reactants for making pyrimidines.

7.

A
Item I: True. The PPP replenishes NADPH, which is used for reductive biosynthesis of macromolecules, such as fatty acids in adipose tissue. Muscles characteristically are sites where oxidation
takes place.
Item II: False. NADH is used to generate ATP through oxidative phosphorylation. NADPH cannot
be used.
Item III: False. The sugars vary in the numbers of carbons. Isomers share atomic composition.

8.

D
Item I: True. Since TTP is a pyrimidine, it is safe to assume it is made in a similar fashion to CTP
and UTP, the other pyrimidines. It is in fact made from UTP by the addition of a methyl group.
This reaction requires the action of dihydrofolate reductase (DHFR) for the cycling of THF, a
methyl donor. DHFR is the target of several important antibiotics (e.g., sulfa drugs) and chemotherapeutic agents (e.g., methotrexate).
Item II: True. See Item I.
Item III: False. It is a product of Intermediate 2 via UTP (see Item I).
Item IV: True. See Item I.

Passage 8

676

|

1.

B

Oogenesis is the formation of the egg, not what happens during early development (eliminating
A). DNA replication is very important in early development, in which the DNA must be replicated many times very rapidly during the early cell cleavages, so B is the best choice. C is wrong
since little transcription occurs during early cleavages. The early cell divisions are so rapid that
there is no time for transcription. RNAs are stored in the egg and translated during the early
stages. Double-helix formation is an inherent feature of DNA and will not change during embryo development (eliminating D).

2.

D

Gastrulation results in the three germ layers. The passage states that the B-1 sample had the
three germ layers by the end of 40 minutes, so it must have passed gastrulation.

3.

D

The amount of mitosis-inducing protein present seems to be the key variable affecting the rate
of embryonic development in these experiments. The most likely explanation is that the rate of
translation of this protein must be affected in some way by irradiation (choice D). Choices A
and B are inherent features of DNA, not affected by irradiation. Although replication could be
affected, it is not the key variable described in this experiment (eliminating C).
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4.

B

The zygote divides rapidly while having little time to perform biosynthesis. Up to the blastula
stage, there are many more cells, but essentially the same total amount of cytosol, meaning
there is less cytosol per cell.

5.

A

The amino acid sequence of the protein in B-1 was examined and found to be the same as in
the control. If the amino acid sequence is the same, then the difference in activity cannot be
explained as a mutation in the gene, but must be associated with the amount of protein expressed (choice A). Choice B is wrong since Hardy–Weinberg applies to population genetics, not
to embryo development. Choice C is wrong because the effect of A-1 protein on the controls
is irrelevant to the B-1 sample. While it is true that these samples did not develop into normal
embryos (according to the passage), this does not address the role of mutation in the rate of early
B-1 development (eliminating choice D).

6.

A

B-1 developed slowly with low levels of inducing protein, while A-1 developed rapidly and had
high levels of the protein. Controls developed more rapidly when exposed to the same levels of
inducing protein that A-1 had. The fact that the controls increased their developmental rate in
response to A-1 levels indicates that A-1 levels do not slow development in the controls; thus, A
is correct. And while choices B, C, and D may be true, they do not address the question.

7.

B

Choice A is eliminated because the experiment appears to demonstrate that embryological development is affected by protein induction. Choice B is correct: If the alterations in development
are caused by mutations in DNA, then they must not be due to changes in translation activity.
Choice C is not true, and choice D is eliminated because only one gene is relevant as far as we
know, so this assumption does not have to be correct in order for mutation to play a role in
these observations.

8.

C

Gametes are haploid, so they can carry only one copy (at most) of a given gene, and all genes are
carried on DNA.

Passage 9
1.

C

Both DNA and RNA contain phosphate, so choice A is wrong. Only DNA contains thymine,
so choice B is wrong. Only RNA contains uracil, so C is the best choice. D -ribose is unique to
RNA and not DNA, but deoxyribonucleotides are synthesized from ribonucleotides, meaning
that labeled ribose would end up in DNA as deoxyribose, so choice D is wrong.

2.

A

The diploid cell that survived in Experiment 2 was formed by the fusion of two haploid cells:
one wild-type and one with mutation No. 136. Thus, the cell contained one copy of the No.
136 mutation.

3.

A

DNA is replicated from DNA, so a change in the DNA genome, such as the mutations shown
in Figure 1, must occur during DNA replication.

4.

D

During the translation of mRNA, stop codons cause translation to cease and the nascent polypeptide to be released. The mutation in No. 136 will cause translation to cease earlier than normal in the polypeptide, creating a shorter and potentially nonfunctional protein.
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5.

B

Fitness is measured by the number of offspring in future generations who share an organisms’
alleles. If it were true that the mutants reproduce at different rates, that would indicate different
fitness, but the passage states that they grow at the same rate; thus, A is eliminated. The answer
is B: Since mutant No. 127 is protected against virus while No. 136 is not, No. 136 would be
expected to produce fewer offspring in the population and to have a lower fitness as a result. C
is wrong since fitness cannot be compared between two different species, and D is wrong since
protein length indicates nothing about the fitness of the organism as a whole.

6.

D

Nonsense mutations are those which introduce premature stop codons into a protein, causing
translation to terminate early. This is the case for mutant No. 136.

7.

C

A key to speciation is a barrier to reproduction with other species, which is what happened in
this case. As long as a population is in contact with other populations and interbreeding, reproductive barriers are not likely to arise, and speciation will probably not occur. Geographic isolation, however, allows a population to change its allelic frequency from other populations and for
reproductive isolation to arise.

Passage 10
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1.

C

The answer is C since promoters are described in the passage as compounds that are not carcinogens on their own but which can increase the carcinogenic activity of known carcinogens when
added to them. Choice A is wrong because promoters are never mutagenic, B is wrong because
there is no information that promoters can or cannot be assayed in the Ames assay or related
tests, and D is wrong since the source of exposure is irrelevant to the mechanism of action.

2.

C

The liver plays an important role in detoxifying chemicals by transforming them through oxidation and conjugation into more polar structures. In some cases, however, the biotransformation
catalyzed by the liver results in more toxic (or carcinogenic), rather than less toxic, compounds.
Choice A can be eliminated since a diseased liver will probably lose functions, not confer increased protection from mutagens. Choices B and D are wrong since they do not address the
difference between diseased and normal rats.

3.

D

By definition, promoters are not carcinogenic on their own, and there is no reason to believe
that mixing them will result in cancer; thus, choices A and B are false. Choice C is irrelevant, so
D is the best response. Promoters only increase carcinogenesis, so they will have no activity in
the absence of mutagens (or carcinogens).

4.

D

Choice A is incorrect since missense mutations change a base pair, thus altering one amino acid
in a protein. Choice B can be eliminated because nonsense mutations result in a premature
stop codon and a shorter protein, and there is no reason to believe that this is true in this case.
Choice C is wrong since a silent mutation is one which has no effect on the protein product.
The correct answer is choice D: If one base pair is inserted, then the triplet codons after that
point will be out of phase and read in a different frame than normal, so this mutation is called a
frameshift.
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5.

D

The passage describes that there is not a 100% correlation between mutagens and carcinogens.
Most carcinogens are mutagens, but not all, and not all mutagens are carcinogens; thus, A and
B are false. Choice C is also false: The Ames Test detects mutagens through mutation of bacteria. It does not determine if something is a carcinogen. Choice D is correct: The essential difference is, by definition, that mutagens cause mutations, while carcinogens cause cancer. The two
sets of compounds are likely to overlap significantly, but not completely.

6.

A

If the mother is homozygous dominant (dominant is the wild-type normal allele), then all of
her children will receive a normal allele from her and a recessive allele from their father. They
will all be heterozygous, and since the disease is caused by a recessive allele, none of them will
express the disease.

7.

C

Cancer cells are growing rapidly and dividing through mitosis frequently; thus, A and B are
true. If cells are not determined, then they will not be differentiated; thus, choice D is true.
Choice C is false (and therefore the correct response) since cancer cells divide mitotically, not
through meiosis.

Passage 11
1.

B
Item I: False. Transcription, not translation, takes place in the nucleus.
Item II: True. All translation is initiated on cytoplasmic ribosomes.
Item III: False. Proteins destined to be secreted into the RER lumen have a special sequence of amino acids at their amino terminus. This sequence is recognized by the signal recognition protein
(SRP), which binds to a receptor on the rough ER, attaching the ribosome and the nascent polypeptide to the ER membrane. Note that translation of these proteins still starts in the cytoplasm.

2.

B
B: Yes. One high-energy phosphate bond is required for initiation. For each AA to be added to the
chain, two high-energy phosphate bonds are required for “charging” the tRNA with the correct
amino acid (× 100 amino acids = 200). Finally, two high-energy phosphate bonds are required
for chain formation—one to carry the AA to the ribosome, one to translocate (× 99 peptide
bonds = 198). The grand total is 1 + 200 + 198 = 399. This can be summarized in the following general equation: # high-energy phosphate bonds = 4n – 1, where n is the number of amino
acids in the peptide.

3.

C
Item I: True. First, remember that the code is read from 5′ to 3′. Since we do not know the reading
frame, it is possible that the AUG sequence in the original length of mRNA served as a start
signal, in which case changing the U would result in failure to initiate translation.
Item II: True. Without knowing the reading frame, we cannot rule out the fact that this change will
result in a stop codon (UAA).
Item III: False. No matter what position the original U is in (first, second, or third) changing it
will change the amino acid that is being coded for. Note, however, that there are certain code
changes which do not change the genetic message, especially in the third position (“letter”) of
the codon (“word”). For instance, changing AUU to AUC makes no difference, since both code
for isoleucine. The code is said to exhibit degeneracy. Remember, however, that any given codon
codes for only one amino acid: There is no ambiguity in the genetic code.
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4.

C
Item I: True. Eukaryotes do splice mRNA before translation.
Item II: True. Eukaryotic ribosomes are larger than prokaryotic ribosomes (eukaryotic ribosomes are
80S).
Item III: False. It is mRNA which is spliced. Proteins may be modified after synthesis, but this is not
the same as the obligatory splicing of mRNA molecules.

5.

A
A: Yes. Puromycin “looks” like a tRNA. It enters the ribosome, forms one peptide bond, and thus
becomes covalently attached to the protein. But, since it cannot be linked to the next amino
acid because it lacks a carboxyl, protein synthesis terminates prematurely.
B: No, aminoacyl tRNAs enter at the A site during elongation (see passage, second paragraph).
C: No, puromycin can only form one bond, so protein synthesis stops.
D: No, puromycin causes premature termination. Initiation requires the binding of only a single
aminoacyl tRNA (the initiator) to the ribosome, and thus would not be affected.

6.

C
C: Yes. Ribosomes dissociate between rounds of translation. Hence, at the end of the experiment
there would be some all-light ribosomes, some all heavy ones, some with the 30S subunit light
and the 50S subunit heavy, and finally some with the 50S subunit light and the 30S subunit
heavy. Thus, there would be 4 different densities of 70S ribosomes.

7.

C
C: Yes. This is directly stated in the passage (first paragraph). In fact, certain cells in our immune
system can “sniff out” f-MET and release toxins in the area, where prokaryotes are.

8.

C
A: No, it is true that the N-terminal AA is formylated.
B: No, this is true. Since prokaryotic mRNA has no nuclear membrane to cross, its translation
can begin even before its synthesis is complete. Remember that this applies only to prokaryotes.
Eukaryotic mRNA must be spliced and transported across the nuclear membrane before translation can begin.
C: Yes. This is false. It is hydrogen bonds between tRNA and mRNA which are essential for translation. This is stated in the second sentence of paragraph 2 in the passage.
D: No, this is true. It is not spliced, and translation is simultaneous with transcription. The opposite holds for eukaryotes.

Passage 12
1.

D

A:
B:
C:
D:
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General: The plasmid has genes that encode proteins providing antibiotic resistance. Inserting
the nrd+ into the EcoRI site will disrupt the chloramphenicol resistance gene and leave bacteria
sensitive to that antibiotic. At the same time, bacteria containing the recombinant plasmid will
gain resistance to hydroxyurea.
No. The sensitivity to chloramphenicol and resistance to hydroxyurea are not shown.
No. Resistance to hydroxyurea is not shown.
No. Resistance to chloramphenicol is not shown.
Yes; amp and tet resistance are not changed, but chloramphenicol resistance is lost, and hydroxyurea sensitivity is gained.

Biology Solutions

2.

B
B: Yes. Plasmid pBR325 has one cutting site for each of these enzymes (see Figure 1), so cutting with both will create two fragments. The size of the fragment can be estimated from
the map or calculated precisely from the description following Figure 1. A kbp is 1000
base pairs. The distance between the HindIII site and the SalI site, moving clockwise, is
1800 – 1100 = 700 bp, so this must be the size of one fragment. The second fragment is the rest
of the plasmid: 6000 – 700 = 5300 bp.

3.

C
Item I: False. Plasmids are extrachromosomal circular DNA molecules, not organelles. Organelles
are membrane-bound cellular components present only in eukaryotes.
Item II: True. Like the bacterial genome, plasmids are found free in the cytoplasm, i.e., they are not
membrane-bound. Hence, ribosomes can translate plasmid mRNA while it is being transcribed.
Item III: True. Plasmids rely on bacterial machinery for replication (and transcription).

4.

D
A: No. It is transcription of the nrd+ gene that is the key to the question. Plasmid replication is
ensured by a bacterial origin.
B: No. The nrd+ gene is present in both orientations, indicating that its expression does not depend
on a plasmid promoter. See D below.
C: No. The bacteria are raised in the presence of hydroxyurea and would not survive without the
nrd+ gene.
D: Yes. The nrd+ gene is 28 kb long, and the pBR325 plasmid is 6 kb long, so the total size of the
recombinant plasmid is 34 kb. The nrd+ gene can insert in two different orientations into the
EcoRI site. If the nrd+ gene contains its own promoter, then either orientation will produce gene
product and provide resistance to bacteria. If transcription of nrd+ requires a plasmid promoter,
only one orientation will produce resistance. In this case, bacteria carrying the other orientation
will not survive, and this orientation will not be observed. If there were only one orientation,
only two fragments would be observed, with a total size of 34 kb. However, there are four fragments, with 23 + 11 adding up to 34 kb, and 28 + 6 also adding up to 34 kb, so the bacterial
population includes both orientations. This means that the nrd+ gene contains its own promoter.

5.

C
A: No. Ligases will only ligate sticky ends that base pair properly with each other.
B: No. Plasmid DNA is double stranded.
C: Yes. The sequences recognized by most restriction enzymes are inverted repeats that read the
same if flipped 180°. The sticky ends of both ends of a fragment are the same if the fragment is
rotated in either orientation, so it does not matter to the ligase which orientation occurs.
D: No, this is irrelevant. The correct matching of sticky ends in either orientation is the key.

6.

B
A: No. The binding site for the repressor is called the operator, not the promoter.
B: Yes. The promoter is recognized and bound by RNA polymerase as the transcription initiation
site.
C: No. The molecule which inactivates the repressor and turns on the operon is called the inducer,
not the promoter.
D: No; see B.
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7.

C
A: No. This is the size of the nrd+ gene alone.
B: No. This would be the size of the recombinant plasmid if only one cut were made, but EcoRI
will cut twice, on both sides of the nrd+ gene.
C: Yes. The nrd+ gene will simply be cut out of the plasmid.
D: No. This would be the product of EcoRI cleavage of the entire phage genome. The question asks
for the results of cleavage of a recombinant plasmid containing only the nrd+ gene plus the original pBR325.

Passage 13
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1.

B
B: Yes. Since the colony can grow with only lactose as a carbon source (Plate B), it is Lac+. Since it
can grow without arginine (Plate D), and leucine (Plate C), but cannot grow without threonine
(Plate E), it is also Arg+ Leu+ Thr–.

2.

C
Item I: True. This bacterium could grow on only minimal medium plus a carbon source, i.e., glucose
or lactose. Arg+ Leu + Thr+ just means it could grow without arginine, leucine, or threonine.
Item II: False. Arg – means arginine is required for growth, and plate D lacks arginine.
Item III: True. Plate D supplies glucose, leucine, and threonine, just what this bacterium needs for
growth, since it can’t make leucine or threonine and can’t metabolize lactose.

3.

A
A: Yes. This is a definition and, essentially, a freestanding question. Auxotrophs have a mutation
preventing them from growing on minimal media. (Aux-o-troph = requires an auxiliary trophic
substance. Trophic means “relating to nutrition.”)
B: No. Prototrophs are wild-type, i.e., can grow on minimal media. “Proto,” means “first in time.”
C: No, a heterotroph is an organism which grows using energy derived from another organism’s
metabolism. “Hetero,” means other or different. Plants are generally autotrophs, animals are
heterotrophs, and bacteria can be either.
D: No. Chemotrophs derive their energy from an inorganic carbon source (a chemical source).

4.

A
A: Yes. Because the F factor is replicated, the donor remains F+. The recipient cell becomes F+ after
conjugation, because it receives the F plasmid from the donor.

5.

D
A: No. This is true, but irrelevant. Polycistronic refers to the expression of bacterial genes on a
single RNA in an operon.
B: No. They are replicated by the same method during conjugation.
C: No, this would obscure the results.
D: Yes. One assumes all cells in a given strain will transfer their genomes in the same order and
at the same rate. The transfer is then interrupted at various times, and by matching the genes
transferred to the length of time necessary for the transfer, the genes are mapped.
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6.

B
B: Yes. In Experiment 3, after 5 minutes colonies grew on media lacking Leu. After 15 minutes,
colonies grew on media lacking Arg. Not until after 30 minutes did colonies grow on media
lacking Thr. Therefore, the Leu gene must be the first transferred, Arg second, and Thr last.

7.

C
C: Yes. The survivors from the mixed culture grow on minimal media, so their genotype must be
wild-type; they are not auxotrophic for any nutrient. This is explained by the fact that Colony
3 bacteria gave Colony 6 bacteria the enzymes they were missing in Hfr transfer events, or vice
versa.

Passage 14
1.

C
A: No. Lysis is destruction of host cells by the phage. Slight cloudiness appeared before the phage
was added to the E. coli culture and was due to increasing bacterial density.
B: No. Lysis is the destruction of host cells by the phage. An increase in turbidity marks an increase in the number of cells, not destruction.
C: Yes. Lysis is destruction of host cells by the phage. The passage states: “1 mL of stock high titer
coliphage is added to the culture. After 3 hours the culture appears nearly clear.”
D: No. As stated in the passage, there is a visible change in the culture 3 hours after the phage are
added.

2.

D
A: No. Colonies on the agar surface indicate E. coli growth, not virus.
B: No. This would occur in the absence of virus.
C: No. Viral replication can be inferred to produce clear spots in the lawn of E. coli growth, since it
produced clearing in the broth (see #1C).
D: Yes. The E. coli that was added to the soft agar will produce a solid growth, or lawn, covering
the agar. Phages lyse the cells; this results in release of more phages; eventually a macroscopic
clear spot, or plaque, appears. This indicates large-scale cell destruction.

3.

D
A: No. Oxygen utilization is irrelevant to the temperature at which the bacteria are grown.
B: No. Since the normal environment of the bacterium (the gut) is at 37°C, a strain growing optimally at this temperature exhibits the normal phenotype.
C: No, conjugation is not necessary for growth.
D: Yes. The optimal growth temperature is used to minimize the time required to perform the
experiment. E. coli are adapted to live in the human intestine, making 37°C the optimal
temperature.
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4.

B
A: No. There is no reason to suspect this.
B: Yes. The bacteria must be in a growth phase in order for the phages to replicate efficiently, as
they depend on the replication mechanism of their host cells. The overnight culture would be
mostly in stationary phase because nutrients and space would have been exhausted.
C: No. There would be some dead cells in the overnight culture, but if they were all dead, they
couldn’t grow in the new culture.
D: No. As in all such microbiological studies, sterile technique would be used to produce the E. coli
culture, so competing bacteria would not likely be present. Besides, a few contaminating bacteria wouldn’t change the culture’s gross appearance after massive phage infection. And furthermore, any contaminating bacteria would be transferred right along with the 0.5 mL of E. coli
culture.

5.

D
D: Yes. The virus was diluted 1:10 and then 1:10 again, or 1:100 total. From this dilution, 0.1 mL
was added with E. coli to the plate, yielding 150 plaques. 150 virus in 0.1 mL means that there
are 1500 virus per mL in the diluted virus. 1500 virus/mL × 100 dilution factor means there are
1.5 × 105 virus in the original solution.

6.

D
Item I: True. The cleaving of the culture indicates the lysis (and death) of bacterial cells.
Item II: True. Some infected but not yet lysed cells should be present.
Item III: True. Determining the titer of free phage is the next step in the protocol outlined in the
passage.

7.

A
A: Yes. Lysosomes are membrane-bound organelles, which prokaryotes (in this case the bacterium
E. coli) lack.
B: No. The peptidoglycan cell wall is one of the defining characteristics of bacteria.
C: No. Ribosomes are necessary for protein synthesis. Prokaryotes have them, although they are
different from the ones we have (key for antibiotic specificity).
D: No. Bacteria have a DNA genome, plus mRNA, tRNA, and rRNA—just like us.

8.

D
A: No. Budding cannot occur in the presence of a cell wall. The cell wall is lysed by a lysozyme,
and the host cell bursts, releasing the viruses.
B: No. Assembly must be complete before lysis.
C: No. Lysozyme is coded by a late gene. It must not lyse the host until the viruses are assembled
and ready to go.
D: Yes. T4 has a DNA genome which is transcribed and translated by the host’s machinery.

Passage 15
1.
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DNA contains adenine, thymine, guanine, and cytosine, but not uracil. Uracil occurs only in
RNA, not in DNA.

Biology Solutions

2.

D

The mutations alter the ability of bacteria to grow in the absence of exogenous amino acids.
Without the ability to make specific amino acids, these bacteria are dependent on an outside
source. If this source is removed, then protein synthesis (choice D) will run out of the amino
acid. The other choices can be eliminated since the ability to make phenylalanine or histidine
are not directly related to RNA or DNA synthesis.

3.

A

If both types of cells had the same mutation, then the fused cell would have two copies of the
same defective gene and would have the same properties as haploid cells. If the haploid cells
complement each other, however, they must each have a different mutation.

4.

D

This is the simplest test to see if a cell can grow in the absence of exogenous amino acid. If cells
grow on media which lack phenylalanine, they must be able to make their own.

5.

B

The cells which were used to start the experiment grew on His–, Phe – media and so could make
both of these amino acids themselves. To conclude that normal cells have the same phenotype,
these cells must represent normal-type Chlamydomonas. If the cells had undergone mutations
affecting His or Phe biosynthesis prior to their placement on the master plate, then this assumption is not true.

6.

A

A fusion of two haploid cells to form a diploid zygote is sexual reproduction (choice A). The
other choices describe asexual reproduction through mitosis, in which haploids undergo morphological changes to produce new haploid gametes.

7.

D

Meiosis in this species starts with the diploid cell and ends up in the haploid state. The fusion
of these haploid gametes constitutes sexual reproduction. DNA replication occurs in the diploid
cell in meiosis. In mitosis, DNA replication occurs in haploid cells (choice D). The other choices
describe events in meiosis.

8.

C

The rich media plates are controls to test whether the inability of some colonies to grow in
media lacking either histidine or phenylalanine is due to a growth defect or is restricted to an
amino acid requirement (choice C). Choice A is apparently untrue: Some cells require histidine,
and other cells require phenylalanine. None of the cells apparently require both to be added.
Choice B is wrong since some cells are unable to grow in the absence of an amino acid, and D is
wrong because the growth rate was not tested.

Passage 16
1.

D

Prokaryotes lack all subcellular membrane-bound organelles, including nuclei.

2.

C

The complete oxidation of glucose yields 2 ATP and 2 NADH through glycolysis, 2 GTP in the
Krebs cycle (equivalent to ATP in energy), 2 NADH from pyruvate dehydrogenase, 2 FADH2
from the Krebs cycle, and 6 NADH from the Krebs cycle. In oxidative phosphorylation, each
NADH yields 2.5 ATP, and each FADH2 yields 1.5 ATP. This all totals up to 32 ATP per
glucose. (In eukaryotes, the answer is 30 ATP per glucose, due to the fact that electrons from
glycolytic NADH [in the cytoplasm] must be shuttled to the electron transport chain [in the
mitochondria]; they bypass the first proton pump, just like FADH2, and yield only 1.5 ATP, just
like FADH2.)
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3.

B

The growth curve for this bacteria will have the three phases of growth: A slow phase of biosynthesis, a log phase, and a stationary phase at the end when growth slows.

4.

A

Bacteria reproduce asexually in a process of simple cell division termed binary fission. The DNA
and other contents of a cell are replicated, then divided equally between two daughter cells (so I
is true). Transformation and conjugation can alter the genetic content of a bacterial cell but are
not involved in cell division or reproduction (thus, II and III are false).

5.

B

Tryptophan is an amino acid and is most likely to be found in proteins.

Passage 17
1.

D

Protozoans are unicellular eukaryotes (eliminating A and C), mostly heterotrophic (eliminating
B), and in many cases can reproduce either sexually or asexually. Thus, choice D is the correct
response.

2.

C

Failure of the drug to enter the bloodstream or degradation in the liver would prevent the drug
from acting at all, not only on particular stages (eliminating A and B). The described action
of the drug is to insert in DNA. A drug that inserts in DNA would be likely to disrupt DNA
replication and, therefore, cell division (choice C). D is not likely since the drug alleviates the
symptoms of malaria, which include fever.

3.

A

By inserting in plasmoidal DNA, chloroquine can affect both transcription and DNA replication. Merozoites grow and multiply, meaning they will require transcription and replication, so
choice A is correct. Choice B is incorrect since chloroquine alters DNA structure, not membranes. Choices C and D can be eliminated since there is no information that chloroquine has
any effect on translation or release of progeny.

4.

D

In the erythrocytic stage, the malaria parasite “digests hemoglobin” to acquire required amino
acids. Digestion of hemoglobin would be catalyzed by a protease, so a protease inhibitor would
block the erythrocytic stage.

5.

B

Chloroquine has one chiral center:
NH
H

C
CH2
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Passage 18
1.

B

As explained in the passage, the difficulty is the length of time required to observe growth. This
would best be explained by a long period between rounds of cell division. Some bacteria can
replicate every 30 minutes, so 2 days per cell division is slow by comparison (choice B). There is
no reason to believe that oxygen is a limiting factor since the atmosphere is oxygen rich (eliminating choice A). The bacillus is resistant to desiccation (eliminating choice C) and stains readily (eliminating choice D).

2.

C

Tuberculosis is caused by a bacillus (rod-shaped) that stains in an acid-fast manner with this
procedure.

3.

B

Choice B is correct since it is stated that tuberculosis bacteria require an oxygen-rich environment. Choices A and C can be eliminated because there is no information provided about sensitivity to pH changes, and choice D is wrong because it is stated that although tuberculosis
usually starts in the lungs, the disease can spread to other tissues.

4.

A

The passage describes how the sulfated glycolipid of the bacterial cell wall prevents lysosomes
from fusing with the phagosome containing the bacteria ingested by macrophages.

5.

B

Human cells do actively divide (eliminating choice A) and do have RNA polymerase (eliminating choice D). And the drug must be absorbed if it is efficacious in treating the disease (eliminating choice C). If the drug is not toxic to humans, then their RNA polymerase must be different from that of the tuberculosis mycobacterium (choice B).

6.

B

Since the disease resides primarily in the lungs, the air (choice B) is the most likely means of
transmission. Choice A can be eliminated since skin is a good passive barrier against infection,
and there is nothing stating that the bacterium is found in blood. As for C and D, there is no
reason to believe that the disease has anything to do with food or sexual contact.

Passage 19
1.

D

Choices A, B, and C are wrong because these are all viral proteins, so they will be produced
through transcription and translation of the hepatitis B viral DNA genome. Double-stranded
DNA, however, is not produced through transcription and translation.

2.

C

Thymine is not found in RNA. Uracil is used in place of thymine in RNA, and the pre-genome
is made of RNA. Radiolabeled thymine would not be found in the pre-genome.

3.

A

The capsid first forms around the pre-genome RNA, which is then reverse transcribed to make a
DNA genome inside the capsid. The virus is then infective and can leave the cell.

4.

A

HBV is an enveloped virus. When it leaves the cell, its acquires its envelope from the plasma
membrane of the infected cell; thus, A is correct. Choice B is wrong since the budding of virus
is distinct from endocytosis, in which material enters the cell. Choice C is wrong because there
is no mention of IgG production by infected cells; this is part of the immune response mediated by other cells. Choice D is wrong since the pre-genome is packaged in a protein capsid and
never comes into direct contact with the plasma membrane.
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Passage 20
1.

D

It sounds counterintuitive, but the passage specifically states that bacteria with incomplete cell
walls survived, while 95% of those with normal cells died.

2.

B

Choices A, C, and D can all be eliminated: For the 5% that survive, the cells are altered genetically, so the resistance is a property of the cells, not the penicillin. It is not simply a matter of insufficient penicillin. The correct answer is choice B: The resistant cells pass on the resistance to
future generations, meaning that the change is genetic. The passage describes penicillinase as an
enzyme that inactivates penicillin, making increased expression of this enzyme a likely genetic
change to confer resistance to cells.

3.

C

Penicillin blocks the last step in bacterial peptidoglycan cell wall function, disrupting cell wall
formation.

4.

C

Normally, osmotic pressure drives water into bacterial cells through the plasma membrane, but
the rigid cell wall opposes this pressure, preventing the cell from swelling. In the absence of the
cell wall, the osmotic pressure is unopposed, and water flows into the cell to lyse the bacteria.

5.

A

Instability in acid would most likely make the drug ineffective if given orally, since the drug
would be likely to break down in the stomach. Intravenous administration, however, would
avoid the stomach.

Passage 21
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1.

D

Ataxia is defined in the passage as “coordination problems.” The region of the brain that controls muscular coordination is the cerebellum.

2.

C

The curves for the prion-free control and prion-free injected mice are essentially the same, indicating that the injection of PrPSc (abnormal prion) can not be the cause of the ataxia. Furthermore, if there is no normal prion protein to begin with, there is nothing for PrPSc to convert
(choice A is wrong). Normal age-related ataxia appears later in life, at about 74 weeks compared
to prion-free ataxia, which appears at about 60 weeks (choice B is wrong). While infection with
the West Nile virus could cause encephalitis and ataxia, there is no reason to assume the mice
were infected; the question asks for the most likely explanation (choice C is a better answer than
choice D). The passage states that PrPc (normal prion) is thought to be important in the maintenance of critical brain cells, thus its absence leads to CNS deterioration and ataxia (choice C is
correct).

3.

B

The passage states that Creutzfeldt–Jakob disease and fatal insomnia are both caused by mutations, thus they could be inherited (choices A and C are true and eliminated). Hemophilia
(although not mentioned in the passage) is an X-linked recessive disorder, and can be inherited (choice D is true and eliminated). Kuru, however, is caused by ingestion of diseased tissue
(choice B is false and the correct answer choice).
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4.

C

Prion-related ataxia does not appear until approximately 10 weeks after injection (see Figure
2). Since in this case ataxia appeared within one week, it is unlikely that the solution contained
abnormal prions (choice A is wrong). Also, abnormal prions are resistant to protease treatment
(choice D is wrong). There is no reason to assume an immune reaction would occur upon injection of normal prion proteins (choice B is wrong). The symptoms and the speed with which they
develop are consistent with viral infection. This is supported by the fact that treatment with
detergent and protease (destroying the viral envelope and capsid) prevents infection (choice C is
correct).

5.

D

The passage states the abnormal protein can be used as a folding template to convert normal
protein if the normal and abnormal forms are sufficiently similar. Since cattle prion was found
to be significantly different than human prion, it is unlikely that abnormal cattle prion could
cause the conversion of normal human prion (choice D is correct and B is wrong). The route of
entry into the body is not significant. Prion protein is resistant to protease digestion (choice C is
wrong), so ingestion of diseased tissue could be as effective as intracerebral injection at causing
the disease. In any case, the proteins are still too dissimilar to interact (choice A is wrong).

6.

B

Statements I and II are clearly stated in the passage as being causes of prion disease, and are
therefore true. However the passage states that it is a missense mutation in the prion protein
(the mutation of a codon for an amino acid into a codon for a new amino acid), not a nonsense
mutation (the mutation of a codon for an amino acid into a STOP codon) that causes disease.
Statement III is false.

7.

A

The West Nile virus is a flavivirus which is described in the passage as being enveloped (surrounded by a host-derived lipid bilayer). Only animal viruses can be enveloped, since these are
the only cells without a cell wall. Hence yeast (choice A), which have a cell wall, would not be a
good choice for culturing this virus. Neurons, osteoblasts, and muscle are all animal cells, and
could be acceptable for culturing (choices B, C, and D are wrong).

Passage 22
1.

D

A virus which lacks E1B will not be able to infect and replicate in normal cells that express p53
(choice A is incorrect). Only transformed cells generally lack p53, and these are not normal.
Since the virus cannot replicate in normal cells, but only cells that lack p53, it is not likely to
cause new tumors (choice B is wrong). In order to prevent tumor response to chemotherapy, the
virus must contain the E1B gene so that it can block p53 activity. Since this virus lacks E1B, it
cannot suppress response to chemotherapy (choice C is wrong). A virus with E1B deleted can
infect and replicate only in cells which lack p53 expression. Therefore, those cells lacking p53
expression would be affected by the virus, while those with normal p53 expression would not
(choice D is correct).

2.

C

A virus lacking E1B cannot replicate in cells with p53, since these cells will enter apoptosis.
If this same cell line expresses E1B, then this will complement the virus, inactivating p53 to
prevent apoptosis, and allow virus lacking E1B to replicate in these cells. Choice A is incorrect
since the E1B expressed at high levels will block p53-induced apoptosis. The progeny virus that
are produced from infection by the E1B-lacking virus will still have the same genome and still
lack E1B. These cells will be able to replicate in E1B-expressing cell lines, as before, but will remain unable to replicate in cells that do not express E1B but do express p53 (choice C is correct,
and B and D are wrong).
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3.

B

p53 does not block the signals that stimulate proliferation. It is E1A that causes the signal to proliferate, and the passage does not indicate a connection directly between E1A and p53 (choice A
is wrong). The passage states that p53 induces apoptosis in the event of aberrant DNA replication, such as induction of proliferation by virus (choice B is correct). p53 can help to prevent the
development of cancer, since it is a tumor-suppressor gene, but it will not prevent infection by
wild-type adenovirus, which possesses wild-type E1B to inactivate p53 (choice C is wrong). And
in no way does p53 increase the risk of viral infection (choice D is wrong).

4.

D

Rb and p53 are both tumor-suppressor genes, but this does not necessarily mean that they both
have the same function in the cell. There are many different mechanisms that help to regulate
the cell cycle (choice A is wrong). Since Rb and p53 do not necessarily have the same mechanism, there is no reason to believe that they will both interact with E1A (choice B is wrong).
There is no information suggesting that the two tumor-suppressor gene products interact physically in any way (choice C is wrong). It is stated that E1A and E1B in combination are much
more efficient at inducing transformation that either protein alone. Since these products interact
with Rb and p53 to inactivate them, this suggests that inactivation of Rb and p53 together increases the transformation efficiency (choice D is correct).

5.

D

The scale on the vertical axis is logarithmic, meaning that Mutant B produced at least 10 times
more virus, not twice as much (choice A is wrong). The data indicate that virus cannot replicate
efficiently in the absence of E1A. Replication in the absence of both E1A and E1B was not tested in this experiment, so no conclusion about this can be drawn, although based on the passage,
the functions of the proteins are complementary, not antagonistic, so it is unlikely that E1A is
not required if E1B is absent (choice B is wrong). There is a significant difference in the replication of virus lacking E1B depending on the presence of p53, indicating that p53 is active and
probably can induce apoptosis. The data certainly do not support the opposite conclusion, that
p53 cannot induce apoptosis (choice C is wrong). Wild-type adenovirus appears to replicate the
same in the presence or absence of p53, indicating that choice D is the best response.

Passage 23
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1.

B

Choice B is correct since the secretory pathway for a secreted protein is Rough ER → Golgi
→ secretory vesicle → extracellular environment. Choice C is wrong since it places the Golgi
before the ER. Choices A and D can be eliminated since lysosomes are not in the pathway for
proteins that are secreted.

2.

A

Transcription is the reading of genes in DNA by RNA polymerase to make mRNA. All transcription takes place in the nucleus.

3.

B

Proteins that are transported to the lysosome are first transported to the rough ER, the Golgi,
and then the lysosome. Choice A is wrong because the acidic pH is in the lysosome only, choice
C is incorrect because endocytosis does not bring newly synthesized proteins into the lysosome,
and choice D is wrong because inhibition of signal peptide cleavage is not part of normal lysosomal targeting.

4.

C

Pepsin’s activity is optimized in the stomach’s acidic environment. Choice A can be eliminated
because signal peptidase functions in the ER, not an acidic environment. Choices B and D are
wrong because trypsin and pancreatic lipase are both secreted enzymes that function in the
small intestine, not an acidic environment.
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5.

A

M6P is the signal that a protein is destined for the lysosome. In the absence of M6P, lysosomal
proteins will not be targeted correctly to the lysosome, and the lysosome will not be able to carry out its normal activity in the hydrolysis of macromolecules. Choices B, C, and D are wrong
because M6P is not involved in targeting to other organelles, including the ER, mitochondria,
or Golgi.

6.

A

The signal peptide is at the N-terminus, the first portion of a protein to be synthesized by the
ribosome in the cytoplasm. In the presence of a signal peptide, the ribosome docks with the ER
to complete translation. In the absence of a signal peptide, the protein is translated and resides
in the cytoplasm. Choices B, C, and D are wrong because without a signal peptide, a protein
will never enter the secretory pathway.

7.

C

The interior of the ER (the lumen) corresponds to the interior of the Golgi, the interior of
secretory vesicles, and the extracellular environment in turn. The other choices can be eliminated since these spaces are separated from the contents of the ER at all stages of the secretory
pathway.

Passage 24
1.

B

If the medium is hypotonic, it contains fewer solutes than the interior of the cells. Either water
will move into the cells or solutes will leave the cells to equalize the osmotic pressure inside and
outside of the cell. A decrease in magnesium ions would be favorable since this would tend to
balance the osmotic pressure and is possible under the circumstances described in this question.
Magnesium may even flow against a concentration gradient for this particular ion if this helps
to normalize the overall osmotic pressure. Choice A is wrong because calcium concentration
will not increase inside the cell; this would only exaggerate the osmotic imbalance. Choices C
and D are incorrect since cells would swell, not shrink, in hypotonic medium.

2.

B

The ionophore would allow sodium to flow down a gradient into the cell, depolarizing the plasma membrane. If the depolarization is sufficient, voltage-gated sodium channels will open and
an action potential will be triggered. Choice A is wrong because Schwann cells are supportive
of neurons, insulating them, but they do not convey action potentials to a neuron. Choice C is
wrong since an action potential requires increased membrane permeability to sodium, and D is
wrong because sodium does not travel through the myelin sheath.

3.

A

In these experiments, magnesium is at a higher concentration in the medium than in the cell.
For magnesium in the cell to decrease, it must be pumped out of the cell against a gradient.
Transport against a gradient requires energy input, such as ATP hydrolysis. Choice B is incorrect since calcium transport into the cell would also have to be against a gradient and could not
itself drive magnesium transport. Choice C is wrong because carbohydrate synthesis is irrelevant, and D is wrong since ion channels can only allow movement of ions down a gradient.

4.

C

Magnesium flowed down a concentration gradient in the presence of the ionophore. Choice A
is incorrect since these experiments in ion movement do not test antibacterial properties. B is
wrong because the experiments did not study sodium movement, both ions are cations, and
magnesium permeability was altered. Choice D is wrong because there is no evidence of a connection between Na+/K+ ATPase and the ionophore action.
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5.

D

Active transport requires energy. ATP is the most prevalent form of energy in biological systems.
The more active transport being conducted, the more ATP required, and the more mitochondria that will be needed to supply the ATP. Choices A, B, and C are all wrong since they don’t
provide ATP: Smooth ER (choice A) performs lipid synthesis, lysosomes (choice B) are responsible for cellular digestion or cellular wastes, and centrioles (choice C) are microtubule-organizing
centers (MTOCs) responsible for spindle formation in mitosis and meiosis.

Passage 25
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1.

C
C: Yes. If 5% of the cells are in mitosis, then mitosis is 5% = 1/20 of the cell cycle. Thus, if mitosis
takes 1 hour, then the cell cycle takes 20 hours to complete.

2.

B
B: Yes. Cytochalasin blocks cytokinesis and amoeboid motility. Cytokinesis occurs after metaphase, indicating that cells progressed through metaphase. Metaphase requires microtubules
for sister chromatid separation, so the drug does not affect microtubules. Microfilaments are
required for amoeboid motility and contractile processes, such as contraction of the cleavage
furrow to complete cytokinesis. Thus, the drug blocks microfilaments but not microtubules.

3.

A
Item I: True. The centromere is the organizing center of each chromosome, while the centrioles, at
the center of the microtubule organizing center, are the organizing poles of the dividing cell.
The polar fibers cause separation of sister chromatids during anaphase. The entire bundle of
fibers, including the polar fibers and the two asters, is called the spindle.
Item II: False. First, the cleavage furrow forms during telophase/cytokinesis, not anaphase. Second,
it is microfilaments which are responsible for contraction of the cleavage furrow. The passage
states that microfilaments are responsible for contractile processes.
Item III: False. Recombination occurs only during meiosis.

4.

C
A: No. This describes the appearance of microtubules during interphase, when a pair of centrioles
can be seen near the nucleus. Each centriole has a set of radiating fibers known as the aster.
B: No. Since the distribution of proteins is not even throughout the cell, staining won’t be uniform
either.
C: Yes. Microfilaments, composed of actin, are found in the cytoplasm as part of the cytoskeleton.
D: No. The cytoskeleton is excluded from the nucleus.

5.

D
A & B: No. As stated in the passage, microtubules are responsible for intracellular organelle movement and spindle formation.
C: No. This is not relevant to actin.
D: Yes. From the passage you know that the dynamic equilibrium between monomers and polymerized forms of actin is important for amoeboid motion. Therefore, stabilizing actin in the
polymerized form would have the same affect as the drug cytochalasin.
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6.

A
A: Yes. Flagella of prokaryotes are fundamentally different from those of eukaryotes. Choice B
describes eukaryotic flagella. Prokaryotic flagella are formed from chains of a protein called
flagellin, and are attached to the cell surface (as opposed to being cytoplasmic extensions).
B, C, & D: No, all are true.

7.

B
A: No. This describes a cell in anaphase, just before cytokinesis.
B: Yes. This describes metaphase, when the chromosomes are lined up on the metaphase plate.
C: No. This is early prophase, when the chromosomes are appearing and the nuclear membrane is
disappearing. The table in the passage indicates that all Group C cells will be past prophase.
D: No. This describes a cell in interphase.

Passage 26
1.

D
D: Yes. Since only the nucleus is transplanted, and it was previously not active, the control must
come from somewhere else within the cell, that is, in the cytoplasm.

2.

C
A: No. The formation of the nuclear membranes of daughter nuclei occurs during telophase.
B: No. The nuclear membrane disappears in late prophase, after the visible condensation of the
chromosomes.
C: Yes. There is a visible condensation of the chromosomes at the beginning of mitosis, during prophase. This is the best sign of the onset of mitosis.
D: No. The centromeres do not split until early anaphase, when they prepare to move towards the
opposite poles of the spindle.

3.

A
Item I: False. Primary spermatocytes undergo meiosis to form secondary spermatocytes.
Item II: True. The cells of the bone marrow do indeed undergo meiosis quite frequently, in the production of cells found in blood.
Item III: False: Erythrocytes are terminally differentiated and lack a nucleus in humans. They are
incapable of mitosis and must be continually replenished by stem cells in the marrow.

4.

C
A: This is too narrow.
B: No. Interphase is the portion of the cell cycle in which the cell is not dividing; mitosis is a celldivision process.
C: Yes. Interphase is the portion of the cell cycle in which the cell is not dividing , that is, G1, S,
and G2 phases together.
D: No; see B.
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5.

D
A: No. This is a feature unique to meiosis. As a result of crossing over, the daughter cells have combinations of chromosomes different from those in the parents. In mitosis the daughter cells are
identical to the parent cell.
B: No. Mitosis can occur in haploid cells, unlike meiosis, which can only occur in diploid cells.
C: No. In mitosis there is only one division, producing two daughter cells, whereas meiosis has two
divisions, to produce four.
D: Yes. In both mitosis and meiosis, replication of chromosomes occurs prior to the beginning of
cell division with prophase.

6.

B
A: No. The S phase is the time when cellular chromosomal material is replicated.
B: Yes. The passage states that organelles are produced during G1. Replication of organelle DNA is
not coupled to replication of the nuclear genome, so it probably occurs during G1.
C: No. There is no synthesis of cytoplasmic organelles during mitosis.
D: No. There is no synthesis of cytoplasmic organelles during cytokinesis.

7.

A
A: Yes. Use the mnemonic “PMAT.” (Or you can use your knowledge of word elements to take a
guess. All of the beginnings of the names of the phases are learned borrowings from the Greek
meanings. “Pro” means before and “telo” means end, placing prophase first and telophase last,
making A the only viable answer.)

Passage 27
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1.

D
A, B, & C: No. The passage tabulates the relative risk (increased chance) of cancer in smokers and
drinkers, but does not discuss the mechanisms of the increased risk.
D: Yes. The passage never tells us whether tobacco and alcohol cause mutations (tumor initiator,
mutagen), or nonmutagenic changes (tumor promoter). If the question had not said, “Based on
the passage,” you would have been correct in thinking that the answer was “Both.” Cigarette
smoke does function as both a tumor initiator and a tumor promoter. But you could not infer
this from the passage.

2.

A
A: Yes. According to the passage, tumor initiators cause mutations, or changes in the DNA sequence of a cell.
B, C, & D: No. These are secondary effects. The only direct effect is mutagenesis.

3.

B
B: Yes. A relative risk greater than 1 indicates an increased likelihood, and a relative risk less than
one indicates a reduced likelihood. According to Table 1, 21–40 g of alcohol per day actually
decreases the risk of cancer for both endolarynx (88% the chance of a nondrinker) and epilarynx (87%), but increases it (1.57 times the risk) for the hypopharynx.

4.

C
C: Yes. Notice that in Table 1, the relative risk for cancer by tobacco is higher for the hypopharynx
than for either the endolarynx or epilarynx, regardless of the amount smoked.

© The Princeton Review, Inc.

Biology Solutions

5.

B
B: Yes. The easiest way to figure out the relationship between alcohol and tobacco is to see what
happens to relative risk at the higher doses (the lower doses combined almost look addictive,
but not so at the higher doses). For the 26+ cigarettes/day and 121+ g of alcohol/day the relative
risk is 42.5 for endolarynx. This is much greater than the sum of 17 and 2.5 but is exactly their
product. This holds true also for the epilarynx.
D: No, alcohol only lowers the tobacco risk at levels where by itself it lowers the relative risk of cancer. Overall, the combined effect is multiplicative.

6.

D
Item I: True. Cancer cells divide more rapidly, and have a differently proportioned cell cycle from
normal cells.
Item II: True. Gene expression is altered in cancer cells, as stated in the passage.
Item III: True. Cancer cells may lose their ability to respond to hormonal control, but some cancers
retain this ability (e.g., breast cancers, which are treated with hormone therapy).

7.

D
D: Yes. Reading Table 2, find the 8–15 cigarettes/day column and go down until you meet the 121+
alcohol row.

8.

C
A, B, & D: No. Cancer often results from a change in the gene coding for a receptor. Receptors are
proteins which allow hormones to exert control over individual cells. Receptors which do not
respond normally to their ligands can result in an out-of-control cell.
C: Yes. Errors in translation do not have significant effects on cellular function. Only mutations in
DNA cause permanent changes in a cell’s behavior and are passed down to daughter cells.

Passage 28
1.

B

The spindle is composed of microtubules, which are polymers of tubulin protein monomers.
Antibodies against the spindle would recognize proteins, which are produced during translation.
Choices A, C, and D are wrong because these processes do not produce proteins.

2.

B

Yeasts and molds are both fungi. General characteristics of fungi include the following: they are
eukaryotes, haploid for most of the life cycle, and produce spores. This eliminates choices A, C,
and D. Choice B is correct since molds are multicellular, while yeasts are unicellular.

3.

C

Choices A, B, and D all deal with meiosis, which is not involved in these experiments. Since
nothing specific is indicated about the mechanism by which mutations disrupt the cell cycle,
the mitotic cell division mutants may not be relevant to meiotic cell division. The answer must
be choice C: Once the mutant cells are blocked at the end of mitosis, they will not be able to
reinitiate DNA replication.

4.

D

Many mutations do not completely inactivate the protein product, allowing it to function normally at low temperatures, but render the protein more sensitive to heat denaturation, so the
mutation only affects function at the higher temperature (choice D). Choice A is incorrect since
a mutation will most likely affect the stability of a single protein, not a wide range of proteins.
Choice B is incorrect since feedback inhibition of enzymes is not usually due to temperature. As
for C, it is also not likely that the DNA structure will be altered by a mutation. It will still be
the standard double helix and is not likely to denature at physiological temperatures (37°C).
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5.

C

If all of the mutant cells are blocked at the same place in the cell cycle, regardless of the time at
which they are placed in the high temperature, then there must be a defect in a specific stage of
the cell cycle which the cells cannot get past (choice C). Choice A is incorrect since the behavior of wild-type cells does not indicate anything about the cell-cycle block in the mutants. B is
wrong because the behavior of the mutants at the permissive temperature is apparently normal,
without a block, so this does not indicate anything about the stage of the block. As for choice D,
it is not clear how the added regulatory proteins allow the mutant cells to grow.

6.

D

The question asks about evidence of competitive advantage for wild-type yeast. The best evidence would come from placing the yeast in an environment where they can compete and see
after a time which yeast predominates; thus, D is the best choice. It is true that the mutant cannot grow at high temperatures (choice C), and this is likely to lead to a competitive disadvantage, but choice D addresses the question of competition directly.

7.

B

During interphase, biosynthetic activity produces enough material in the cell to form two separate cells, including replication of the genome during interphase (which includes the G1, S, and
G2 phases). If the cell cannot go through interphase, there will be no replication of the DNA
genome (choice B). There is no evidence to support any of the other choices. (Note: The cells
will completely lack DNA replication but may still synthesize protein, so A is incorrect.)

8.

A

The two haploid cells will form a diploid cell with one copy of the wild-type allele and one copy
of the recessive mutant allele (the genotype will be heterozygous). Since the mutant is recessive,
its phenotype will not be observed in the diploid cell, making the phenotype wild-type.

Passage 29
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1.

D

Symports, antiports, and facilitated diffusion (choices A, B, and C) all involve the movement
of ions down a gradient, which is not active transport. Active transport is transport against a
concentration/electrochemical gradient with energy input. The Na+/K+ ATPase pumps Na+ out
of the cell against an electrochemical gradient, using the energy of ATP hydrolysis to drive this
transport forward.

2.

C

In Experiment 1, both glucose and sodium concentrations decrease in the medium and must
be increasing inside the cells. This suggests that a sodium concentration gradient was driving
the transport of glucose into the cells (thus, choice C is correct). In Experiment 2, the sodium
concentration remains the same as glucose is transported, but ATP in the medium is decreasing, suggesting that the cells are importing ATP and using ATP hydrolysis to maintain the Na+
gradient to drive glucose transport even further, essentially to completion. Choices A and B are
incorrect because there is no evidence for exchange of either ATP or sodium for glucose. Both
ATP (in Figure 2) and sodium (in Figure 1) decrease in the medium at the same time that glucose is decreasing, suggesting that they are being transported in the same direction as glucose.
Choice D also cannot be correct, since extracellular ATP does not increase in these experiments.

3.

C

As evidenced by Figures 1 and 2, both the sodium concentration gradient and the ATP hydrolysis that maintains this gradient are forms of energy that drive glucose transport (choice C).
Choices A, B, and D all make false statements, so they cannot be correct.
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4.

B

ATP is not an enzyme (choice A) or a carbohydrate (choice D) nor does it serve as a source of
these. Choice C is wrong because although ATP can be a source of inorganic phosphate, inorganic phosphate does not drive transport (C is incorrect). It is energy—provided in breaking
ATPs into ADPs + Pis—that is required to drive transport.

5.

A

ATP maintains extracellular Na+ at a high level in Experiment 2, indicating that it will cause
the extracellular Na+ to increase back to this high level after it has been depleted through cotransport with glucose. As the Na+ gradient is restored, glucose concentration in the medium
will decrease further with the additional energy provided. Thus, choice A is correct. Choice B
depicts ATP as having no effect on glucose, which is not supported by Figure 2. (ATP drives
extracellular glucose to a lower level than is observed in the absence of ATP.) The linear depletion of glucose in choice C does not agree with either Figure 1 or Figure 2. And in choice D,
extracellular glucose increases, which is not observed in either experiment.

6.

D

It is likely that a transport protein will be an integral membrane protein that spans the entire
membrane to allow molecules to pass through the membrane through a protein-lined channel,
so choice D is correct. Integral membrane proteins have membrane-spanning domains with
hydrophobic amino acids, allowing them to pass through the hydrophobic interior of the membrane (choice B is wrong). There is no rule that these proteins must be found on only one surface of the membrane or the other (so choices A and C are incorrect).

7.

C

The energy to drive glucose transport is from the sodium concentration gradient. When the
sodium concentration is the same inside as outside the cell, there is no gradient, and thus no
energy to drive glucose transport further. Transport will stop, and the extracellular glucose
concentration will level off, so choice C is correct. As for choices A and B, the sodium in the
medium decreases in Figure 1. And choice D is wrong because the sodium in Figure 1 decreases
but levels off before it reaches zero.

8.

B

Adding more sodium to the medium increases the sodium gradient, and a larger gradient means
that more glucose can be transported before the sodium gradient is depleted. The curve will be
similar to Figure 1, therefore, but will level off at a lower concentration of extracellular glucose,
so choice B is correct. Choice A is incorrect because the final glucose concentration in this case
is the same as it appears in Figure 1. Choice C is wrong because it represents less glucose transport, not more. As for choice D, there is no reason to believe that glucose will reverse direction
of transport and go back up again.

9.

D

Choice A is wrong because there are no secreted proteins involved in the transport process.
Choices B and C are incorrect since ATP hydrolysis is not catalyzed by the Na+/glucose cotransporter, but the Na+/K+ ATPase that produces the Na+ gradient in the first place. D is the only
possible choice here: A membrane protein must bind sodium and glucose in the extracellular
side of the membrane prior to transport.
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1.

D
A: No. The slow-growing poky phenotype is the mutant phenotype we seek to analyze. If a fungus
is poky, it’s already a mutant and we don’t care about its mutation rate. Furthermore, nothing in
the passage indicates a connection between growth rate and mutation rate.
B: No. If this were the case, how would the poky mutation have first arisen? It must have started in
the mitochondria. And again, nothing in the passage suggests this to be the case.
C: No. Normal Mendelian segregation provides a 1:1 ratio of the phenotypes of the parents, whereas in this case the inheritance was uniparental.
D: Yes. Your first task is to realize that choice D is precisely the hypothesis the experiments in the
passage were designed to test. Because the poky phenotype was indeed passed from donors to
recipients when isolated mitochondria were transferred, you should conclude that the hypothesis was confirmed. Hence, this answer is “correct until proven otherwise.”

2.

D
Item I: True. Sham-injecting recipients, that is, doing everything the same as with the experimentals
except not transferring mitochondria, will tell you whether the process of the injection itself is
altering the recipient cells.
Item II: True. You must know whether the changes in the recipient cells are due to mitochondrial
or nuclear genetic material if you are to conclude that the mutant genes are mitochondrial. By
using genetic markers as indicated, it would be possible to check for accidental transference of
nuclear genes in the recipients.
Item III: True. The reasoning is the same as for using a sham injection; if the new cells are not normal, it could indicate that the operation itself is changing the fungus.

3.

D
A: No. This is normal Mendelian 1:1 segregation, not maternal inheritance. Maternal inheritance
is a type of uniparental inheritance in which all progeny have the genotype and phenotype of
the female parent.
B: No. Again, normal Mendelian 1:1 segregation (see A).
C: No. This is not maternal inheritance, because the progeny are showing the phenotype of the
male parent only.
D: Yes. All of the progeny show the phenotype of the female parent, so this is an example of maternal inheritance.

4.

C
A: No. If the mitochondria are dividing autonomously, they will retain the radioactive label.
B: No. This result would only appear if the mitochondria were synthesized anew, with newly-synthesized phosphatidylcholine that is not radioactive. If the mitochondria are dividing, they will
retain the radioactive label evenly.
C: Yes. If the mitochondria are dividing autonomously, daughter mitochondria will incorporate
some new nonradioactive phosphatidylcholine and also inherit radioactive choline from the parent. Hence, new mitochondria will all have equal radioactivity.
D: No. This sounds like the result of a cross between heterozygotes for a recessive allele in normal
Mendelian inheritance.
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5.

A
A: Yes. The trait must be recessive and therefore encoded by a nuclear gene.
B: No. Mitochondrial genes cannot be recessive since all mitochondria in progeny are from the
mother.
C: No. Mice, like all organisms that reproduce sexually, can display maternal inheritance of mitochondrial genes.
D: No. If it were X-linked, then male progeny would display the trait.

6.

A
A: Yes. Glycolysis occurs in the cytoplasm, not the mitochondrion. Essentially, this is a freestanding question.
B: No. The Krebs cycle, one of the stages of respiration, does take place in the mitochondrion.
C: No. Electron transport, one of the stages of respiration, does take place in the mitochondrion.
D: No. The oxidation of pyruvic acid is a preliminary step to respiration, and like the other steps of
respiration, takes place in the mitochondrion.

7.

B
A: No. Fertilization immediately following meiosis is characteristic of animals. Consequently, they
spend most of their lives as diploid organisms.
B: Yes. In fungi, like Neurospora, most of the life cycle is spent as a haploid organism, with only a
brief diploid stage after fertilization, which ends immediately with meiosis to produce haploid
cells which then divide mitotically repeatedly before entering another sexual cycle.
C: No. Separation of fertilization and meiosis is a characteristic of the plant life cycle.
D: No. Most fungi undergo meiosis and a sexual cycle at some point in their life cycle. (The “imperfect fungi” are so called because they have no known sexual cycle.)

8.

B
A: No. If the experimenters somehow caused the mitochondria they transferred to induce the poky
mutation, the results would be misleading. For instance, the damaged mitochondria might send
some sort of signal to the nucleus.
B: Yes. This is an incorrect statement, because fungi are eukaryotic cells with true nuclei.
C: No. Even though it would be highly unlikely, such a mutation could occur. The growth of several control cultures (with no injections and/or sham injections) would avoid this confusion.
D: No. This is like choice A, but this is a correct statement because it does not state that Neurospora has no nucleus. If the experimenters were unwittingly passing along genomic material, the
experimental conclusion may be incorrect. This confusion could be prevented by the use of the
control described in #2, Item III—if a control culture with sham-injected Neurospora demonstrated the poky phenotype, we would know that the injection procedure somehow caused the
mutation.

Passage 31
1.

B

At the end of paragraph 2, it is stated that for gene therapy to succeed, the target cells must be
dividing actively. Intestinal epithelial cells are continually dividing and being replaced, so B
is the best choice. T cells are not always actively dividing; they must be stimulated by antigen
along with the appropriate chemical signals in order to begin proliferating (choice A is not the
best choice). Finally, red blood cells and neurons are terminally differentiated and arrested in
the cell cycle; they do not divide, so these are not good targets (choices C and D are wrong).
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2.

A

In gene-addition therapy, a correct copy of a gene is added to cells which already contain at least
one defective gene copy responsible for disease. In a disease caused by a recessive allele, the addition of even one wild-type copy should mask the effect of the recessive allele and reverse the
disease. A dominant allele, however, cannot be masked by a wild-type allele, so that even after
the gene addition therapy, cells will continue to express the disease allele. Choice B is incorrect
since genes inserted in the host cell genome must replicate at the same rate as the rest of the
genes in the cell. Choice C is wrong because the disease is genetic, not caused by a virus. Choice
D is wrong since the disease allele does not cause mutation, but is itself caused by a mutation.

3.

C

All viruses gain entry into the cell through recognition of cell-surface proteins (receptors) by
viral proteins.

4.

A

Endocytosis results in material being internalized into the endosome and lysosomes for
 estruction.
d

5.

B

Only choice B addresses the question: Why would tumor cells be more sensitive to a virus that
disrupts replication? The answer is that tumor cells divide more often and therefore replicate
their genome more often, so they will be more sensitive than normal cells to treatments that
disrupt DNA replication.

Passage 32
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1.

D
Item I: True. Antibodies serve as markers, causing phagocytic cells to engulf and destroy foreign
particles or cells.
Item II: True. For example, an antibody can inactivate a virus.
Item III: True. The complement system is a biochemical cascade which leads to the lysis of cells. It
can be initiated by an antibody binding to the cell surface.

2.

B
A: No. Baby 1 having AB blood, must come from parents having an I A and an I B allele among their
genotypes. Couple X’s blood types are A and O, so they could not be the parents—they do not
have an I B allele between them. Baby 2 could not belong to Couple Y, because to have blood
type O, both parents must have an i allele. Couple Y includes an AB blood type, which cannot
possibly donate the i allele.
B: Yes. Couple X could produce a baby of blood type O, since the A-type parent could have the IAi
genotype and donate the i allele to combine with an i allele from the O-type parent. Couple Y
could produce a baby of blood type AB if the AB-type parent donated an IA allele, and the Btype parent donated an IB allele.

3.

D
Item I: True. Type-O donor cells will have neither the A antigen nor the B antigen.
Items II & III: True. The man has both antigens, A and B, in his bloodstream. His immune system
will not recognize either as foreign.
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4.

B
A: No. See B. The ii genotype does not fit this definition, as there is only one allele present: i.
B: Yes. Codominance is the phenomenon in which the effects of both alleles at a particular locus
are apparent in the phenotype of the heterozygote. In this case, there are two alleles, IA and IB,
and both will be expressed in the phenotype, which will be blood type AB.
C: No, see B. The IA IA genotype does not fit this definition, as there is only one allele present: IA.
D: No, see B. Genotype IBi is a case of simple dominance, not codominance. The IB allele is dominant to the i allele, and together they will produce a blood type B phenotype.

5.

A
A: Yes. Many enzymes are thermolabile, that is, they do not function at higher temperatures, even
within the normal physiological range. Coat color in Himalayan rabbits is one example.
B: No. In the data given, black pigment shows up only at lower temperatures, not higher ones.
C: No. The genotype will not vary. The environment must produce a change in gene expression or
activity of a gene product.
D: No. Temperature dependence is a property of the “Himalayan” allele, not a property of the notion of multiple allelism.

6.

D
A & B: No. Since a person of blood type A could have an i allele, and, similarly, a person of blood
type B could have an i allele, the offspring could have an i allele.
C: No. Offspring with the ii or I A IB genotype could result.
D: Yes. The man’s genotype could be I A I A or IAi, and the woman’s could be I BI B or I Bi, which would
allow for all of the possibilities given.

7.

A
A: Yes. Since Mr. X has blood type O, there is no way he could carry the I A allele. Ms. Z, having
blood type B, also could not carry it. Mr. Y, having blood type AB, could be the father, with the
child receiving Ms. Z’s i allele, and Mr. Y’s I A allele.
B: No. Mr. Y could be the father, although Mr. X could not.
C: No. Mr. X could not be the child’s father, as he does not carry the IA allele.
D: No. Same explanation as for B.

Passage 33
1.

D
A & B: No. One allele can only be dominant over another allele at the same locus. The (+) allele allows the coat color gene to be expressed; this is known as epistasis.
C: No. The (+) allele is dominant; refer to the last sentence of the first paragraph of the passage.
D: Yes. Epistasis refers to the situation where one gene controls the expression of another. (Epi
means “upon,” and stasis means “standing.”) Do not confuse this with dominance and recessivity, which only apply to alleles at the same locus. Dominant and recessive are relationships
between alleles; epistatic is a relationship between genes (loci).

2.

C
C: Yes. True-breeding means that the phenotype does not change from generation to generation.
Since this was a true-breeding strain of black hamsters, the genotype must have been homozygous at both loci. Therefore, the correct answer would be B/B; +/+.
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3.

C
C: Yes. These animals must be white (albino), since they are homozygous for the albino allele (a).

4.

A
A: Yes. The F1 generation is the first generation of offspring from an experimental cross. All of the
F1 hybrids will be black, since they must all have the genotype B/b; +/a.

5.

A
A: Yes. Assume both of the genes in question are on the same chromosome (linked), and very close
together. The F1 hamster has the genotype (B/b; +/a). It has two chromosomes containing the
genes in question, and they are arranged like this: B—+ and b—a. We know this because each
chromosome came from a parent with a known genome. For example, the parent that passed
the B gene also passed the + gene. If the two genes are very close together on the chromosome,
they will never be separated, so all progeny resulting from Experiment 2 will be either B/b;
+/a or b/b; a/a. The corresponding phenotypes would be half black offspring and half albino
offspring.
Now assume the genes are on different chromosomes (unlinked). In this case, the progeny resulting from Experiment 2 may have any of four genotypes, namely the ones given above plus
B/b; a/a and b/b; +/a. All four of these genotypes should appear with equal frequency. In this
case we would see half albino hamsters, 1/4 black ones, and 1/4 brown.
Now assume the genes are on the same chromosome, but not too close together. In this case,
sometimes they will be separated by recombination during the formation of gametes by meiosis
in the parents’ germ cells. Depending on just how far apart they are, we would see the second
pair of genotypes given above more or less frequently.
Let’s look at the actual results of Experiment 2. We got half albino hamsters, and the remaining
offspring were 2:1 black:brown. This indicates that the B/b; +/a genotype was twice as frequent
as the b/b; +/+ genotype (these are the only possible genotypes of non-albino offspring, given the
parental genomes). Hence, the genes are linked.
C: No. A gene (locus) cannot be recessive. Dominance and recessivity are relationships between alleles; these words are not used to describe genes. When one gene takes precedence over another
it is said to be epistatic (see 1D).

6.

B
B: Yes. If no crossover took place in the heterozygous organism, you would expect to see half of the
offspring albino (b/b; a/a) and half of the offspring black (B/b; +/a), with no brown offspring at
all. In other words, the brown hamsters resulting from this cross are “crossover” (recombinant)
offspring. Each crossover event will produce one brown hamster. However, we should also see
recombinant hamsters with this genotype: B/b; a/a. These crossover-type offspring are lost in the
crowd of albino hamsters which arise from non-crossover events. Since they cannot be identified
individually, we must assume that there are just as many of them as there are brown recombinants, so the total number of crossover-type offspring in this test-cross must be 2 × 34 = 68.
Now we can calculate the genetic map distance between the two loci. The map distance between two genes is defined as the frequency of crossover events between those genes. This is
simply the number of recombinant offspring divided by the total number of offspring: 68/200,
which equals 34%, or 34 centimorgans. (For you genetics buffs: 34% is actually the minimum
distance. The actual genetic distance is probably greater, since double recombinations between
loci this far apart will result in some apparently unrecombinant offspring.)
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Passage 34
1.

C
A: No. Parasitism is a symbiotic relationship in which one species is harmed while the other benefits. A parasite is an organism which derives its nourishment from the body fluids of its host.
Parasitism is contrasted with predator prey relationships in that parasites are smaller than their
hosts, and are usually species-specific. The Myxoma virus in Community 3 is an example of a
parasite.
B: No. Commensalism is characterized by one species benefiting while the other is neither helped
nor hurt (Community 2).
C: Yes. Mutualism is characterized by both species benefiting from the interaction (Community 1).
D: No. In predation, the predator usually feeds upon prey smaller than itself, and on many different species of prey.

2.

B
A, C, & D: No; see the solution to question 1.
B: Yes. The egret is helped, while the cattle are neither helped nor hurt.

3.

A
A: Yes. Coevolution occurs when the characteristics of one species influence the evolution of another species. At first glance, selection of a less virulent strain of virus might not seem like “evolution,” but rather a thwarting of the virus’ evolution. However, in the long run, a less virulent
strain is better because it will not kill off its host. Besides, “evolution” is not a valuative term,
that is, it does not imply “progress”; it just refers to change in a lineage over time.
B: No. Mutation may have occurred, but the passage indicates that selection was primarily at work
to drive coevolution (see A).
C: No. Speciation is the origin of a new species, and the new generations of rabbit were not new
species.
D: No. Competition results when organisms from the same or different species overlap in their utilization of insufficient resources. Better surviving a disease is not “out-competing,” because no
resource is competed over.

4.

D
A:
B:
C:
D:

5.

B
A, C, & D: No. The Hardy–Weinberg law states that the frequency of all the possible alleles at a
given locus will remain the same over time, as long as five conditions are met. These are three
of the conditions; the fourth is that no migration occurs (see choice B), and the fifth is that no
natural selection occurs.
B: Yes. If migration occurs, the gene pool does not remain constant, in which case Hardy–Weinberg
does not apply.

No. The relationship in Community 1 is a mutualistic one.
No. The relationship in Community 2 is a commensal one.
No. Viruses are parasites.
Yes. Birds feeding on insects are a predator-prey relationship. Predators are larger than their prey
and usually feed upon many species of prey. In contrast, parasites are smaller than their hosts,
and are usually species-specific.
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6.

A
A:
B:
C:
D:

7.

D
A: No. There is no basis for this generalization.
B: No. This is anthropomorphic reasoning, attributing rationale to the process of evolution. In
evolution nothing happens “in order” that something else may happen or not happen.
C: No. This does not necessarily take place.
D: Yes. This leads to the establishment of population cycles, in which the predator population increases while the prey population falls, until the prey gets too scarce. The predator population
then begins to drop and the prey population increases, and so forth.

Yes. Reproductive isolation is one way species diverge to create new species.
No. Reproductive isolation actually relieves intra-species competition by creating new species.
No. Natural selection arises from competition rather than reproductive isolation.
No. On the contrary, such a specific mutualism would probably result in stabilizing selection.
This is selection against extreme variants, in favor of average ones. For example, wasps which
were unusually small or large might not do as well as medium-sized wasps.

Passage 35

This passage is unusually difficult for two reasons: 1) It is very theoretical, not factual. 2) It presents an illegitimate theory and uses graphs which do not accomplish what the author intended them to. The MCAT is filled
with the unexpected.
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1.

B
A: No. This is stated in the passage (third paragraph).
B: Yes. Breeding success is the number of fledglings born to each adult. Figure 1 shows that the
relationship between clutch size and number of surviving offspring is not a simple inverse proportionality. In fact the relationship is a direct proportionality at clutch sizes between seven and
nine.
C & D: No. Both statements are consistent with paragraph 3 of the passage.

2.

B
A: No. Some of these new offspring will die during the year, so it is better to measure later. In fact,
measuring during just one year is not correct at all, as carrying capacity is defined as the number
at which a population stabilizes over several years.
B: Yes. Carrying capacity is defined as the number at which a population stabilizes after several
years. It is the number of organisms the environment can support in the long term, or “carry.”
C: No. You should realize that the population size is changing during the exponential growth
phase, and “capacity” suggests a fixed number. The carrying capacity is the population size during the stationary phase.
D: No. Carrying capacity is determined by the environment, which puts constraints on reproductive potential.
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3.

A

A:

B:

C:
D:
4.

This question challenges you to identify what sort of argument a graph makes. It is important
that you be comfortable with the graph as a tool for information display. The basic graph consists of an independent variable (usually on the x axis) and one or more dependent variables
(usually on the y axis). The graph tells us how the dependent variables change in response to
changes in the independent variable. The independent variable in this graph is “Brood Size,” or
the number of eggs hatched. (The meaning of “brood size” can be inferred from paragraph 2 of
the passage.) There are two dependent variables. Bar height represents the dependent variable,
“% Occurrence of Each Brood Size.” The distance of dots from the x axis represents the dependent variable, “Number of Known Survivors per Nest.”
Yes. The author of the passage provides Figure 1 in an attempt to support Edward’s theory, but
the information in the figure does nothing to confirm or refute the theory. The theory states
that animals behave altruistically. Figure 1 does not say anything about animal behavior. It just
shows that when too many eggs are laid in a given clutch, fewer birds survive.
No. The figure does not say anything about any deliberate reduction of clutch size. Stated mathematically, clutch size is the independent variable in this graph; we are given no information
as to when and why a particular clutch size is produced, but rather only the results of a given
clutch size.
No. We are not told anything about the birds’ decision-making about how large a clutch to produce, and we are not shown any relationship between environmental conditions and clutch size.
No. the graph neither supports nor refutes the theory (see above).

B

A:
B:

C:
D:

As with Figure 1, Figure 2 does not serve the author’s purpose very well. The data are vague
because no clear relationship is evident. In other words, the graph does not give very convincing
evidence that increased numbers of breeding adults lead to decreased clutch size. It does give
weak evidence that this is the case, because the one data point at a high number of breeding
adults (on the far right) shows a low number of fledgling pairs. However, this is statistically in
significant data, because only one data point provides evidence in support of one conclusion or
the other.
No. “Consistent with” simply means “not contradictory.” The data in Figure 2 do not contradict
the idea that animals deliberately reproduce less when population is high.
Yes, though the data do not disprove the theory, they certainly do not prove it. First of all, the
data in Figure 2 are weak (statistically insignificant). Secondly, we cannot conclude that the
birds deliberately, altruistically regulated their population to produce the data, which is what
the theory argues.
No. It supports this idea.
No. This is true. The plotted points are quite scattered, too scattered for one to draw a straight
line and conclude that there is a clear linear relationship.

© The Princeton Review, Inc.

|

705

MCAT Science Workbook

5.

D

A:
B:
C:
D:
6.

Always be aware of MCAT key words like “most consistent.” They notify you that you will have
to make a subtle, often subjective, choice between alternatives which are difficult to separate.
Darwin’s theory of natural selection is best paraphrased as “Survival of the fittest.” The main
idea is that evolution does not occur “in order to fill a need.” Rather, because of mutation and
genetic recombination, differences between individuals just happen to exist; the fittest individuals are then most likely to survive and produce offspring.
No. Darwinian fitness is determined by the ability to pass on one’s own alleles. Allowing unrelated animals to survive does not increase one’s own fitness.
No. This describes altruistic behavior without an increase in the passing of alleles to future
generation.
No. Regulation of population size was not a component of Darwin’s theory.
Yes. This is an example of competition. The parents who are most effective at getting resources
will have healthier offspring and pass on their alleles more frequently.

B
A: No. According to the passage, Edward’s theory stated that animals reproduce more when more
food is available, and the question states that the availability of nourishment was increased. If
you chose this answer, you probably did so because the tribe moved into a presumably more
crowded city, and Edwards’s theory says that animals reproduce less when the environment
is more crowded. But the passage states that “animals avoid overexploitation of their habitats,
especially with regard to food supply.” The availability of nourishment (and safe housing) is
greatly increased.
B: Yes. This does not describe altruistic sacrifice for the good of the population.
C: No. The farmers are agreeing to limit their own reproductive rate for the good of all. This is
altruistic behavior, which is consistent with Edward’s theory.
D: No. This is consistent with the theory.

Passage 36
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1.

C
A: No. this could be true if the disease were recessive, I-a were homozygous, and I-b were a heterozygous carrier. But the passage states that the disease is rare, and this means one should assume
an individual does not carry the gene until proven otherwise.
B: No. If this were the case, heterozygous females could not have the disease.
C: Yes. The father has the disease and exactly half of his progeny, both males and females, have
it too. This is a classic autosomal dominant disease, with the father a heterozygote. Again, we
must assume the mother does not carry the disease allele (see A).

2.

B
A: No. If I-b were homozygous recessive, she would have the disease.
B: Yes. The answer is found by observing the mother-to-son transmission down the pedigree, and
the lack of father-to-daughter transmission. Therefore, Disease 1 is X-linked recessive. Female
carriers of X-linked recessive traits are heterozygotes.
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3.

C
C: Yes. Individual III-r’s father had Disease 2, which is X-linked recessive (see #2). III-r must then
be a carrier of the disease. The probability that a son produced by a mating with a normal man
would have the disease is the probability that III-r gives the recessive allele (remember that her
husband will contribute a Y), which is 1/2.

4.

C
C: Yes. Individual III-v has Disease 1 and she is heterozygous for it because her father didn’t carry
the gene (we know this becausee he didn’t have the disease and the disease allele is dominant-see
#1). The probability that a son from a mating with a normal man gets the Disease-I allele is thus
1/2 (which is the probability that III-v will pass the allele). Since III-v’s mother (II-m) is a carrier
for Disease 2 (we know that II-m is a carrier because III-y has the disease), the probability that
III-v is also a carrier is 1/2 (again, this is just the probability that II-m passed the allele). The
probability the son gets Disease 2 is 1/2 × 1/2 (this is just the probability of mom being a carrier times the probability that she passes the disease gene on), or 1/4. The probability of getting
BOTH diseases is (1/2)(1/4) = 1/8.

5.

B

6.

C
C: Yes. For a dominant disease allele, both homozygotes and heterozygotes will have the disease.
The frequency of a dominant allele in the Hardy–Weinberg equation is denoted p. The frequency of affected individuals is p2 + 2pq = (0.1)2 + 2(0.1)(0.9) = 0.19. Here, p2 represents the
frequency of homozygotes for the allele, and 2pq is the frequency of heterozygotes.

The rule of addition states that the odds of either X or Y occurring equals the odds of X plus the
odds of Y. In equation form, using P for probability, it looks like this: P(X or Y) = P(X) + P(Y).
B: Yes. The probability of getting either Disease 1 or 2 is the sum of the individual probabilities.
III-j has Disease 2, the X-linked recessive disease, but there is no way for his children to have
the disease, because male offspring will get the Y chromosome, and females will become carriers without having the disease. (This assumes his mate does not carry this rare allele. Also, II-f
could not pass on the Disease-2 allele to III-m since II-f is male.) The probability of getting Disease 1 is 1/2, since III-m has this dominant allele. Thus P(Disease 1 or Disease 2) = P(Disease 1)
= P(Disease 2) = 0 + 1/2 = 1/2.

Passage 37
1.

B
A: No. Larger axons conduct more rapidly.
B: Yes. Myelination causes the action potential to jump from node to node by saltatory conduction
(jumping conduction), which is much faster than conduction down the axon in a continuous
manner.
C: No. Chemical synapses are the slowest part of the chain of transmission. A single long axon is
much faster than several nerve cells connected by chemical synapses.
D: No. This describes unmyelinated axons, which are slower. In myelinated axons, the fast sodium
channels are concentrated at the nodes. This is part of saltatory conduction (see A).

© The Princeton Review, Inc.
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2.

D
A: No, this is true. Remember that “motor” neurons are simply neurons that carry information
from the CNS. “Motor” does not necessarily refer to a nerve that innervates a muscle.
B & C: No, each is true.
D: Yes. Striated skeletal muscle is innervated only by the somatic nervous system.

3.

C
Item I: False. There is no ATP present in the experiment. The chemical gradients are created artificially, by perfusion of the inside and outside of the neuron with different solutions.
Item II: True. The correct concentration gradient is essential, as shown by the fact that either absence
of the gradient or reversal of the gradient prevents action potentials.
Item III: True. Reversal of the gradient prevents an action potential (–80 vs. +80 mV).

4.

A
A:
B:
C:
D:

5.

A
A: Yes. The experiment proves this statement false. Making the intracellular concentration of sodium high and that of potassium low, while creating the opposite pattern extracellularly, led to no
action potentials (second row of data in the table). It did reverse the polarity of the RMP (but
the question asked about action potentials, not the RMP). You should know, by the way, that
the gradients found in nature are: K+–high inside, low outside; Na+–the opposite (as determined
by the Na+/K+ ATPase).
B & C: No, these are true. The experiment shows that reversing the Na+ and K+ gradients reverses the
RMP. Also, when [Na+] is varied and [K+] is held constant, the RMP remains constant (last row
of the table). Hence, it is K+, not Na+, which determines the RMP.
D: No. There is no reason to believe that this is true.

6.

B
B: Yes. Na+ channels must close to end the influx of sodium, and K+ repolarization channels must
open to facilitate rapid return to resting membrane potential. The depolarization that constitutes the action potential (that is, the spike) triggers both of these occurrences. The Na+ channels open very rapidly when the neuron is first depolarized to threshold. Then these channels are
slammed shut very rapidly when the action potential spike occurs. Hence, the Na+ channels are
referred to as “fast channels.” The potassium repolarization channels are opened by the action
potential spike too, but they take longer to open. In fact, they do not open until just the right
time for repolarization to begin (otherwise they would mess up the action potential spike).

© The Princeton Review, Inc.

Yes. Axons do not have a nucleus, ER, Golgi apparatus, or ribosomes.
No. These are essential for axonal transport and cytoskeletal structure, respectively.
No; this is why axons exist!
No. Action potentials are only transmitted in one direction.
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Passage 38
1.

C

The action potential in cardiac muscle includes the opening of slow voltage-gated calcium channels. The opening of these channels allows calcium into cardiac muscle cells, which plays a
role in the release of the troponin/tropomyosin complex from actin filaments, allowing myosin heads to bind and initiate contraction. Voltage-gated sodium channels open in response to
changes in membrane potential, not calcium influx, and the changes in potential are typically
due to sodium influx through ligand-gated channels (A is wrong). Propagation of action potentials in motor neurons relies on sodium and potassium flux, not calcium (B is wrong), and ATP
hydrolysis is not calcium-dependent (D is wrong).

2.

C

Neurotransmitter receptors are integral plasma membrane proteins, all of which are translated
on the rough ER. Increased plasma membrane protein translation requires more rough ER.
Choices A, B, and D are not functions of the rough ER.

3.

A

The neuromuscular junction uses only ACh as the neurotransmitter, not glutamate. ACh binds
to a receptor on the post-synaptic cell, opening a Na+ channel and causing depolarization of
the cell. B can be eliminated because there is no information providedin the passage about the
distribution of NMDA receptors, and choices C and D are incorrect because the receptors on
skeletal muscle cells bind ACh, not glutamate. Which ions the glutamate (NMDA) receptor allows to pass is irrelevant in this case.

4.

A

The membrane component nearest the cellular interior is the inner surface of the membrane.
Facing the hydrophilic cytoplasm (water, salts, etc.), this surface is composed of the hydrophilic
heads of phospholipids. Note that choices B and C essentially mean the same thing; since it’s
not possible to have two right answers, both choices can be eliminated.

5.

D

It is not really necessary to refer to Experiment 1 to answer this question. By elimination, A is
not true since oxidative phosphorylation will decrease during ischemia, B is irrelevant to calcium, and as for C, RNA polymerase is not degraded in high calcium levels. This leaves D as
the only possible choice, in which it is stated that calcium regulates calmodulin.

6.

C

Ischemia and high extracellular calcium both stimulate calcium influx in Table 1, so the presence of glutamate antagonists must be the key variable responsible for the lack of calcium influx
in the experiment when they are added. The most likely way for them to do this is to block
binding of glutamate to the receptor (choice C). Choice A would have the reverse effect, choice
B does not explain how glutamate antagonists are responsible for blocking calcium influx, and
choice D cannot be true because ischemia stimulates calcium influx, indicating that the NMDA
receptor must be present.
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Passage 39
1.

B

A:
B:
C:
D:
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This question is a little tricky because development was not discussed in the passage. The key is
knowing what the things discussed aren’t.
No. No two stimuli are associated in this scenario, and the passage defines associative learning
as a pairing of stimuli.
Yes. Monocular vision demonstrates the development of neural pathways that were not present
at birth. Activity of the sensory nerve drives synapse formation along the pathway. In the absence of stimulation, normal development did not occur.
No. Habituation is described as a reduced response by existing neurons. The question describes
sensory input as creating more synapses.
No. Sensitization, although similar to stimulus-driven development in that it leads to an increased response, is different in that it involves numbers of receptors, not numbers of synapses.

2.

A
A: Yes. The puppy associates the pain of spanking with the act of urinating on the floor. This is like
a mirror image of Pavlov’s classic experiment. In this case the dog learns to not urinate, as in
Pavlov’s experiment it learned to salivate.
B: No. This training involves learning, not development.
C: No. If the puppy got habituated to the (punishing) stimulus, why would it respond (by changing its behavior)? Habituation means the stimulus is less influential.
D: No. Maybe the puppy does get sensitized (if the spanking hurts more each time), but this is irrelevant. The process whereby it ceases urinating in the house because of spankings is a clear-cut
example of associative learning.

3.

B
A: No. This causes depolarization.
B: Yes. The membrane’s impermeability to sodium is essential to the resting potential. Regardless
of what else happens, if the membrane is permeable to sodium, it will not be repolarized.
C: No. As discussed in B, if sodium channels are open, the membrane will not be polarized, regardless of what potassium does. Furthermore, even if the potassium current remained small,
the membrane would eventually repolarize as long as it remained impermeable to sodium.
D: No. This is key for neurotransmitter release, but is not a major determinant of polarity.

4.

B
A: No. This is an example of a polysynaptic reflex. An inhibitory interneuron is required for the
stimulus (striking reflex hammer) to cause inhibition of contraction of the hamstring. In the
knee-jerk reflex, an example of a deep tendon reflex, the quadriceps contracts and its antagonist,
the hamstrings, relax. This combination leads to the foot kicking out (that is, to the extension of
the leg).
B: Yes. This is an example of a monosynaptic reflex, in which a sensory neuron synapses with a motor neuron, directly causing contraction.
C: No. Scratching an itch is a complicated process involving conscious control of many muscles.
One does not scratch an itch involuntarily.
D: No. This too is a complex, cerebrally-controlled action. It involves many muscles, and though it
may seem “involuntary,” it is not reflexive.

© The Princeton Review, Inc.
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5.

A
A: Yes. Relaxation of the knee flexors allows extension to take place unimpeded. The quadriceps is
the active muscle in the reflex, while the hamstrings are the inactivated antagonists.
B: No. This simply does not occur.
C: No. The antagonistic muscle is relaxed during the reflex, not contracted afterward.
D: No. This is simply not true.

6.

A
Item I: True. This accurately describes neurotransmitter release into the synapse.
Item II: False. The receptor molecule does not generally degrade the neurotransmitter. This is usually
done by enzymes in the synaptic cleft or bloodstream. Some neurotransmitters (norepinephrine,
for example) are not degraded but rather reclaimed by the presynaptic terminal from which they
were released.
Item III: False. Action potentials begin at the axon hillock, not at the dendritic spine where the neurotransmitter has its effect. Also, not all neurotransmitters are excitatory, and even if they are,
they do not directly cause action potentials, but membrane depolarization.

7.

B
A: No. Serotonin in Aplysia acts on the presynaptic cell.
B: Yes. Serotonin alters the amount of neurotransmitter released by the presynaptic cell, amplifying the response.
C: No. The speed of propagation depends on other factors, such as myelination.
D: No. Serotonin decreases the rate of repolarization.

8.

C
A: No. The passage describes associative learning as a process whereby one stimulus becomes associated with another. There is no notion of inhibition included in this concept.
B: No. This is a positive process—something happens. There is no concept of inhibition here.
C: Yes. Habituation is the only choice which involves inhibition. The question describes an inhibitory process.
D: No. Sensitization involves increasing sensitivity; there is no role for inhibition here.

9.

D
A: No. It is not suggested that action potentials are bidirectional.
B: No. This is not contradicted by the paragraph.
C: No. This is not contradicted either. Each neuron has one axon if it is a bipolar or multipolar
neuron. Unipolar neurons have no axons. Remember, though, that each axon may branch and
innervate many target cells.
D: Yes. The paragraph indicates that APs can be modulated, and that differing APs may actually
cause more or less calcium influx at the terminal. This contradicts the fundamental notion that
the AP is an all-or-none phenomenon.

Passage 40
1.

C
A:
B:
C:
D:

No. The iris adapts to light in a fraction of a second.
No. The refractive power of the lens has nothing to do with light adaptation.
Yes. As stated in the passage, rods are responsible for dark vision.
No. Cones are responsible for visual acuity and color vision, not night vision.
© The Princeton Review, Inc.
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2.

A
A: Yes. An active area inhibiting surrounding areas more highly defines the edges of the active area,
thereby enhancing contrast. This is why a straight dark line on a white page appears distinct,
and not just as a nondescript smear.
B: No. Peripheral vision lacks acuity, and there is no reason to suppose that surround inhibition
will change this.
C & D: No. The neuronal inhibitions of a region of the retina has no effect on the photoreceptor
sensitivity.

3.

B
A: No. Although pain may result from pressure on the eye, it will not result from stimulation of
photoreceptors.
B: Yes. Vision is the only sensory function mediated by the photoreceptors.
C: No. The photoreceptors are not directly involved in balance. Then again, if you saw the walls of
a room begin to move, you might indeed lose your balance, but B is clearly a better choice.
D: No. The question states that photoreceptors are activated.

4.

D
A: No. Nothing in the passage suggests this.
B: No. Inward movement of sodium depolarizes cells.
C: No. This would hyperpolarize the cell, but would not explain the effect of removing Na+ from
the medium.
D: Yes. We can infer from Experiment 2 that the photoreceptor has open sodium channels in
the resting state. We know this because removing sodium from the medium led to increased
polarization—there was less sodium outside the cell to flow in and depolarize it.

5.

B
A: No. As discussed in the solution to question 4, sodium is also involved.
B: Yes. The action potential is an all-or-none phenomenon, the magnitude of which is not related
to strength of the stimulus, whereas the generator potential described in the passage is proportional to stimulus strength (see Figures 2 and 3). Also, neuronal action potentials involve depolarization, not hyperpolarization.
C: No. Both types of potentials change ion movement.
D: No. This is not stated, nor is it true.

6.

C
Items I & II: True. In the early part of the graph (low light intensities), we see a direct proportionality between light intensity and hyperpolarization (ΔmV). After a point, however, increasing the
light intensity can no longer increase ΔmV.
Item III: False. They are directly proportional at low intensities, not logarithmically.

Passage 41
1.
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C
C: Yes. Figure 1 shows six curves, each of which represents the amplitude of vibration of regions of
the cochlea. The curve for the part of the cochlea 24 mm away from the stapes peaks at approximately 400 cps.

© The Princeton Review, Inc.
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2.

C
A: No. Sound merely travels through air in the outer air.
B: No. The middle ear is comprised of the ossicles.
C: Yes. The passage states that the inner ear is the site where the sound wave becomes a traveling
wave.
D: No. The hair cells transduce the impulse in the traveling wave into a nervous impulse.

3.

D
D: Yes. The passage states that low frequencies cause the most vibration at the apical end, farthest
from the eardrum.

4.

B
A: No. This would cause conduction deafness, and hearing loss would be uniform over all
frequencies.
B: Yes. Since hair cells in different locations along the basilar membrane record sound of different
frequencies, damage to a portion of hair cells would cause only hearing loss from a portion of
the sound frequencies.
C: No. Again this would cause hearing loss over all sound frequencies (conduction deafness).
D: No. This would also affect all frequencies (conduction deafness).

5.

C
C: Yes. The first step of those listed is the movement of the auditory ossicles (which are in the
middle ear). The second step is pressure changes of the inner ear (caused by ossicle movement).
Third is the displacement of the basilar membrane (caused by pressure changes of the inner ear).
And last but not least is the movement of the hair cells that are attached to the basilar membrane. This information is given in the passage.

6.

D
A: No. The cerebellum is the site of coordination of movement and balance.
B: No. The hypothalamus is the site of the regulation of homeostasis.
C: No. The cerebral white matter is comprised of myelinated axons (it is the lipid-rich myelin which
makes it white). It is not considered a processing center but rather an area of complex intertwining pathways leading from one processing center to another (for example, from cerebellum to
cortex).
D: Yes. The cerebral cortex is composed of nerve cell bodies, and appears gray. The cerebral cortex
processes “higher” information such as speech, sound, sight, learning, etc., and is the seat of
consciousness. Also, the passage states that the hearing nerves of the spiral ganglion send their
axons toward the auditory cortex.
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1.

A
A: Yes. The vertical lines represent the firing of a receptor cell. You can infer this from the fact that
there are more when the stimulus is on. This firing is an action potential, the basic unit of communication in nerves.
B: No. Nerve cells generally spend most of their time at the resting membrane potential, which is
represented by the steady horizontal baseline.
C: No. The vertical lines before the “stimulus applied” box represent the basal firing rate, but in
general the vertical lines just represent action potentials.
D: No. There is no indication given that the stimulus is the touch of a hot object. This is a type of
sensory stimulus, but we have no reason to suppose it is the one involved here.

2.

A
A: Yes. The movement of hairs which are embedded in these neural nets will stimulate firing of the
neurons and send a signal that touch has occurred. What would a hair be useful in sensing if
not movement?
B: No. Pressure is sensed deeper in the skin, by the Pacinian corpuscle and other receptors. Dermal
hairs are much more efficient for the detection of touch.
C: No. Pain is sensed by free nerve endings in the dermis, not by hairs. Dermal hairs are much
more efficient for the detection of touch.
D: No. Hairs would not be effective in the detection of heat.

3.

B
A: No. Refer to Figure 1. The thumb has a large area of the sensory cortex devoted to it, but not as
large at the lips.
B: Yes. As shown in Figure 1, the area labeled lips is definitely the largest of the options given.
C & D: No. As examination of the top of Figure 1 will show, only a small area of the sensory cortex
is devoted to the neck and the leg.

4.

B
Items I & III: False. See discussion of Item II.
Item II: True. The passage states (and Figure 2 shows) that phasic receptors adapt. It is also stated
(and shown) that phasic receptors drop their firing rate below a basal level when a long-standing
stimulus is removed. Hence, while the woman has her hands in hot and cold water, she will
soon stop feeling hot and cold. Then, when her hands are placed in lukewarm water, the adapted receptors will transiently drop their firing rate below the basal level, and she will feel the opposite of what she felt before. Then the receptors will adapt once again, and she will stop having
any temperature sensation while her hands remain in the warm water.

© The Princeton Review, Inc.
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5.

A
A: Yes. Each tonic receptor cell in such a series measures with great precision but has a restricted
intensity range over which it is sensitive since it cannot adapt to strong stimuli. A series of
receptor cells with different but overlapping ranges can measure over a large range with great
accuracy. This can be inferred from the question, which states that the receptors “have different,
but slightly overlapping, sensitivity ranges.” Also, you can eliminate the other choices based on
information in the passage.
B: No. The passage states that tonic cells fire to a degree proportional to the stimulus, thus providing good information about the magnitude of the stimulus.
C: No. Nothing in the passage explicitly states which receptor type provides better information
about the onset or end of stimulation.
D: No. As stated in the passage, it is the phasic cells that adapt to stimulus, not the tonic cells.

6.

C
A: No. This is not adaptation.
B: No. Sensory adaptation will not cause the initial stimulus not to be felt.
C: Yes. Cutaneous receptors are located at specific points in the skin and are relatively sparsely
distributed on the skin of the back. This is why it is possible to feel only one needle touch when
there are actually two; both needles poke within the domain of a single receptor.
D: No. The question states that the needles are applied with equal pressure. Only one sensitivity is
needed. Also, no indication is given that pain receptors respond to a limited range of intensities.

Passage 43
1.

B
A: No. Osmotic pressure in the cell is regulated by the transport of ions across the plasma membrane, not proteins.
B: Yes. Without ouabain, the Na+/K+ ATPase creates a net movement of sodium ions out of the cell.
If the Na+/K+ ATPase is inhibited, then the concentration of ions inside the cells is higher than
normal, driving water to enter the cell by osmosis, bursting cells.
C: No. Potassium transport into the cell will be decreased by ouabain, not increased.
D: No. Leak channels are always open.

2.

B
B: Yes. The Na+/K+ ATPase pumps K+ ions into the cell against a gradient, and potassium channels
allow K+ ions to diffuse back out of the cell down a gradient. The Na+/K+ ATPase alone creates a
small negative potential in the cellular interior since only 2 K+ are pumped into the cell for every
3 Na+ pumped out, but most of the resting membrane potential, with negative charge in the
cellular interior, is due to the leakage of potassium through leak channels. Blocking leak channels will not make the membrane potential more negative, but less. It will not make the cellular
interior positive, however, since this would require net movement of positive ions into the cell,
which is not what happens.
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3.

C
Item I: True. Hydrophobic amino acids are essential components of membrane-spanning domains,
because they must interact with the hydrophobic lipid tails of the membrane interior.
Item II: False. Basic amino acids are positively charged, and thus hydrophilic. They are found on the
exterior of proteins in aqueous environments.
Item III: True. Nonpolar amino acids are hydrophobic (see above.)

4.

Enzyme-catalyzed reactions can often be driven backward if the concentration of product is
greater than at equilibrium, making ∆G favor the back reaction rather than the forward reaction. The final products of the Na+/K+ ATPase forward reaction are: high sodium outside of the
cell, high potassium in the cell, and ATP hydrolyzed to ADP and Pi. The conditions that will favor ATP formation are those in which the Na+ concentration is higher than normal outside the
vesicle (driving Na+ into the cell) and K+ concentration is higher than normal inside the vesicle
(driving K+ out of the cell), with linked production of ATP.
A: No. The ATPase activity will be on the interior of the vesicle since it will reside on the cytoplasmic side of the Na+/K+ ATPase. ATP in the interior cannot serve as a substrate to make more
ATP.
C: No. This would drive the forward reaction.
D: Yes. If K+ flows out of the cell and Na+ flows in, this will drive the Na+/K+ ATPase backward and
produce ATP.

5.

B
A, C, & D: No, none of these tissue types has an unusually large requirement for generation of a
transmembrane membrane potential.
B: Yes. The requirement of nervous tissue to generate and conduct action potentials necessitates
increased Na+/K+ ATPase activity (increased numbers of pumps) to maintain membrane potentials. The passage notes that excitable tissues (i.e., nerves and muscle) may dedicate up to 70% of
their energy to the ATPase.

6.

A
A: Yes. The Na+/K+ ATPase is very specific for pumping sodium out.
B: No. The fact that other ions can substitute for potassium suggests the external binding site is not
specific.
C: No. If this were the case, the pump would not be able to function at all in the presence of these
ions, but we know it can pump them into the cell and continue working (we have no reason to
suspect it quits working).
D: No. Cellular pumps are generally very specific about which ions they carry. The fact that the
external site is not specific is unusual.

7.

A
A: Yes. ΔG and equilibrium are related functions. If ΔG is negative, then the reaction will move
forward toward equilibrium spontaneously. Coupling ATP hydrolysis to a reaction alters the
overall ΔG and will also change equilibrium.
B & C: No. It is not possible to alter either equilibrium or ΔG without changing both.

D
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8.

C
Item I: False. The pump has distinctly different intracellular and extracellular portions. Since there
is only a single pump in the artificial membrane, the ATP hydrolyzing side of the pump will be
located on one side only.
Item II: False. The side where ATP hydrolysis occurred would be equivalent to the intracellular side,
where potassium would accumulate.
Item III: True. Sodium would accumulate on the side equivalent to the extracellular surface, that is,
the side opposite that where ATP hydrolysis occurred.

Passage 44
1.

A
A: Yes. All other things being equal, since the same section of membrane is measured in all three
experiments, the difference between A and B is that ion channels are open more frequently in B
than A. The net flux of ions will be greater in B than in A.
B. No. We do not know the type of ion channels that are opening or the effect on transmembrane
potential.
C: No. It is the same section of membrane in both experiments, so it will have the same number of
channels. It is changes in the frequency of ion movement that are measured (the horizontal axis
in the figures is the time axis).
D: No. We do not know the type of ion channels that are opening.

2.

C
Item I: True. The net flux is related to the concentration gradient across the membrane. Increasing
the concentration of potassium from 10 mM to 11 mM will increase the concentration gradient
and therefore increase the net flux.
Item II: False. If the concentration is increased equally on both sides of the membrane, then the concentration gradient is not changed, and the net flux will not change.
Item III: True. The more leak channels that are present, the more ions that will diffuse across the
membrane per unit of time.

3.

C
A: No. The concentration gradient drives chloride movement into the cell, so when chloride channels open, the chloride concentration in the cytoplasm increases.
B: No. There is no information given about expression of the receptor gene.
C: Yes. When chloride enters the postsynaptic cell, relative to the extracellular environment, and is
therefore hyperpolarized.
D. No. There is no reason to believe that ion flux across the presynaptic membrane will change at all.

4.

C
A: No. Just the opposite—they are highly polar; see C.
B: No. Once a channel is open, ion flux is predictably determined by this factor and also by potential differences.
C: Yes. The interior of the lipid bilayer is formed by the hydrophobic tails of membrane phospholipids. It is an excellent barrier to hydrophilic substances any larger than water. Remember that
though K+ (for example) is only a single atom, in aqueous solution it carries with it a huge solvation shell of H2O molecules.
D: No. Net ion flux is a measure of ion movement, not a predictor of it.
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5.

B
A: No. Diffusion is the flow of molecules down a concentration gradient, but simple diffusion is
not a protein-mediated event. Without the involvement of a protein as an ion channel, sodium
ions cannot diffuse through a bilayer membrane.
B: Yes. Facilitated diffusion is the flow of molecules down a concentration gradient, with the assistance of a protein such as an ion channel.
C: No. Osmosis is the flow of water to equalize a difference in solute concentration, not the net
movement of solute across a membrane.
D: No. Active transport is movement against a gradient, not with it, and requires ATP hydrolysis.

6.

D
A: No. Active transport is powered by the hydrolysis of ATP. ATP in turn is derived from oxidative
phosphorylation, which requires oxygen uptake. So the relationship would be direct, not inverse.
B: No. Proteins are involved in facilitated diffusion as well as active transport.
C: No. This would be most consistent with a freely permeable membrane and passive diffusion.
D: Yes. Chemical energy is transferred directly from ATP to membrane carrier proteins during active transport, so a correlation with ATP hydrolysis would be good evidence of active transport.

7.

A
A: Yes. The fact that the intracellular concentration approaches the extracellular concentration suggests that the membrane of the cell is permeable to Substance X.
B: No. The cell may be regulating Substance X transport, but this cannot be determined from the
information given.
C: No. This is stated backwards. Influx is rapid at first, and then slows as the concentration gradient lessens.
D: No. A simpler explanation is that equilibrium is reached between the inside and outside of the
cell.

8.

B
A: No. Varying the fatty acids in phospholipids and the quantity of cholesterol will vary membrane fluidity, but the membrane will remain very hydrophobic in the interior and impermeable
to sodium ions.
B: Yes. The most likely explanation out of those presented is that the neuron lacks functional receptors for acetylcholine and so does not respond to acetylcholine by opening sodium channels.
C: No. Acetylcholine in the cytoplasm has no effect. Acetylcholine must be in the extracellular
fluid to bind to its receptor and cause ion channels to open.
D: No. This is true for all cells in the body due to the activity of the Na+/K+ ATPase.

Passage 45
1.
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B
B: Yes. The RMP is created by the outward diffusion of potassium down its concentration gradient. If K+ is added to the extracellular fluid, this gradient will be decreased, and thus so will the
RMP.
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2.

D
A, B, & C: No. The passage states that the Nernst equation only applies when the membrane is permeable to the ion in question. The giant squid axon is impermeable to sodium.
D: Yes. The Nernst equation is only applicable when the membrane is permeable to the ion in question—it can’t be used here, since the membrane is impermeable to sodium, and there are no
resting channels for this ion. Normally the nerve cell membrane is permeable to potassium due
to specialized channels, and it is potassium’s efflux through these channels which creates the
RMP. If they are blocked, the only significant source of a transmembrane potential would be
the electrogenicity of the ATPase. This refers to the fact that the pump exports 3 Na+ for every 2
K+ it imports; this results in a negative charge inside the cell relative to outside (same polarity as
the RMP). Remember, though, that this is not the major source of the RMP−K+ efflux through
channels is.

3.

B
B: Yes. The many open K+ channels at the end of the action potential have two effects relevant to
future action potentials. First, they cause a transient hyperpolarization (more negative membrane potential), as stated in the passage. This means that a greater Na+ influx will be necessary
to reach threshold. Second, they increase the K+ conductance (permeability), so that any Na+
influx which occurs is more easily counterbalanced than in the resting state. This means that
a greater depolarization will be necessary to cause an action potential; that is, the threshold is
raised (made less negative, further from the resting voltage). The overall result is known as the
relative refractory period (RRP), in which the membrane can have an action potential, but only
in response to a much greater depolarization than normal. In contrast, the absolute refractory
period (ARP) is during an action potential, when a new action potential cannot be elicited, no
matter how large the stimulus. The ARP occurs for the simple reason that all the membrane’s
fast Na+ channels are already open during the spike, and also because when the fast channels
close at the end of the spike, they become stuck shut for a short time.
C: No. See B. An action potential could still occur.
D: No. The threshold becomes less negative (see B).

4.

A
A: Yes. Decreasing [K+]outside will increase the RMP (more negative) by causing a greater concentration-driven efflux of potassium. Hence a greater depolarization will be necessary to trigger the
voltage-sensitive sodium fast channels.

5.

B
Item I: False.
Item II: True. Both electrical- and concentration-driven forces drive sodium into the cell. The Na+/K+
ATPase has pumped sodium out of the cell (creating the concentration gradient), and the negative RMP tends to draw positive ions into the cell.
Item III: False. Concentration gradients tend to drive K+ out of the cell, because it is pumped in by
the Na+/K+ ATPase. It is true that electrical gradients tend to drive K+ into the cell. This is explained on the latter half of the second paragraph of the passage.
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6.

B
Item I: False. The membrane is fully permeable to K+, with many leak channels.
Item II: True. The passage directly explains that the RMP is less negative than predicted “because
of the presence of a slight permeability to sodium.” You should know that an ion like Na+ could
never cross the membrane without a channel or transporter, that the membrane itself is 100%
impermeable to sodium.
Item III: False. The ATPase is electrogenic, because it pumps 3 Na+ out for every 2 K+ it pumps in.
But this would tend to increase the negativity of the RMP, not make it less negative.

7.

A
A: Yes. Myelin, which consists of Schwann cell membranes, prevents an action potential from occurring within a segment of an axon. As a result, the action potential must leap from one node
of Ranvier to the next. There is no myelin at the nodes, so depolarization can occur there. This
jumping process is known as saltatory conduction, and it greatly increases the action potential
propagation rate.
B: No. Myelin blocks depolarization in segments only, and conduction in myelinated axons is always saltatory.
C: No. They are concentrated at the nodes of Ranvier.
D: No. Dendrites do this. Axons conduct away from the soma (nerve cell body).

8.

A
Item I: True. Facilitated diffusion involves transport proteins. The two kinds of facilitated diffusion known to exist are mediated by: 1) channels and 2) specialized carrier molecules (such as
symports).
Item II: False. This refers to the movement of a substance down a gradient without the involvement
of a protein.
Item III: False. It does take energy to produce the Na+ gradient, but the movement of sodium down
its gradient is not active transport.

Passage 46
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1.

C

Conduction in myelinated nerves only occurs at the nodes of Ranvier, which are areas devoid
of myelin. Regions of axon that are normally covered in myelin have few to no sodium channels, so when these regions lose their myelin, they are unable to propagate an action potential.
Myelin does not affect the opening of sodium channels (choice A is wrong), the timing of the
refractory period (choice B is wrong), or action potential threshold (choice D is wrong).

2.

D

Slowed conduction implies that conduction still occurs. Thus, a person would maintain sensory
and motor function, although they would be weaker (choices A and C are wrong). However,
since the impulses traveling through that nerve are delayed compared to impulses traveling
through undamaged nerves, the brain has trouble interpreting the late sensory data and the person has an alteration in sensation. This is known as paresthesia. Note that pain sensations would
be altered as well, making choice B too specific of an answer. Affected individuals might well be
hyposensitive to painful stimuli.

© The Princeton Review, Inc.
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3.

B

Because GBS responds to plasmapheresis, this suggests that GBS is caused by an antibody to
myelin (which then signals macrophages to attack the myelin sheaths). Remember that T-cells
attack directly; B-cells secrete antibodies (choice A is wrong). The passage states that C. jejuni is
a common infection, but GBS is not very common (4000 cases/year in the U.S.). That implies
that only certain strains of C. jejuni contain an epitope which is also found in human myelin
(choice C is wrong).

4.

A

Although B and C are both true, they do not explain why GBS affects peripheral but not central nerves. The passage states that GBS results from an immunologic attack on nerves (it is not
caused by bacteria, so B is not the answer). C is true, but since the target in GBS is myelin, one
would then expect to see more involvement of the CNS. D is a false statement.

5.

D

Item I is false. Although an action potential will take longer to traverse a longer neuron, the
length of the axon does not affect the velocity of the impulse. Item II is true; the velocity of an
action potential is directly proportional to the diameter of the axon. Item III is also true; nerve
impulses travel much faster in myelinated axons due to saltatory conduction.

6.

C

A single action potential at a synapse does not cause the release of enough neurotransmitter to
bring the postsynaptic cell to threshold. This requires the summed effect of several action potentials in a short period of time; EPSPs from each action potential will build on one another until
threshold is reached in the postsynaptic cell. If conduction were slowed, action potentials would
arrive less frequently at the synapse, preventing the EPSPs from building up to threshold. Action potentials are “all or nothing”—nerve cells depolarize to about +30 mV with every action
potential (choice A is wrong). The speed of the action potential does not affect the refractory period; also, the question states that action potentials were being transmitted (choice B is wrong).
Neurons release only one category of neurotransmitters (choice D is wrong).

7.

D

Although all of these findings have actually been made, only D directly supports our scientist’s
hypothesis. The passage states that macrophages phagocytose the myelin sheaths, but remember
that macrophages need a signal to know where to attack. That signal probably comes from the
attachment of anti-myelin antibodies to the myelin sheath. Choice A only indirectly supports
the hypothesis by showing that IVIG does not lead to destruction of anti-myelin antibodies.
Choice B suggests that administering IVIG leads to destruction of anti-myelin antibodies (a
different mechanism than our scientist suggested). Choice C concerns T-cells, which do not
produce antibodies.

8.

B

After the cell has been depolarized, voltage-gated K+ channels open. This allows the efflux of potassium, thereby repolarizing the cell. Calcium, not potassium, facilitates release of neurotransmitter molecules at the synaptic cleft (choice A is wrong). The influx of sodium ions is responsible for the initial depolarization of the cell from its resting membrane potential (choice C is
wrong). The total inhibition of further action potentials is due to the absolute refractory period,
which is a property of the voltage-gated sodium channels, and which is not affected by potassium (choice D is wrong).
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Passage 47
1.

A

When hormone binds to receptor, Gs α releases GDP and binds GTP. As long as it has GTP
bound, it stimulates adenylate cyclase activity to produce cAMP (supporting choice A and eliminating choice B). Adenylate cyclase does not interact with receptor directly (so choice C is
wrong), and the G protein does not catalyze cAMP production (so choice D is wrong).

2.

C

The breakdown of glycogen will release glucose. This is likely to occur to supply glucose when
blood glucose is low. Since parathyroid hormone is unrelated to glucose metabolism, choice A is
wrong. Choice B is wrong since insulin acts to decrease, not increase blood glucose, and choice
D is wrong since glucocorticoids act on nuclear receptors, not cell-surface receptors, and act to
increase, not decrease blood glucose. The answer is C: Glucagon is a hormone secreted by the
pancreas in response to low blood glucose, which increases glucose levels.

3.

C

It is stated in the passage that IP3 acts to release calcium from the sarcoplasmic reticulum in
smooth muscle cells.

4.

A

The passage states that calcium and cAMP exert their effects through inducing conformational
changes in proteins to which they are bound. Allostery is the propagation of conformational
changes through a protein’s structure to more distant parts of the protein; thus, A is the answer.
Choice B is wrong because the question asks how protein activity is increased, not decreased.
Choice C is incorrect since calcium and cAMP are not themselves enzymes and cannot hydrolyze proteins, and choice D can be eliminated because only calcium binds to calmodulin, and
the specifics of this interaction are not given.

5.

D

ACTH stimulates the adrenal cortex to produce cortisol and aldosterone.

Passage 48
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1.

C

CRF and ACTH secretion are associated with stress. Choices A and B are stressful conditions
which would lead to increased secretion of these hormones. In choice D, there would be no cortisol present, and in the absence of feedback inhibition, CRF and ACTH levels would be very
high. Thus, the answer is choice C: High levels of cortisol would be present in the blood and
would repress CRF and ACTH secretion by feedback inhibition.

2.

D

Cortisol tends to protect against stress in several ways, including inflammation (eliminating A),
increasing the energy available for action and tissue repair (eliminating B), and decreasing the
sensitivity to pain (eliminating C). Choice D is correct since cortisol is a response to stress and
does not decrease the response to stress.

3.

B

The site of ACTH action is the adrenal gland, to increase secretion of the adrenal hormones,
supporting choice B and eliminating C. Choices A and D are incorrect because ACTH is not itself directly responsible for any of the metabolic effects associated with stress and corticosteroids.

4.

C

Choices A, B, and D are all effects of cortisol. High levels of corticosteroids reduce inflammation. The tissue damage of arthritis is associated with chronic inflammation, and is reduced, not
increased, by corticosteroids.
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5.

A

Cortisol is a steroid hormone. Hormones of this class act by binding to intracellular receptors
which regulate gene transcription in the nucleus.

6.

D

Choices A and B can be eliminated because it is cortisol secretion, not ACTH secretion, that
must be explained (besides, they’re both false statements). Choice C is wrong because it also
does not address the changes in cortisol secretion. Choice D is correct: If the shock causes the
hypothalamus to increase CRF secretion, then cortisol secretion will increase and then decrease
again once the shock is removed.

Passage 49
1.

D

The adrenal glands produce aldosterone and cortisol in the cortex and epinephrine in the medulla. Aldosterone regulates the retention of salt and water in the kidney, acting to increase extracellular fluid volume and blood pressure, eliminating choices A and C. Cortisol induces gluconeogenesis and glycogen formation in the liver, thus eliminating B. The answer is D: Plasma
calcium is regulated by parathyroid hormone from the parathyroid gland, by vitamin D, and by
calcitonin from the thyroid gland.

2.

A

The sham is a control to ensure that any changes observed are due to the removal of a specific
organ and not to the act of surgery itself.

3.

B

Steroid hormones passively diffuse through the plasma membrane to bind to receptors located
in the cytoplasm and nucleus, which can subsequently regulate transcription of specific genes
through binding to DNA in promoter and enhancer regions.

4.

B

The site of action for aldosterone is the kidney. In this tissue, it will concentrate in the nuclei of
target cells, due to the mechanism of action for this hormone.

5.

C

Potassium, ACTH, and the renin–angiotensin system are all key players in the regulation of
water balance and salt resorption, and all influence aldosterone secretion either directly or indirectly. Aldosterone and serum glucose are unrelated, however.

6.

A

The adrenal glands make cortisol in response to ACTH from the pituitary. In normal regulation, this cortisol represses ACTH (feedback inhibition). In the absence of the adrenal gland,
cortisol levels will fall rapidly, and ACTH will increase due to the lack of feedback inhibition by
cortisol in the plasma.

7.

D

The anterior pituitary secretes ACTH, which induces secretion of aldosterone and cortisol. Injection of anterior pituitary extract will include ACTH, which will induce aldosterone and cortisol secretion by the adrenal cortex; this eliminates A and B. The elevated cortisol secretion
caused by ACTH will in turn feed back to inhibit the secretion of additional ACTH, so C is
eliminated. Epinephrine and norepinephrine are secreted by the adrenal medulla in response to
stimulation by the sympathetic nervous system and will not be greatly influenced by hormones
from the anterior pituitary. Thus, choice D is the correct response here.
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Passsage 50
1.

C

Choices A and B are true statements, but they do not explain the convulsions observed. (In fact,
B would imply that decreased extracellular calcium would decrease muscle contraction.) Choice
D is not true, as the data in the table show. The answer must be C. Convulsions are caused by
uncontrolled stimulation of skeletal muscle by motor neurons. If the extracellular calcium levels
increase sodium permeability in neurons, then more sodium will enter the cell, depolarizing the
membrane and causing uncontrolled action potentials.

2.

B

Statement I is false: None of the animals received no injection (this would not make a good
control even if they were treated in this manner). Statement II is true: A good control has everything identical to the test animals, except for the key variable being tested. And Statement III
is false: Hormone X was indeed measured in at least some of the animals, but this was not the
control. It was a parameter that was being studied.

3.

C

Hormone X secretion appears to increase in response to increased plasma calcium. Calcitonin
is a hormone secreted by the thyroid gland which acts to decrease plasma calcium, and whose
secretion is increased by elevated plasma calcium.

4.

B

In the absence of parathyroid hormone, plasma calcium drops and hypocalcemia results. The
hypocalcemia in a person with complete absence of PTH would probably be severe, resulting
in convulsions and tetany as described in the first paragraph of the passage. Respiration requires properly functioning nervous stimulation and muscle function, and would be impaired
by convulsions.

5.

C

This information is read from the table, with either parathyroid hormone extract or PTH itself.

6.

D

There is no information provided which suggests that the liver regulates plasma calcium, thus
eliminating choices A and B. Parathyroid hormone increases, not decreases, plasma calcium,
and this in turn increases Hormone X production (supporting choice D and eliminating C).

7.

D

PTH increases calcium, decreases phosphate, and indirectly increases Hormone X secretion. In
the absence of PTH, the opposite of these effects can be expected to occur.

Passage 51
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1.

C
Items I & II: True. It follows that if the negative feedback of cortisol release from the adrenal gland
is eliminated, the hypothalamus and the pituitary will release their respective hormones in maximal amounts.
Item III: False. The adrenals are the site of cortisol synthesis; their destruction will cause a decrease
in cortisol.

2.

A
A:
B:
C:
D:

© The Princeton Review, Inc.

Yes. The passage directly states that the most common cause of Cushing’s disease is a prescription.
No. The adrenals do not make ACTH.
No. Inflammation is treated with corticosteroids; it is not the cause of their elevation.
No. This would cause a deficiency of cortisol.

Biology Solutions

3.

C
A: No. The question states that the proteolytic enzymes used are known to fragment ACTH.
B: No. ACTH is secreted directly into the bloodstream by the pituitary, not eaten!
C: Yes. ACTH must have a portion that is biologically active and will exert its biological effects
when cleaved from the larger molecule.
D: No. Protein hormones such as ACTH exert their effects by way of a cell-surface second messenger system; they are not cofactors, which act in concert with enzymes within cells.

4.

B
Item I: True. An adenoma is a benign hyperproliferation of cells. Too many ACTH-producing cells
lead to too much ACTH.
Item II: False. If the cell didn’t respond to CRF, it would release less ACTH.
Item III: True. According to the passage, pituitary tumors may fail to respond normally to negative
feedback.

5.

B
A: No. A substrate with greater affinity for all receptors may be more efficacious, but would not
reduce side effects. Rather, it would likely increase them.
B: Yes. If the receptors differed, then the modified hormones would fit some receptors well and
others poorly. Thus, the ideal drug would fit desired receptors tightly, and the receptors of cells
that produce side effects poorly, relative to cortisol itself.
C: No. The negative-feedback loops of normal physiology constitute the ideal dosing mechanism,
because drug dose is determined directly by drug level.
D: No. This would reduce both efficacy and side effects.

6.

D
A: No. Because it does not have a central role in the regulation of the immune response, inhibiting the macrophage would not be efficacious in the treatment of so wide a variety of immune disorders. Recall that the macrophage is a key phagocyte and is also important in antigen
presentation.
B: No. The neutrophil is a key player in the inflammatory response and is an essential phagocyte.
However, as noted regarding the macrophage, it does not have so central a role in the immune
response that its inhibition could explain such a wide range of treatment efficacies.
C: No. Inhibiting B cells would not block cell-mediated immunity, which is carried out by T cells.
D: Yes. Via the production of interleukins and other chemicals, the T cell is the central player in
the regulation of the immune response. Inhibiting the T cell is the quickest way to knock out
the entire immune system: both the humoral and cell-mediated responses (as in AIDS).

7.

D
Item I: False. The negative feedback of increased cortisol on the pituitary would oppose stimulation
by CRF.
Item II: True. Refer to the diagram and follow ACTH down to cortisol. You can see that as long as
there is a high level of ACTH, no other factor illustrated here can shut down cortisol production.
Item III: True. This can be inferred by following the negative-feedback loops from the adrenal gland
to the hypothalamus and pituitary.
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8.

C
A, B, & D: No, these cannot be inferred from the information provided.
C: Yes. The annotation to the diagram states that the superior hypophysial artery supplies the hypophysial portal system. You must come to the conclusion that since cortisol is released into the
general circulatory system (“systemic vascular supply”), it must get back to the ACTH producing cells via this route.

Passage 52
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1.

B
A: No. This occurs in the absence of insulin signaling.
B: Yes. This is just what it does. Insulin is a peptide hormone which binds to a cell-surface receptor,
leading to changes in the activity of cytoplasmic proteins. For example, the enzyme responsible for glycogen synthesis is activated, and the enzyme responsible for glycogen degradation is
inhibited.
C: No. Insulin is normally released when blood sugar is elevated. It functions to lower blood sugar
by promoting glucose uptake and storage. It promotes glycogen synthesis and inhibits glycogen
breakdown.
D: No, just the opposite. As illustrated by the description of diabetes in the passage, insulin is necessary for the uptake of glucose into cells, not the opposite.

2.

D
A: No. “Peripheral neuropathy” refers to problems with peripheral nerves (see third paragraph of
passage). It can cause incontinence (loss of control of the time and place of urination), but not
polyuria (increased urine volume).
B: No. The polyphagia of diabetics results from two factors: the loss of so much glucose in the
urine, and the intracellular glucose deficit resulting from absence of insulin’s effects.
C: No. Hyperglycemia causes glucose to be lost in urine. The glucose loss in urine in turn causes
polyuria.
D: Yes. The excess blood glucose overwhelms the proximal tubule’s ability to resorb glucose from
the urine. The resulting high urinary glucose concentration (glucosuria) draws excess water into
the renal tubules by osmosis.

3.

B
A: No. The β cells in the pancreas produce insulin. Destruction of these would cause diabetes.
B: Yes. Protein glycosylation is caused by diabetes. Antibodies to these could not cause diabetes.
C & D: No. Antibodies to insulin or its receptor could be causes of diabetes since these would block
insulin signaling.

4.

B
Item I: False. Insulin does just the opposite; it inhibits glycogen breakdown and promotes glycogen
synthesis. Thus, blood glucose is stored as glycogen.
Item II: True. Insulin is secreted when there is plenty of glucose and causes this glucose to be stored
as glycogen and fat.
Item III: False. Since insulin is secreted when there is plenty of glucose, it would be a useless positivefeedback loop for it to cause glucose synthesis. It actually inhibits gluconeogenesis while promoting glycogen synthesis.
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5.

A
A: Yes. Blood from the pancreas drains into the liver via the hepatic portal circulation (this is the
system of veins which carries nutrients and hormones from the digestive tract and pancreas to
the liver for processing). The liver is normally exposed to concentrations of insulin which are
3 to 10 times greater than those in peripheral tissues. Hence it is thought that insulin injected
near the skin might have a smaller effect on the liver and a greater effect on the rest of the body
than endogenously synthesized insulin.
B: No. Insulin is secreted into blood, not the GI tract.
C: No. This is the system of small blood vessels which carries hypothalamic releasing and inhibiting factors to the anterior pituitary.
D: No; see A. Blood from the GI tract does eventually end up in the inferior vena cava, but only
after passing through the liver.

6.

D
Item I: False. The whole problem with diabetes is that insulin is not functioning.
Item II: True. Glucagon is the hormone of hunger. It does the opposite of nearly everything insulin
does. For example, in the liver it stimulates glycogen breakdown and release of glucose into the
bloodstream.
Item III: True. Epinephrine also stimulates glycogen breakdown in the liver. It helps to increase
blood glucose during the sympathetic “fight or flight” response.
Item IV: True. Glucocorticoids stimulate gluconeogenesis. Cortisol actually causes muscle protein to
be broken down and made into glucose in the liver. Muscle wasting and obesity result.

7.

C
A: No. Ketone bodies are a result of diabetes, not the cause of it.
B: No; see A.
C: Yes. In IDDM, the β cells are destroyed, so no insulin is present. In NIDDM, insulin is made
but does not have the effects it should. Destroying insulin receptors would mimic this response.
D: No; see C.

8.

D
A: No. This is not true, and more importantly, there is nothing in the passage which suggests that
it is true.
B: No. Because insulin is a polypeptide, it is easily digested by the digestive tract. Hence, it must
be injected and cannot be taken orally.
C: No. IDDM is generally caused by antibodies to the β cells of the pancreatic islets of Langerhans.
Loss of these cells cannot be corrected (yet).
D: Yes. It is easy to control the extreme hyperglycemia of IDDM because the body responds normally to injected insulin. There’s nothing wrong with the insulin receptor, just a failure of the
pancreas to make insulin.
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1.

B

Thyroid hormone increases the rate of overall metabolism in many different ways, including an
increased rate of glycolysis, the Krebs cycle, and oxidative phosphorylation; choice B is the correct response. An increased metabolic rate increases the need for nutrients and oxygen by the
tissues (choice C is true and eliminated); the heart rate increases to keep up with these needs
(eliminating choice A). The increased metabolic rate also increases the need for certain enzymes
involved in producing energy and the cofactors these enzymes use. Many cofactors are derived
from vitamins, leading to an increased need for certain vitamins (eliminating choice D).

2.

A

The question asks how it can be determined that the two forms of hormone produce the same
effect. Response B implies that they act differently, and C and D do not compare the two different forms. Choice A, however, describes an experiment comparing the two forms that results in
an identical response in muscle tissue.

3.

D

The radiolabel is used assuming that it will behave in a manner which is representative of the
unlabeled material. If it behaves differently, then the result observed does not indicate anything
about the endogenous hormone and would be meaningless. Choices A, B, and C are eliminated
since they describe results indicating ways that radiolabeled iodine might be different from nonlabeled iodine.

4.

B

As exogenous thyroid hormone is increased, this will repress endogenous hormone production
by feedback inhibition through the hypothalamus (TRH) and the anterior pituitary (TSH).
Thus, the more exogenous hormone that is added, the more endogenous hormone production
will decrease, until it reaches a low constant level that cannot be repressed further.

5.

B

Group B increases the amount of thyroxine more rapidly than Group A. If feedback inhibition
were very rapid, occurring within hours, then the final result (amount of endogenous thyroxine
secreted) should be the same for both groups. However, if feedback inhibition requires several
days to occur, then Group B may reach a higher level of exogenous hormone administration before endogenous hormone is fully affected by feedback inhibition. Choice A is wrong since the
animals all came from the same batch of clonal rats, and choice C is wrong because feedback
inhibition, not positive feedback, regulates thyroxine production. Choice D is incorrect since
plasma thyroxine regulates thyroxine secretion through feedback regulation by the hypothalamus (TRH) and the anterior pituitary (TSH).

6.

B

Choice B is correct because the anterior pituitary produces TSH, which stimulates thyroxine
production. A is wrong because the parathyroid gland is irrelevant to pituitary action, choice C
is wrong because TSH can travel through the systemic circulation to reach the thyroid gland,
and D is wrong because the posterior pituitary is distinct in its functions and cannot substitute
for the anterior pituitary.

7.

C

The muscle fiber will be better able to contract with more ATP available, so C is the answer.
Choice A is incorrect since calcium release plays a key role in muscle contraction, relieving the
inhibition of myosin binding to actin, so decreasing calcium would decrease, not increase the
force of contraction. Choice B is eliminated because decreasing actin–myosin binding would
also reduce the force of contraction (since this is where contractile force is generated). And D is
wrong because skeletal muscle does not express voltage-gated calcium channels on the motorend plate.
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8.

A

Thyroxine stimulates the basic metabolic rate. People exposed to severe cold (choice A) generally have elevated basal metabolism to generate increased heat, and thus have elevated levels of
thyroxine. As for choices B, C, and D, none of these will elevate the rate of thyroid secretion.

9.

C

Choice C is correct since increased expression of pyruvate dehydrogenase indicates increased
Krebs cycle activity and energy production. Choices A and D can be eliminated since there is
no apparent relation between increased metabolic rate and myelin or calcium depletion, and
B is wrong because ribosomal RNA production (along with other biosynthetic components)
would be expected to increase.

10.

B

Choice B is correct since decreased affinity of hemoglobin for oxygen would cause hemoglobin
to be less saturated at a given oxygen pressure; this shifts the O2-Hb saturation curve to the
right. (Note: Choice C is wrong because the sigmoidal shape of the curve is due to cooperative
binding of oxygen, and there is no reason to believe that binding will cease to be cooperative.)

Passage 54
1.

D

Antibodies against viral antigens will protect against viral infection, while live virus carries a
risk of causing the disease.

2.

A

The passage describes the difficulty in developing effective vaccines due to the propensity of the
virus to mutate surface antigens to escape immune detection, so choice A is correct. Nothing
similar to B, C, or D is true or hinted at in the passage.

3.

C

Vaccines provide protection by stimulating specific clones of immune cells that recognize antigen to proliferate. B cells which respond against a vaccine will proliferate and provide protection
against future infection by the same virus.

4.

C

Choice A is wrong because H antigen is a protein composed of amino acid residues. Choice B
is wrong because mRNA for viral or cellular proteins will be translated in the same way, since
the virus must utilize cellular machinery for translation. Choice D is wrong because fats are not
encoded by DNA, only proteins. Thus, only choice C is a viable option (although this statement
would be true of any translated protein, not just this specific viral antigen).

5.

A

The passage states that H antigen is required for a virus to attach itself to susceptible cells, such
as those of the respiratory tract lining. Note that the N antigen is also required for the spread
of the virus, but choice B states that the N antigen is expressed on the capsid, while the passage
states that the virus is enveloped.

Passage 55
1.

B

Choice B is the answer because viscosity is caused by interactions between cells, which are very
orderly in the capillaries (thereby reducing viscosity). Choice A is wrong because it would increase viscosity (and does not apply to capillaries), and C and D can be eliminated because they
suggest that hematocrit varies with the vessel size, which is not true. Hematocrit reflects the
number of red blood cells per unit volume of blood, which is constant in an individual throughout their circulatory system.
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2.

D

As velocity decreases, viscosity increases (and vice versa). The velocity in vessels larger than capillaries (that is, greater than 1.5 mm in diameter) is very slow, without the orderly flow found in
capillaries, thus corresponding to a rise in viscosity. No information is presented linking pressure with viscosity, eliminating choices A and B.

3.

B

A low hematocrit indicates fewer than normal red blood cells in blood. Red blood cells
contain hemoglobin, which carries oxygen in blood, so a low hematocrit indicates poor
oxygen-carrying capacity in blood.

4.

C

With greater than normal red blood cells, there will be more than normal hemoglobin and
greater than normal oxygen-carrying capacity (eliminating choices B and D). The blood will
also be more viscous (eliminating choice A) since it has more cells per volume.

5.

D

With just plasma used to replace whole blood, the red blood cells in circulation will be more
diluted, producing a lower red cell count and a lower hematocrit.

Passage 56
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1.

B
A: No. It is true that an increase in the number of mitochondria occurs with training.
B: Yes. This is false, making it the correct answer. Changes in Hb’s affinity for O2 occur rapidly as
Hb moves from muscle to lung and back. Hb does not change over a period of days to weeks.
Besides, increasing Hb’s affinity for O2 would keep the O2 in the blood (decrease unloading),
thus decreasing the DA-Vo2.
C: No. This is true. More lactate would be produced in a large muscle than in a small muscle as the
oxygen demand increased. Hb unloads O2 more readily as pH is lowered. Thus, blood would be
cleared of O2 more rapidly in a large muscle.
D: No. This is true. Increased muscle capillary density does occur with training, and results in a
shorter diffusion distance between the circulation and muscle, therefore allowing muscle to extract oxygen more efficiently.

2.

D
A: No. Although blood pressure is relatively low in the capillaries, it is not that low, or it would
never circulate all the way back to the heart!
B: No. Blood pressure in the arteries is high, as it has just left the heart and has to travel through
most of the circulatory system before returning.
C: No. Blood leaves the aorta on its way to the systemic circulation, and is thus at its highest
pressure.
D: Yes. Blood from the systemic circulation enters the heart through the right atrium, and at this
point its pressure is near 0 mmHg.

3.

A
A: Yes. Remember that blood pressure is normally stated as systolic pressure over diastolic.
C: No. This is the pressure before training (open symbols), not after (closed symbols).
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4.

C
A: No. This is an error in reading the graph. The graph clearly shows that the brain’s blood flow
remains constant at all times.
B: No. Reading the graph shows that the heart’s blood flow (and thus its level of activity) decreases
at submax work rate after training.
C: Yes. Regardless of training, the heart will have the greatest metabolic rate during exercise. Increased blood flow occurs in response to increased metabolic requirements. This is easily read
from the graph.
D: No. Vasoconstriction would result in decreased blood flow. The graph invalidates this choice.
Also, knowing that the higher metabolic demand of exercise requires more blood flow would tell
you this is false, without the graph. The fact is that the buildup of metabolic end products in the
heart is a signal for vasodilation; that is, autoregulation is the main regulator of coronary blood
flow.

5.

C
A:
B:
C:
D:

6.

D
Item I: True. Parasympathetic nerves to the SA node keep the heart rate slow when one is resting,
and sympathetic stimulation increases the heart rate.
Item II: True. Circulating hormones affect cardiac performance. The key example is epinephrine
from the adrenal gland, which increases cardiac output.
Item III True. Increased blood pressure makes it more difficult for the heart to eject its load of blood,
and decreased blood pressure impairs cardiac function when not enough blood is returned to
the pumping heart.

7.

C
A: No. We know from Figure 2 that systemic blood pressure increases with exercise, but in Figure
3 we see that brain blood flow remains constant during exercise. This is explained by autoregulatory vasoconstriction in the brain.
B: No. The paragraph above Figure 3 states that pressure and flow are directly proportional, and
Figure 3 shows a direct relation between pressure and coronary flow (we know pressure increases with exertion from Figure 2). The point is that pressure and flow are generally directly
proportional, but that flow may sometimes be constant even with increased pressure due to
autoregulation. Pressure and flow are never inversely proportional.
C: Yes. The brain blood flow does not increase, whereas other muscle blood flow must, indicating
that the brain vasculature is regulated differently.
D: No. Figure 3 shows that coronary flow increases as systemic blood pressure increases.

No. The right atrium receives blood from the systemic circulation.
No. The left atrium receives oxygenated blood from the lungs.
Yes. The right side of the heart drives the pulmonary circulation.
No. The left ventricle pushes blood through the aorta to the systemic circulation.
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8.

A
A: Yes. The blood pressure between heartbeats is the diastolic pressure. Figure 2 shows that this
changes much less during exercise that the systolic pressure, which is the pressure during and
immediately after the heartbeat.
B: No. Figure 2 shows that the highest blood pressure reached during exercise does not change as
much after training as does the resting systolic pressure (the “Max” triangles are closer together
than the “Rest” triangles).
C: No. The passage does not give any information about this, except where it indicates that brain
blood flow remains constant regardless of systemic blood pressure; this would suggest, if anything, that brain blood flow does not change during sleep.
D: No. There is no information supporting this.

Passage 57
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1.

B

Colloid is used to increase the osmotic draw of the intravascular space. The large molecules
are unable to diffuse out of the blood vessels, unlike the small, ionic sodium and chloride molecules which rapidly equilibrate. Choice A is incorrect; if the crystalloid solution had a higher
osmolality than the colloid, it would be more effective at drawing water into the blood vessels
and raising blood pressure. Choices C and D are both false statements; sodium and chloride are
components of blood and colloid molecules do not activate the sympathetic nervous system.

2.

C

According to the passage, neurogenic shock is caused by an injury to the sympathetic nervous
system. It is safe to assume the injury would lead to malfunction of this system, thus a loss of
sympathetic tone, which results in vasodilation (leading to low blood pressure) and a slow heart
rate (due to overriding parasympathetic tone). Statement III is true. Cardiogenic and hypovolemic shock are characterized by low blood pressure along with an increase in heart rate, since loss
of sympathetic function does not occur in these instances. Statements I and II are false.

3.

A

The catheter is introduced into the venous system and passes through the right side of the heart
en route to the pulmonary vasculature. The tricuspid valve separates the right atrium from the
right ventricle, and the pulmonic valve leads from the right ventricle to the pulmonary artery.
The catheter does not enter the left side of the heart. Since the mitral and aortic valves are on the
left side of the heart, choices B, C, and D are wrong.

4.

D

Hb O2 saturation is only a good measure of hemoglobin O2 saturation. It tells us nothing of
how much O2 is actually reaching the tissues (choice A is wrong). Although knowing the oxygen content of a tissue sample would be useful, it is very invasive and would take a long time to
process (choice C is wrong). CVP is a useful measure of shock, but it is more invasive than simply measuring blood lactate levels (choice B is wrong). Remember that as cells become hypoxic,
they will switch to anaerobic metabolism and generate more lactic acid.

5.

D

The parasympathetic system does not innervate blood vessels and thus does not affect SVR
(choice A is wrong). If the heart moved less blood with each beat (i.e., the stroke volume decreased) or if the heart rate decreased, cardiac output would be reduced, not increased as is
described in the question (choices B and C are wrong). A systemic inflammatory response occurs in septic shock and causes dilation of almost all blood vessels, leading to very low blood
pressures.
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6.

A

This question stumps many a medical resident, “floating the swan” for the first time. It’s really
not that difficult, but the graphs can be confusing, especially in real time. You can answer the
question without Figure 1 if you think it through; the graph is of course in the order that the
catheter passes through the heart! Region A (choice D) is the right atrium. Region B (choice A)
is the right ventricle. Region C (choice C) is the pulmonary artery. Region D (choice B) is the
wedge tracing. Region B is the correct region because systolic pressures are high and diastolic
pressures are equivalent to CVP (right atrial pressure, Region A), as discussed in the passage. In
Region C, note that the diastolic pressure has risen due to elasticity of the pulmonary artery and
the fact that the pulmonic valve has closed. In Region D, the pressures are no longer pulsatile,
and the catheter has equilibrated with the return flow to the left side of the heart.

7.

B

If no blood is flowing past the balloon, then lung tissue just distal to the balloon is not receiving
blood supply and quickly becomes ischemic. LVEDP is the same as wedge pressure (as mentioned in the passage) so choice A is incorrect. CVP is measured in the right atrium. It is safe to
assume it is either measured before the wedge pressure (as the catheter passes through the right
atrium), or by a sensor proximal to the balloon (which in fact, it is). In either case, the balloon
need not be deflated to take this measurement (choice C is wrong). Choice D is incorrect because once the balloon is wedged, it cannot advance further. In fact, deflating the balloon sometimes causes the catheter to advance further. But to reach the left atrium, the catheter would
have to pass through the pulmonary capillary bed and it is much too large to do that.

8.

C

Equation 1 relates mean arterial pressure to cardiac output and SVR (total peripheral resistance).
The relationship is directly proportional; the equation can be rearranged so that this is more obvious (MAP = CO × SVR). Thus, changes in CO or SVR will result in corresponding changes
in mean arterial pressure. An increase in stroke volume would lead to an increase in cardiac
output (recall that CO = stroke volume × heart rate), and thus an increase in MAP (choice A is
true and eliminated). If this were accompanied by systemic vasoconstriction (in other words, an
increase in SVR) the pressure would rise even higher (choice D is true and eliminated). Similarly, an increase in heart rate would raise CO, and without a corresponding decrease in SVR,
MAP would increase (choice B is true and eliminated). A decrease in heart rate, however, would
decrease cardiac output and blood pressure. If this were accompanied by a proportional increase
in SVR, then MAP would remain unchanged (choice C is false and the correct answer choice).

Passage 58
1.

B
A: No. White blood cells escape blood vessels (using amoeboid motility), conduct their business in
the tissues, and can return to the blood circulation by lymphatic flow, stopping at lymph nodes
en route.
B: Yes. This is the correct choice here, because it is a false statement. The lymphatic system has no
role in the circulation of red blood cells. They do not escape blood vessels, because they are large
and lack the amoeboid motility of white blood cells.
C: No. The lymphatic system does maintain protein concentrations in the blood by returning
leaked proteins from the interstitium to the blood circulation (this is covered in the passage).
D: No. This is true; the lymphatic system does transport fats from the digestive tract to the circulatory system, in the form of chylomicrons.
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2.

D
Items I, II, & III: True. These facts are directly stated in the passage.

3.

D
A, B, & C: No. The tissue listed contain neither blood vessels nor lymph vessels. Other examples are
the crystalline lens of the eye and the innermost portions of the walls of large arteries.
D: Yes. Osteocytes and other bone cells require nourishment. Also, the bone marrow is the site of
synthesis of all the cells of the bloodstream.

4.

C
A: No. They managed to get out, so the impermeability must not be absolute.
B: No. Most plasma proteins are negatively charged, and charge would make no more sense than
size anyway (if it prevented them from getting in, wouldn’t it prevent them from getting out?).
C: Yes. Blood pressure is much higher than interstitial fluid pressure, and the concentration of
protein is also much higher in the blood. Hence, proteins tend to leak out of vessels and cannot
diffuse back in.
D: No. In fact, many proteins are returned to the circulation intact (via the lymphatic system).

5.

C
Item I: True. Increasing capillary hydrostatic pressure will tend to drive fluid out. (Edema is defined
in the last sentence of the passage.)
Item II: True. Increasing tissue osmotic pressure will tend to draw fluid out of the bloodstream. The
large osmotic gradient between the blood and the interstitial space is key for retention of fluid in
the vascular space. In the case of liver disease or protein deficiency, the concentration of plasma
proteins (i.e., albumin) falls and edema results. (Edema is defined in the last sentence of the
passage.)
Item III: False. As discussed in the passage, lymphatic valves are important in maintaining lymph
flow.

6.

D
Item I: True. As discussed in the passage, the thoracic duct drains the entire left side of the body.
Item II: True. Lymphatic capillaries are the starting point of lymph return to the blood.
Item III: False. The right lymphatic duct drains only the right shoulder area and the right side of the
head, as stated in the passage.

7.

D
A: No. Neither capillary type has muscle.
B: No. Neither capillary type transports proteins actively.
C: No. Flow is unidirectional in both types of capillary and is determined by the difference in pressure between upstream and downstream fluids. In the case of blood, upstream arterioles have
higher pressure than downstream venules. In the case of lymphatics, as discussed in the passage,
valves create a negative downstream pressure.
D: Yes. Lymphatic capillaries are more permeable. They are “meant” to uptake proteins, whereas
blood capillaries were “designed” to retain proteins.
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8.

B
A: No. The lymphatic system returns intact proteins to the bloodstream.
B: Yes. The lymph nodes are the place where antigen sampling and the early stages of the immune
response occur.
C: No. This is the function of lymphatic valves, as discussed in the passage.
D: No. Though the lymphatic system does indeed transport fats from the intestine to the bloodstream (in the form of chylomicrons), it plays no role in fat storage.

Passage 59
1.

C
A: No. In Experiment 1a, the rejected tissue (pituitary gland) is genetically identical to the rejecting organism, since it was originally part of that organism. But since none of this tissue was
present during maturation of the immune system, the tissue is recognized as foreign. The explanation is that the expression of genes in pituitary tissue gives rise to cell-surface markers not
present on other tissue types.
B: No. The passage states that the frogs attained adulthood. The correct interpretation is that a cell
type must be present during maturation if it is to be recognized as self, not that maturation cannot occur for this recognition to take place.
C: Yes. The antigens in the pituitary tissue must be present during development if they are to be
recognized as “self.”
D: No. One cannot generalize about foreign grafts from Experiment 1, because the graft was not
foreign.

2.

C
A: No. Nonidentical twins have the same degree of genetic similarity as non-twin siblings, regardless of whether they share a placenta or have separate ones. Hence it is not genetics, but rather
the developmental environment, which explains scenarios like that described in Experiment 4.
B: No. If this were the case, why would the number of placentas matter?
C: Yes. Something about developing within a single placenta makes nonidentical twins immunologically co-tolerant. A shared blood supply is the explanation; each twin is exposed to antigens
from the other throughout gestation.
D: No. This would not affect immunological tolerance.

3.

B
B: Yes. This is a bit tricky if you just read the explanation to question 1. In that question, genetic
identity did not ensure self-recognition because the graft (pituitary tissue) expressed cell-surface
antigens not present in the host (all cells of the tissue type had been removed), even though the
graft originally came from the host and was thus genetically identical to it. In the present question, every cell is genetically identical, every tissue type present in one identical twin is present
in the other, and every normal tissue is present throughout development. They both share the same
self-tolerance acquired during development, so the twins can interchange tissue.
C & D: No. There is no reason to suppose that identical twins would be more likely than non-twins
to accept grafts from any random source or from their parents. The twins are merely tolerant of
each other’s antigens (since they share all antigens).
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4.

B
B: Yes. Without a thymus, the rat’s T cells do not develop normally. The rat will fail to reject not
only grafts, but also pathogens, causing susceptibility to infection and the wasting illness described in Experiment 2.
C & D: No. Normally, animals are more likely to accept grafts from relatives, and the absence of the
thymus would not change this.

5.

B
Item I: True. Experiment 4 suggests that exposure to an antigen is essential for the recognition of
that antigen as self, and Experiment 3 shows that the thymus is the critical location where the
“learning” takes place.
Item II: False. The immune system has no direct role in physical growth. Experiment 2 does describe
a wasting disease, but this is due to infection, not the thymus directly.
Item III: True. Experiment 3 shows this to be true.

6.

A
A: Yes. This question presupposes some knowledge of immune system function. Selection of T
cells in the thymus is a process whereby T cells “programmed” to destroy self antigens are eliminated. It is also possible to eliminate T cells specific to a non-self antigen if the antigen is thrust
directly into the self-selection center, the thymus.
B: No, the opposite is true. If a graft is implanted anywhere in a very immature animal, it will be
recognized as self. This can be inferred from the fact that the transplant in Experiment 1 remained with the recipient until adulthood.
C: No, the opposite is true; they were selectively destroyed (see A).
D: No. There is nothing in Experiment 3 to suggest that this is true in general; the only information given is that a particular graft was accepted. Choice A is best.

Passage 60
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1.

B
A: No. A vasoconstrictor (a chemical which constricts blood vessels) would slow bleeding.
B: Yes. Platelets form an essential part of the hemostatic process by forming large clumps, known
as platelet plugs.
C: No. A stimulator of coagulation would help stop bleeding.
D: No. T cells do not play a role in coagulation.

2.

B
A: No. This is the primary method of transmission discussed in the passage.
B: Yes. The passage does not suggest that the parasite is ever present in human saliva. It is stated
that it enters the mosquito’s saliva (last sentence of passage).
C & D: No. If a mosquito can transmit the disease, so could any exchange of blood. It is true that
the passage states that the mosquito host is necessary for the protist to complete its life cycle,
but transmission does not necessarily require completion of the life cycle. Perhaps the most important thing to realize here is that choices C and D are equivalent, so that if one were true, the
other would have to be true, too; thus, both must be wrong.
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3.

B
Item I: False. Platelets are always present in plasma.
Item II: True. Platelets bind to exposed collagen in damaged tissue to trigger clotting.
Item III: False. T cells play a role in immunity, not in hemostasis.

4.

D
A: No. Antibiotics are carried in the bloodstream, and this is where they have most of their effects.
B: No. There is no reason to conclude this.
C: No. Many antibiotics work by killing bacteria which spend much of their time inside our cells
(such as M. tuberculosis). They either enter infected cells or affect the bacteria when they move
from one cell to another.
D: Yes. Antibiotics are generally used for bacterial infections. They are such valuable drugs because
they are imminently fatal to bacteria but generally harmless to us. This results from the great
differences between the prokaryotic cell and the eukaryotic cell. The challenge in treating cancer and viral and eukaryotic infections is to kill the abnormal cell type without killing healthy
cells.

5.

A
A: Yes. The immune system can develop antibodies to any non-cell-surface molecules, including
those of protozoans.
B & C: No. The immune system eliminates bacteria and virus- and tumor-infected cells by identifying their unique proteins. Plasmodium constantly changes its form and its host cell, and thus is
difficult to eliminate.
D: No, this is stated in the passage (Item 2).

6.

A
A: Yes. This would lead to immune system recognition of the plasmodial stage which first enters
the human host (Item 1 above Figure 1), stopping the disease before it starts.
B: No. This might prevent some of the effects of malaria, but liver damage could still occur, since
the merozoites are not seen until after infection and lysis of liver cells.
C: No. This might prevent spread of Plasmodia to a new mosquito, but it would not prevent infection and disease.
D: No. It is safe to assume that there would be sufficient time for at least a few Plasmodia to enter
the human host before any significant damage was done to the mosquito.

7.

B
A: No. item 4 above Figure 1 states that the chills and fever of malaria are caused by merozoites. A
drug against sporozoites might help with prevention, but would not be curative.
B: Yes. Item 4 above Figure 1 states that the chills and fever of malaria are caused by merozoites
infecting and lysing RBCs. Killing merozoites would halt the progress of the disease.
C: No. Killing the gametocyte could only prevent spread of the disease. It is the merozoites which
cause the actual illness.
D: No. The mosquito only transmits the disease. It plays no role in the illness itself.
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8.

D
Item I: True. This would prevent infection and thus prevent reproduction.
Item II: True. This would not prevent infection, but it would thwart the development of the protozoan, and would thus thwart reproduction.
Item III: True. This would prevent transmission of the disease to a new insect host and would thus
disrupt the protist’s life cycle.
Item IV: True. This is one of the most effective ways of combating malaria. The problem is that
mosquitoes can develop resistance to insecticides (as Plasmodia can develop resistance to drugs).

9.

D
Item I: True. Primary structure refers to the sequence of amino acids comprising a polypeptide. (Refer to the third paragraph of the passage.)
Item II: True. This is precisely the problem in sickle-cell anemia. The abnormal valine residue is
hydrophobic and replaces a hydrophilic residue (glutamate) on the surface of the folded polypeptide. Hydrophobic interactions between the abnormal residues on the protein’s surface lead
to the formation of gigantic macropolymers (many Hb molecules stuck together) which become
so large that they distort red blood cells.
Item III: True. This change also affects the charge of the protein and would thus change the isoelectric point.

10.

B
A: No. The normal and sickle-cell genes are codominant with each other, since there is a phenotype, sickle-cell trait, which is intermediate between the phenotypes of the homozygous normal
and homozygous abnormal genotypes. But this is irrelevant to the relationship between the allele’s prevalence and malaria.
B: Yes. A person who carries a normal gene and the sickle-cell gene is a heterozygote at this locus
and has an advantage over either homozygote in areas with malaria.
C: No. Hardy–Weinberg equilibrium requires the absence of selection, and in this case, malaria is
a very strong selective pressure.
D: No. The sickle-cell allele is genetically inherited (all alleles are!).

11.

A
A: Yes. Lytic viruses infect the host cell and soon lyse it and release many progeny viruses which go
on to infect other cells.
B: No. Lysogenic viruses infect the host cell and then enter a dormant phase in which the viral
genome is integrated into the host genome. No such process is described for Plasmodium.
C: No. A saprophyte is an organism which derives its nourishment from dead organisms. The host
cell of the merozoite is the red blood cell.
D: No. A predator is an organism which eats living organisms smaller than itself. The merozoite is
a parasite, not a predator, because it infects red blood cells which are larger than itself.
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Passage 61
1.

D
A: No. The mouse anti-hCG is bound to the plastic well before the pregnancy test kit is used.
Some could indeed be present, but it wouldn’t matter—the secondary (conjugated) antibody
will bind only to a site on hCG, not to the primary antibody.
B: No. Unbound hCG is washed away with the first wash.
C: No; see D.
D: Yes. The purpose of the second wash is to remove any unbound (excess) conjugated antibody.
Without this step, a false positive would result when the color-producing substrate was added
(the color change would occur even without hCG to bind the secondary antibody).

2.

C
A: No. Without hCG to fill the “sandwich,” there is nothing for the conjugated antibody to bind
to.
B: No. A lack of color indicates an absence of the three-part complex containing mouse anti-hCG,
hCG, and conjugated antibody. The assay was designed to detect hCG by the appearance of
color.
C: Yes. Mouse anti-hCG is present, because it is initially bound to the plastic of the test well.
Conjugated antibody enzyme and hCG are absent, because if present they would have led to
a color change. Absence of color change is how the test indicates absence of hCG and thus of
pregnancy.
D: No. The conjugated antibody is specific for hCG. It cannot bind directly to the mouse antibody.
Besides, if it did, a color change would occur on addition of the color-producing substrate.

3.

A
A: Yes. During the first trimester of pregnancy, hCG induces the corpus luteum to produce estrogen and progesterone. The hCG is derived from the fetal portion of the placenta, the chorion.
Its function is to promote secretion of progesterone during the interval when LH secretion by
the pituitary has ceased and progesterone secretion by the placenta has not yet begun.
B: No. Atrophy of the corpus luteum occurs only in the absence of hCG. (Note hCG’s name:
gonadotropin.)
C: No. The LH surge is a part of the menstrual cycle and thus does not occur during pregnancy. In
fact, hCG is necessary to stimulate the corpus luteum to secrete progesterone because of falling
LH levels. (The LH surge is induced by a gradual rise of estrogen levels.)
D: No. This drop occurs at the time of ovulation. The function of hCG is to substitute for these
hormones in stimulating the production of estrogen and progesterone. (We will not further review the hormonal dynamics of menstruation and pregnancy here, but this is fair game on the
MCAT and should be mastered.)
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4.

D
A: No. The rabbits are immunized with human IgG, and thus the antibodies they make are specific for this. This assay detects the patient’s immune response to HIV, not the virus itself.
B: No. Though B cells (which are white blood cells) produce antibodies, the rabbit antibody binds
only the product, not the synthesizing cell.
C: No. If they bound to plastic, there would be a very high nonspecific signal.
D: Yes. This is the antigen with which the rabbit was inoculated, and thus it is bound by the rabbit antibodies. The anti-HIV antibodies in plasma will bind to the HIV antigens, followed by
rabbit-conjugated IgG, which binds human IgG. The rabbit IgG will recognize a variety of human IgG since the constant domain will be the same across IgG with a wide range of specificity.
The only human IgG bound to the plate, however, should be those which are bound to HIV
antigens.

5.

C
A: No. It is a protein.
B: No. It is always produced during pregnancy; this is why pregnancy tests work by detecting it.
C: Yes. An antigen is a substance capable of eliciting an immune response. In the rabbit, hCG
functions as an antigen, but in humans, it is a normal host molecule and is thus recognized as
“self” by the immune system.
D: No. It is a molecule produced by glands and acting at a distant site which it reaches via the
bloodstream (that is, a hormone).

6.

B
The correct order of the steps given is:
II: Trapping the antigen. In this case the antigen is fibronectin. An antigen is a foreign substance
with which an antibody specifically combines. In the pregnancy test the antigen was hCG.
III: “Sandwiching” the antigen. After the antigen is bound to the primary antibody, it is “sandwiched” by the addition of the secondary antibody.
I: Visualizing the enzyme. This is the last step in the detection of an antigen. The secondary antibody is linked to an enzyme that catalyzes a color change in a substrate which is added at the
end of the test. The color change occurs only if the enzyme–antibody complex has not been
washed away. It is not washed away when the antigen is present, allowing the formation of a
“sandwich.”

7.

A
A: Yes. Antibodies are composed of two identical light chains and two identical heavy chains.
Each chain has a constant and a variable region. Each antibody has two antigen binding sites,
each one consisting of a pocket formed by the interaction of the variable regions of a heavy and
a light chain.
C: No. The constant region is common to all antibodies of a particular antibody class (such as
IgM). The binding site (which is unique to a particular idiotype of antibody) is formed by the
interaction of the variable regions of one light and one heavy chain.
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8.

B
A: No. The passage does not give a reason for the use of rabbits in the synthesis of the secondary
antibody. It is conceivable that a mouse could have been used. The ELISA test depends on the
binding specificity of the antigen-binding regions of both the primary and the secondary antibodies (both are specific for hCG).
B: Yes. The passage states that the primary and secondary antibodies bind to different sites on
hCG. Hence, fragmenting hCG and isolating different portions would allow differentiation of
the antibodies.
C: No. If the antibodies bound each other, the test would fail. The whole point is that both antibodies bind hCG and only hCG.
D: No. If a rabbit antibody is injected into a mouse, it will be recognized as foreign and be bound
by mouse antibodies. The reason is that the large constant region of the antibody differs from
organism to organism.

9.

D
A & B: No. The variable regions make up the antigen binding region. The passage states that the
enzyme is bound to the non-binding region.
C: No. This precisely describes the antigen binding region.
D: Yes. The constant region is not involved in antigen recognition, so it is available for enzyme conjugation without hindering the ELISA assay.

Passage 62
1.

A
A: Yes. The antigen will be treated as an endogenously-synthesized protein, because it is free in the
cytoplasm, just like many truly endogenous proteins which are constantly sampled, according
to the passage. Class II MHC molecules only bind antigens which are internalized from the
extracellular space. Remember that the extracellular environment is contiguous with the space
inside vesicles, inside the Golgi, inside the ER, and between the two nuclear membranes.

2.

B
A: No. Lipid bilayers are impermeable to polypeptides.
B: Yes. Note that this question cannot be answered from the information given in the passage.
Secreted and membrane-bound proteins have a special signal sequence at their amino terminus.
When mRNA bound to a ribosome in the cytoplasm is translated, translation pauses at the signal sequence. A signal recognition particle (SRP) binds to the signal sequence. The SRP binds
to an SRP receptor on the ER surface. The signal sequence is inserted into the membrane, and
translation resumes. This applies to MHC proteins as well as all proteins destined for secretion
and the cell surface.
C: No. The ER membrane has no pores large enough for the passage of a large protein.
D: No. Endocytosis only refers to the invagination and pinching off of the cell membrane to internalize material from the exterior.
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3.

B
Item I: False. The passage states that only a small amount of calcium is released from compartments
packed with the ion. Hence, it must move up a concentration gradient to get back inside (so it
would not diffuse in). Note that in most eukaryotic cells, only mitochondria create a non-ATPdependent electrochemical gradient (a proton gradient dependent upon electron transport).
Item II: True. The mitochondrial proton gradient which is normally used for ATP synthesis can be
used to actively transport calcium into mitochondria when the intracellular calcium concentration reaches abnormally high levels, which occurs in the absence of ATP. This is an example of
active transport not directly or indirectly dependent on ATP hydrolysis. This question requires
you to eliminate the wrong choices based on their implausibility and then to realize that item II
is plausible, even though you may not have heard it before.
Item III: False. Facilitated diffusion would not remove all the calcium from the cytoplasm (because
calcium is present in the extracellular fluid), and it cannot pump against a gradient.

4.

B
B: Yes. The only membrane an MHC molecule signal peptide actually passes through is that of the
ER. After this, the signal peptide is removed.

5.

D
A: No. Both classes of MHC must enter the ER lumen to be transported to the cell surface. The
question implies that the invariant chain is necessary for the differentiation of the two classes,
since deleting the invariant chain made Class II act like Class I (binding endogenous proteins).
B: No. If the invariant chain dissociated from Class II molecules before they reached the ER, it
could not play a role in blocking the peptide binding site. In that case, it could not be responsible for differentiating the roles of MHC I and MHC II. Also, the majority of the protein will
not be synthesized before it reaches the ER.
C: No. As stated in the passage, all MHC proteins must enter the ER.
D: Yes. You must infer that the invariant chain prevents MHC II from binding endogenous peptides, since when the invariant chain is absent, MHC II does bind endogenous peptides. The
invariant chain blocks the peptide binding region of the Class II molecule in the ER. This is
why only Class I molecules can bind endogenous proteins in the ER. After Class II molecules
leave the ER, the invariant chain dissociates, allowing the MHC II to bind exogenous peptide
fragments in endosomes.

6.

D
A:
B:
C:
D:

7.

B
B: Yes. Activated B cells known as plasma cells are the only cells that make antibodies.

© The Princeton Review, Inc.

No, there are many enzymes in the nucleus (polymerases, for example).
No, it must be spliced first.
No. The RNA contains all protein-coding sequences prior to splicing.
Yes. Ribosomes are made and partially assembled in the nucleolus within the nucleus. Assembly
is completed in the cytoplasm, and the large ribosomal assemblies are then excluded from the
nucleus.

Biology Solutions

8.

B
A: No. In the first paragraph it is stated that all cells in the body present endogenous antigens. Later in the passage (4th paragraph) it is stated that MHC I is used to display endogenous antigens.
Macrophages display antigen in both MHC I and MHC II.
B: Yes. The passage states that macrophages find antigens in the extracellular space and present
them on their cell surfaces (first two sentences). Later in the passage it is stated that MHC II is
used by antigen-presenting cells to display exogenous antigens.
C: No. Nothing in the passage indicates that T cells use MHC II to present antigens.
D: No. B cells are not discussed in the passage. The question explicitly asks you to infer from the
passage.

Passage 63
1.

A
Item I: True. The passage states this difference explicitly in the last sentence of the second paragraph.
Item II: False. Both toxins increase cAMP in the cell, although by different mechanisms.
Item III: False. Both toxins increase cAMP in the affected cells, which activates cAMP- dependent
protein kinase, which in turn stimulates chloride secretion.

2.

A
A: Yes. Line 3 states that the immune response to cholera is humoral, that is, involving antibodies.
Hence B-cell activation is the key process. (Humoral literally means “soluble,” in reference to
the antibodies produced by activated B cells.)
B & D: No. These cells are involved in the cellular immune response.
C: No. Although T helpers assist in the activation of B cells, the B-cell activation is the fundamental component whenever we refer to a “humoral” response.

3.

A
A: Yes. Gs with GTP bound activates adenylate cyclase to make cAMP. Hydrolysis of the bound
GTP terminates the stimulation of adenylate cyclase by Gs, so it is reasonable to conclude that
Gs, with GDP bound does not activate adenylate cyclase.
C & D: No. The toxins ADP-ribosylate G proteins to alter adenylate cyclase activity; they do not
ADP-ribosylate adenylate cyclase directly.

4.

C
A: No. Dramatically increasing glucose concentration without a concomitant increase in sodium
concentration would not lead to an increase in activity of the 1:1 sodium-glucose contransporter.
B: No, just the opposite. Increasing glucose concentration increases osmolarity.
C: Yes. Increasing glucose concentrations much above the osmolarity of blood would cause the villi
to lose water into the lumen by osmotic forces.
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5.

A
A: Yes. As stated in the passage, cAMP has its effects via the activation of cAMP-dependent protein kinase. If chlorpromazine were to inhibit the activity of this protein kinase, it would thus
reverse the effect of cAMP.
B: No. Nothing in the passage indicates that NaCl uptake is dependent on a protein kinase. Note,
however, that if NaCl uptake were dependent on a protein kinase, this choice would be correct,
because the question asks about decreasing “net” secretion, which includes both decreases in
secretion and increases in the rate of uptake. When you see “net” secretion, remember that it
includes both secretion and uptake.
C: No. This has nothing to do with protein kinase activity.
D: No. This is not related to the activity of any protein kinase.

6.

D
A & B: No. The transport is powered by Na+ moving down its concentration gradient, not by ATP hydrolysis. Note that the Na+ gradient was created by an ATP-driven pump, and thus Na+-glucose
transport is indirectly dependent upon ATP. However, the direct motive force of this transport
is not ATP-driven (see D).
C: No. Neither Na+ nor glucose can diffuse across the cell membrane, as they are very hydrophilic
molecules with large solvation shells. They require a transporter (or specialized channel, as in
excitable tissues).
D: Yes. Glucose absorption is driven by the cotransportation of one glucose molecule with one sodium ion down a sodium gradient by the brush border Na+-glucose cotransporter protein.

7.

C
A: No. As regards the intestinal mucosa, this is no different from cholera alone, since Bordetella
infects only the respiratory tract (as noted in the passage).
B: No. This is equivalent to cholera plus oral rehydration therapy, which is designed to decrease
water loss.
C: Yes. Ingestion of nonabsorbable carbohydrates increases lumenal osmolarity and thus draws additional water into the lumen from the intestinal wall (also see 4C). This, in addition to cholera
infection, would cause the greatest loss of water.
D: No. This is not related to water loss.

8.

C
Item I: True. The passage states that the GTPase activity of Gs is necessary for termination of activation of adenylate cyclase.
Item II: True. The passage states that Gs normally serves to attenuate adenylate cyclase activation by
competing with Gs.
Item III: False. Cyclic AMP-dependent protein kinase is activated by cAMP. When the cAMP system is overactive, it is overactive too.
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9.

D
D: Yes. Steroid hormones are very hydrophobic. They change cellular activity by diffusing into
the cell where they bind with specific receptor proteins that directly modify transcription of
the genome. Hence, although a receptor is essential, there is no second messenger, because the
hormone-receptor complex produces its effect directly. Protein hormones are too hydrophilic
and generally too big to cross lipid bilayers. Hence they produce their effects by activating cellsurface receptors, which activate second messengers (e.g., cAMP), which in turn go on to modify cellular activities. Note that not only is the effector mechanism different between the two
classes of hormones, but the effect itself is different: Steroids affect transcription in the nucleus,
while protein hormones affect cytoplasmic processes. As a result, steroids act much more slowly
and their effects are longer lasting.

Passage 64
1.

C

A mutation in which one amino acid is substituted for another is called a missense mutation
(Statement I is true). Glutamate is a charged amino acid, while valine is not. Therefore, the substitution of valine for glutamate leads to a more hydrophobic segment of the polypeptide (Statement II is true). The mutation described in the passage is a simple substitution of a single amino
acid for another. If it were a frameshift mutation, not only would that single amino acid be
altered, every single amino acid in the protein downstream of the substitution would be altered,
and the protein would be non-functional (Statement III is false).

2.

B

The second paragraph states that “sickled RBCs cause microinfarctions…due to occlusion of
small vessels.” The aorta is a very large artery and is unlikely to be affected by the described
occlusions (choice B is not likely to be found in a sickle cell patient and is the correct answer
choice). Occlusion of small veins at the base of the penis would prevent blood flow out of penile
tissues, leading to a sustained erection (choice A could be found in a sickle-cell patient and can
be eliminated). The second paragraph also states that microinfarctions occur in the spleen. This
would lead to splenic damage, and because the spleen is an important immune organ, damage
could lead to increased rates of infection (choice C could be found in a sickle-cell patient and
can be eliminated). Occlusion of the tiny vessels in the retina lead to small bleeds into retinal
tissue and subsequent tissue damage (choice D could be found in a sickle-cell patient and can be
eliminated).

3.

B

As serum glucose levels increase, so does the Hgb A1c concentration, as can be inferred from
the question. The ages and genders of the answer choices are mere red-herrings; the key to answering this question is to consider the serum glucose levels of the patients—the one with the
highest serum glucose can be expected to have the most elevated Hgb A1c concentrations, and
a newly diagnosed diabetic is likely to have very high serum glucose levels. A patient with a low
cortisol level will have a lower serum glucose level and therefore lower Hgb A1c concentrations
(choice A is wrong). A patient with chronically low glucagon levels will also have lower serum
glucose levels (choice C is wrong). A diabetic who also has sickle-cell anemia will also have high
blood glucose levels, but will also possess RBCs with a shorter life span. Therefore, their Hgb
does not have the same amount of time to become glycosylated; the question text states that
glycosylation is time dependent (choice D is wrong).
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4.

C

The Bohr effect dictates that a reduced pH (not a higher pH) will decrease the affinity of hemoglobin for oxygen (choice A is wrong). Binding of 2,3-BPG will also lead to a decreased oxygen
affinity and a right-shifted dissociation curve (choice B is wrong). High P CO2 levels will shift
the carbon dioxide–carbonic acid equilibrium to the right, and will lead to more H+ production
and a lower pH, which will lead to a right-shifted dissociation curve (choice D is wrong). As
stated in the passage, however, hydroxyurea can stimulate an increase in HbF (fetal hemoglobin) production in adults. HbF binds oxygen at a higher affinity than HbA. This is essential for
the developing fetus, because it is the mechanism by which the fetus is able to “steal” oxygen
away from the mother’s HbA flowing through the placenta. An increased oxygen affinity leads
to a left-shifted dissociation curve (choice C is correct). (This is a tough question, but POE of
the incorrect answer choices (A, B, and D) is the best way to arrive at the correct answer.)

5.

D

It can be determined from the pedigree (Figure 2) that Individual II.c is homozygous for sicklecell disease. Therefore, she has only HbS genes (genotypically HbSS), and her band correlates to
Patient 1 (choices A and B are wrong). Individual I.a is not phenotypically sickle cell but has a
child with the disease. Therefore, he must be heterozygous for the gene (genotypically HbA and
HbS) and will show two bands on the gel, like Patient 3 (choice D is correct, and choice C is
wrong).

6.

A

Sickle-cell disease is characterized by a defective b-globin gene (choice C is wrong). These genes
are not expressed until late in the fetal period. When HbA (α2b2) reaches a higher concentration
than HbF (α2g2), patients with the sickle-cell gene typically begin showing symptoms of the disease. Figure 1 shows that the switch from HbF to HbA occurs at about 4 weeks of life (choice
A is correct). Note also that the switch must be from the g chain to the b chain, not any other
direction or any other chain type (choices B and D are wrong).

7.

C

RBCs do not undergo mitosis (choice A is wrong). While acidosis within a RBC may harm protozoa, HbS does not affect the oxygen affinity of Hgb, nor would a reduced oxygen affinity lead
to higher carbon dioxide levels (choice B is wrong). RBCs do not have nuclei, and even if they
did, the nuclei are not what become sickled (choice D is wrong). Heterozygous patients have
an overall decrease in the average life span of their RBCs due to some sickling and subsequent
damage/death of affected cells. Malarial protozoa reproduce within an RBC, and the shorter
life span leads to premature death of these protozoa (choice C is correct).

8.

C

Loss of the renal cortico-medullary concentration gradient would lead to an inability to concentrate urine. This gradient is required so that water can be reabsorbed osmotically along the
collecting duct (choice A would lead to the formation of dilute urine and can be eliminated).
The water-permeability of the collecting duct walls is what allows the reabsorption of water
and the concentration of urine to take place (note that this is mediated through ADH). If the
permeability of the collecting duct walls is decreased, then water could not be reabsorbed and
urine would remain dilute (choice B would lead to the formation of dilute urine and can be
eliminated). Destruction of the posterior pituitary would lead to a loss of ADH, necessary for
the increased permeability of the collecting duct and the subsequent reabsorption of water at
this location. Loss of ADH would therefore lead to an inability to concentrate urine (choice D
would lead to the formation of dilute urine and can be eliminated). However, activation of the
renin–angiotensin axis leads to an increase in aldosterone secretion, with a subsequent increase
in Na+ reabsorption followed by an increase in ADH secretion. The rise in ADH would lead to
a more concentrated urine (choice C would not lead to the formation of dilute urine and is the
correct answer choice).

© The Princeton Review, Inc.

Biology Solutions

Passage 65
1.

C

Cocci are spherical in shape.

2.

B

These enzymes are part of the Krebs cycle and would only be present in an organism that uses
aerobic metabolism to produce ATP. The organism can also live in the absence of oxygen, so it
must be able to switch to anaerobic energy production, such as fermentation. Thus, it is a facultative anaerobe. An obligate aerobe could not survive in the absence of oxygen, and an obligate
anaerobe could not survive in the presence of oxygen.

3.

B

The passage states that this type of bacteria “causes illness by producing enterotoxins.” The
symptoms are not caused by the bacteria directly but by the enterotoxins released (choice B, not
A, is best). Choices C and D can be eliminated since these are not related to the symptoms.

4.

D

The dilation of blood vessels in inflamed tissue increases the pressure in capillaries, increases
their permeability, and increases the flow of fluid out of the plasma into the extracellular space
in surrounding tissues.

5.

A

The large intestine has a maximal capacity for water resorption. If this capacity is exceeded by
secretion of abnormally large quantities of water, diarrhea will result. Thus, A is the best choice.

6.

A

The enterotoxin is required for symptoms to develop. This will take time, both for the bacteria
to proliferate and release toxin (choice A). Choices B and C are irrelevant, and D is a trivial period of time compared to the time required for bacteria to proliferate and release toxin.

7.

D

Whether the food is contaminated or not is irrelevant. Pepsin and trypsin hydrolyze proteins,
and lipase hydrolyzes triglycerides. Amylase is responsible for hydrolysis of starches into simpler
sugars, however.

8.

D

The test is designed to distinguish S. aureus from other bacteria. The bacteria can apparently grow and reproduce during incubation in meat broth (eliminating A and B). Enterotoxin
(choice C) is irrelevant; it will not have an effect in culture. The passage states, however, that
lysis of red cells (choice D) is being examined.

9.

B

The growth of bacteria in culture generally starts out slowly, while biosynthesis is producing
building blocks of growth, then enters rapid log phase, before finally entering a stationary phase
in which growth slows due to lack of nutrients and an accumulation of toxins. Graph B best
depicts this course of events.

Passage 66
1.

C

Intrinsic factor (IF) binds to cobalamin in the stomach and is required for cobalamin to be
absorbed into the blood in the intestine. Therefore, choice C is correct and A is not. Choice B
is wrong because cobalamin is not a protein, and, since it is not itself recognized by any of the
antibodies described in the passage, choice D is wrong.

2.

B

White matter is white because of myelin, and the motor nerve axons are also myelinated. Thus,
choices A, C, and D are all wrong. Ganglia are collections of cell bodies, which are not myelinated, so choice B is correct.
© The Princeton Review, Inc.

|

747

MCAT Science Workbook

3.

C

Antibodies against intrinsic factor cause pernicious anemia. If these antibodies could be removed, this would alleviate the disease. One way to remove the anti-IF IgG would be to provide
IgG which binds the anti-IF IgG (using one antibody to neutralize another).

4.

B

In pernicious anemia, cobalamin is not absorbed in the intestine, due to a lack of an essential
factor or disruption of the process. Thus, the ingested cobalamin will pass through the small
intestine (site of absorption) into the large intestine.

5.

A

All immune cells, both B and T cells, originate from stem cells which reside in the bone marrow.

Passage 67
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1.

C
A, B, & D: No. Each of these stimulates acid secretion, as shown in the diagram or stated in the
passage.
C: Yes. Food stimulates acid secretion, but only indirectly, via its stimulation of gastrin secretion
(refer to the diagram).

2.

A
Item I: True. The diagram shows that cholecystokinin causes the release of pancreatic enzymes, a key
example of which is trypsin, stored as trypsinogen.
Item II: True. This is stated in the passage.
Item III: False. Pepsinogen is released in response to stimulation by the vagus nerve (refer to the
d
 iagram).

3.

C
A: No. It causes vasodilation and increased vascular permeability. The result is redness and swelling (inflammation).
B: No. Histamine has no role in B-cell development.
C: Yes. The vasodilation caused by histamine leads to the redness, heat, and swelling of the inflammatory response.
D: No. Histamine has no role in the development or function of B cells, the cells responsible for
antibody synthesis.

4.

D
A: No. Since somatostatin inhibits acid secretion, which the parasympathetic system promotes, it
acts in concert with the sympathetic system (which antagonizes the parasympathetic).
B: No. The passage gives no information about the effect of duodenal fatty acids upon gastric acid
secretion. (The fact is that they inhibit it.)
C: No. There is no link indicated between somatostatin and pancreatic secretion.
D: Yes. As shown by the dashed arrows in the diagram, gastrin stimulates the secretion of somatostatin, and somatostatin in turn inhibits gastrin secretion. This is a negative-feedback loop.

5.

D
Item I: True. The low pH of the stomach can hydrolyze many food molecules.
Item II: True. The diagram indicates that acid secreted by parietal cells has this function.
Item III: True. In fact, in elderly people and neonates, the absence of gastric acid (achlorhydria) predisposes them to infection.
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6.

C
A: No. The sympathetic system causes pupillary dilation, watery salivation, and accelerated heart
rate.
B: No. This is correct except that the sympathetic system stimulates the heart.
C: Yes. The sympathetic system prepares us to “fight or fly,” stimulating the heart and skeletal
muscles, widening the pupils, mobilizing stored glucose, relaxing the bronchi, inhibiting digestive processes, etc.
D: No; see C.

7.

B
A: No. This can be inferred. The diagram shows the vagus promoting the secretion of acid, pepsin,
and gastrin. Promoting gastrointestinal activity is a parasympathetic function.
B: Yes. Somatostatin is a hormone which is secreted into the bloodstream.
C: No. The diagram shows that HCl is responsible for the conversion of the zymogen pepsinogen
to the active form, pepsin.
D: No. The diagram shows that secretin causes the secretion of bicarbonate by the pancreas. You
should be able to infer that this serves to neutralize excess gastric acid, and from that inference
to conclude that secretin is released when the duodenal pH is low.

8.

A
A: Yes. The parasympathetic system stimulates acid secretion via the vagus nerve. Cutting the vagus nerve decreases acid, increasing the pH.
C: No. The parasympathetic system stimulates pancreatic secretion.
D: No. Gastrin secretion will be reduced (refer to the diagram).

Passage 68
1.

D
Item I: True. Extreme blood loss would cause a decrease in blood volume and a subsequent decrease
in blood pressure. This would lower the hydrostatic pressure driving fluid from the glomerular
capillaries into the nephron, reducing the glomerular filtration rate.
Item II: True. As stated in the passage, ADH is secreted in response to reduced plasma volume.
Item III: True. The passage states that aldosterone increases sodium reabsorption, which leads to increased water retention and blood pressure. This is just what is needed after blood loss.

2.

D
Item I: True. Decreased water intake leads to decreased blood pressure, which leads to decreased
filtration (see #1, Item I).
Item II: True. As explained in the passage, both ADH and aldosterone cause water retention.
Item III: True. This results from the increased aldosterone (see above).

3.

A
A: Yes. ADH causes water to be reabsorbed from the urine. Without it, the urine is exclusively
dilute.
B: No. Diabetes insipidus results in hypovolemia (diminished plasma volume), which carries with
it both direct and indirect decreases in glomerular perfusion pressure (see #1, Item I).
C: No. ADH plays no role in regulating glucose excretion. Diabetes insipidus and diabetes mellitus
are different diseases.
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4.

D
D: Yes. The passage states that 85% of the filtered liquid is reabsorbed, so the amount excreted in
this case should be around 15 mL/min. However, the passage also emphasizes that the volume
of urine produced varies dramatically, depending on the level of ADH. Hence we can not predict an exact number without knowing a lot about the fluid and electrolyte (ion) status of the
patient.

5.

C
B: No. Aldosterone stimulates synthesis of a basolateral Na+/K+ ATPase which pumps Na+ out of
the urine and K+ into the urine.
C: Yes. This is how ADH has the effect discussed in the passage (permitting water to flow according to osmotic gradients across an otherwise impermeable cell layer).
D: No. Aldosterone increases sodium reabsorption, which increases blood osmolarity, which in
turn stimulates the release of ADH, but this is an indirect effect.

6.

D
A: No. The proximal tubule does not play a role in regulating plasma osmolarity. It functions to
reclaim useful molecules such as glucose from the filtrate.
B: No. The secretion and reabsorption of various substances must be independent of urinary flow
so that it can be accomplished regardless of changes in flow.
C: No. As discussed in B, control of substances by the proximal tubule must not be affected by
changes in urinary flow.
D: Yes. The proximal tubule can absorb essentially all the glucose from the glomerular filtrate of a
healthy person. To do so, concentration gradients must be overcome.

7.

C
A: No. This can be inferred from the passage’s discussion of the GBM.
B: No. It is directly stated in the passage that the diabetic’s urine has a lot of glucose. [Many years
ago, diabetes was actually diagnosed by the physician only after he tasted (!) the urine.]
C: Yes. It can be inferred that all such substances pass through the GBM, but many of them will
be reabsorbed in the proximal tubule. (An example is phosphate.)
D: No. This makes sense, based on the passage’s description of the destruction of the GBM in
diabetes.

8.

B
A: No. If anything the urea concentration in the urine would be decreased due to the large urinary
volume.
B: Yes. The passage states that a lot of glucose is lost; this can cause weight loss. It also states that
excess urine is produced; this can cause both dehydration and weight loss.
C: No. It is directly stated in the passage that there is a lot of glucose in the urine.
D: No. If someone is dehydrated, he or she will have an elevated level of ADH in the blood.

Passage 69

This passage is unusually long, generally longer than what you’ll see on the MCAT. It tests your ability to use
the passage as a reference. The ideal way to attack this passage is to rapidly skim it over to see what information
it contains. Even this is barely necessary since there are clear subheadings for each paragraph. As you move on
to each new question, return to the passage with the goal of extracting information as efficiently as possible.
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1.

C
Item I: True. The passage states that sodium, potassium, and hydrogen ions are actively transported
in the proximal tubule.
Item II: False. The thin ascending limb is permeable to ions. They flow by diffusion here, not active
transport.
Item III: True. The thick ascending limb is mostly responsible for setting the NaCl osmotic gradient
in the medulla by active transport alone.

2.

B
A: No. As stated in the passage, the ascending and descending limbs have very different water
permeabilities.
B: Yes. The key to concentrating urine is that the ascending and descending limbs both pass
through the medullary osmotic gradient, and that they are close together to achieve a countercurrent exchange system with the vasa recta.
C: No. This is true but irrelevant to the concentrating ability of the loop of Henle.
D: No. ADH acts on the distal tubule and collecting duct, not the loop of Henle.

3.

C
Item I: True. The passage states that the urine becomes hypertonic in the descending limb.
Item II: False. In the thick ascending limb, ions are pumped out, but water is left in filtrate, creating
hypoosmotic filtrate.
Item III: True. ADH causes water to be reabsorbed in the distal tubule and collecting duct.

4.

D
Item I: True. The passage states that the thick limb is impermeable to water and urea.
Item II: True. As stated in the passage, the active transport of chloride out of the tubule creates a less
concentrated, or hypotonic, urine.
Item III: True. Since the thick limb uses large amounts of ATP for active transport, it would be expected to have ATP factories, or mitochondria.

5.

D
A & B: No. Quoting the passage (middle of last paragraph): “The influences of ADH (antidiuretic
hormone) and aldosterone on this segment are the prime determinants of urinary volume and
osmolarity.”
C: No. PTH’s most important action on the kidneys is promoting reabsorption of Ca 2+; it also promotes excretion of PO42–. This information cannot be found in the passage, and it is important
to know.
D: Yes. The posterior pituitary releases ADH and oxytocin. Only ADH plays a role in regulating
kidney function. Oxytocin is important for letdown of milk from the breasts and for uterine
contraction during labor.

6.

B
B: Yes. Urea is a by-product of protein metabolism. It is a carrier of nitrogen which can be excreted.
The high concentration of urea in the renal medulla is essential for the reabsorption of water in
response to ADH.
C & D: No. There is no reason to suppose that electrolyte balances would be impaired.
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7.

A
A: Yes. The mechanism of H+ excretion is discussed in the passage. It can be inferred that without
carbonic anhydrase, the proximal tubule’s ability to secrete H+ is inhibited; increased urine pH
results. Another consequence is that if H+ is not secreted into urine, then it will remain in the
plasma, thereby decreasing plasma pH at the same time that urine pH increases.
B: No. CO2 is easily eliminated by the lungs.
C: No. Acid secretion is not the major factor in determining urine osmolarity.
D: No; see A.

8.

A
A: Yes. Quoting from the middle of the last paragraph: “The solutes concentrated in the medulla
are NaCl derived from the pumping of the thick ascending limb, and urea, which is concentrated in the medulla by a complex mechanism.”
B: No. K+ does not play a significant role in establishing the medullary gradient (see A).
C: No. Glucose is reabsorbed by the proximal tubule, which does not lie in the medulla.
D: No. H+ does not play a role in establishing the medullary gradient (see A).

Passage 70
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1.

C
A & B: No. These statements are accurate but have nothing to do with the definition of a vitamin the
question asks about.
C: Yes. The passage states (end of the second paragraph) that vitamin D can be derived either from
the diet or from cholesterol by a reaction requiring sunlight. Hence, the chemical is only required in the diet (a true vitamin) when sunlight is scarce.
D: No. This is true for people living in sunny areas, but does not address the question. The question asks for a completion of the sentence that begins with “By this definition…” The fact that
vitamin D may not actually be required in the diet does not follow.

2.

B
A, C, & D: No. These are each components of the second-messenger system utilized by peptide
hormones.
B: Yes. According to the passage, calcitriol is derived from cholesterol and is thus related to steroid
hormones. Steroids and other small hydrophobic hormones act by binding a receptor in the
cytoplasm and diffusing into the nucleus to directly modify transcription of particular genes.

3.

C
Item I: True. The passage explains that osteoporosis is due to an imbalance between resorption and
deposition of bone. There is nothing to indicate any abnormality in the structure of collagen.
Item II: True. The passage explains that osteomalacia results from an abnormal ratio of hydroxyapatite to collagen. There is nothing to indicate any abnormality in the structure of collagen.
Item III: False. Vitamin C is required for proper collagen synthesis. The question asks you to infer
from the passage, and the passage says nothing about collagen synthesis.
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4.

B
A: No. Estrogen has many functions important to sexual physiology. Its effects on bone are important, but nothing in the passage indicates that these are its primary functions in the female
body.
B: Yes. Only estrogen both keeps calcium in the body and promotes bone synthesis (see the last
sentence of the fourth paragraph of the passage).
C: No. Judging from Its effects, calcitonin’s primary function is to lower the level of calcium in the
blood. It does this by promoting storage of calcium in bone and by inhibiting intestinal and
renal uptake of calcium.
D: No. Parathyroid hormone decreases the amount of calcium in bone, but it increases the amount
in the body by promoting renal and intestinal uptake. The function of parathyroid hormone is
simply to raise the concentration of calcium in the blood.

5.

C
A: No. As stated in the passage, calcitonin is made in the thyroid, by the C cells.
B: No. PTH does the opposite (causes a net increase in resorption).
C: Yes. Both hormones are secreted in response to changes in serum calcium concentration. Parathyroid hormone is secreted when calcium is low, and serves to increase its concentration. The
opposite is true for calcitonin.
D: No. Though calcitonin is made by cells in the thyroid (C cells), it is not regulated by TSH.
Parathyroid hormone is not, either. Nothing in the passage indicates that TSH plays a role in
regulating parathyroid hormone and calcitonin.

6.

A
A: Yes. The passage states that the osteocyte has lost the capability to divide, not that it is dead.
B: No. First, osteoclasts are involved in bone breakdown, not synthesis.  And second, the passage
states that osteoclasts are related to the blood-borne monocyte (the macrophage’s precursor). All
the cells of the blood are made in the bone marrow.
C: No, this is true. You should be familiar with these terms.
D: No. All of the cells involved in secreting the extracellular matrix are derived from the fibroblast.
This includes osteoblasts.

7.

C
A: No. The passage explains that estrogen replacement therapy is used for post-menopausal women
(women who have ceased menstruating).
B: No. The passage states that along with adequate calcium and vitamin D intake, exercise is an
important way to combat osteoporosis.
C: Yes. The last paragraph of the passage states that this is a way to preventatively and curatively
combat osteoporosis and that bone mass can be increased up to the age of 35.
D: No. Birth-control pills do generally consist of estrogen (with or without added progesterone),
but nothing in the passage indicates that they lead to osteoporosis in later life.
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8.

C
Item I: True. This describes settings in which children are less likely to be exposed to adequate sunlight. The passage states that vitamin D can be made from cholesterol in a series of reactions,
one of which requires the ultraviolet light of direct sunshine.
Item II: False. The table shows that calcitriol stimulates osteoclasts and inhibits osteoblasts. This
would lead to bone resorption, not bone deposition/strengthening. Hence, rickets must result
from the absence of calcitriol’s effects upon the gut and the kidney (increased calcium uptake).
Item III: True. This makes perfect sense and is in fact true. (The question asks you to choose statements which are “probably” accurate, indicating that you don’t necessarily have to find the
answer in the passage.)

9.

B
A: No. The density is decreased in both diseases. In osteoporosis it is decreased because more bone
is resorbed than is deposited, so a given bone gradually gets eaten away. In osteomalacia, density
is decreased because the ratio of minerals to protein is lower than normal.
B: Yes. In osteoporosis, bone is being destroyed by resorption, so both mineral and protein content
are decreased. In osteomalacia, the only problem is that mineralization is not proceeding normally. One expects the protein structure of bone to be normal.
C: No. The minerals are decreased in both diseases (decreased relative to protein in osteomalacia,
absolutely decreased in osteoporosis).
D: No, just the opposite. As discussed in the passage, fractures are very frequent in people with
osteoporosis, sue to the brittleness of bone. In osteomalacia, the problem is that the amount of
hydroxyapatite crystal is abnormally low, with a normal amount of protein. If anything, you’d
expect bone to be more flexible (the passage uses the word “soft”).

Passage 71
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1.

A

In general, the sympathetic nervous system, which releases epinephrine at post-ganglionic synapses, is stimulated by the “fight or flight” response. Choices B, C, and D will all stimulate the
sympathetic nervous system and cause the release of epinephrine. However, digestion (choice A)
stimulates the parasympathetic nervous system, which releases acetylcholine at the post-ganglionic synapse.

2.

A

Digestion quickly causes stimulation of the parasympathetic nervous system, which in turn
stimulates secretion and motility in the GI tract. The response should be strongest while digestion is occurring, making A the best response.

3.

D

Acetylcholine and epinephrine bind to cell-surface receptors with ligand-gated ion channels
which either hyperpolarize or depolarize the membrane. Acetylcholine depolarizes the membrane, while epinephrine hyperpolarizes the membrane, causing the neurotransmitters to oppose each other; thus D is correct. Choice A can be eliminated since it would cause increased,
not decreased contraction, and B and C are wrong since the strip of ileum was removed from
the animal and so had no stimulation by nerves.

4.

B

If both are supplied by nerves, then it should be possible to eliminate the effect of both by
denervation.
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5.

C

Choice C is correct: Calcium release plays a role in smooth muscle contraction (as it does in cardiac and skeletal muscle as well). Choices A and B are wrong since acetylcholine increases, not
decreases peristalsis, and peristalsis is caused by smooth muscle contraction. Choice D is wrong
because ATP decrease would decrease contraction.

6.

B

Neurotransmitters exert their effects on cells through opening ion channels which either depolarize or hyperpolarize the membrane. A is incorrect since acetylcholine and epinephrine bind
to their receptors, not to each other, and neither C nor D answers the question.

Passage 72
1.

B
A:
B:
C:
D:

2.

C
Items I & II: True. The passage states that swallowing (deglutition) is under both somatic (voluntary)
and autonomic (involuntary) control. This indicates that both striated (skeletal) muscle and
smooth muscle are involved. In fact, the situation is quite simple: The upper part of the esophagus has striated muscle and the lower part has smooth.
Item III: False. Cardiac muscle is found only in the heart.

3.

C
A & B: No. These may result if secretions from the pancreas, as well as secretions from the liver and
gall bladder (bile), are blocked. But this only occurs if the gall stone forms an obstruction so low
in the bile duct that the pancreatic duct is blocked too (the two ducts empty into the duodenum
through the same hole, the hepatopancreatic ampulla). Pancreatic amylase and pancreatic proteases are essential for the digestion of carbohydrates and proteins. (Pancreatic lipase is necessary
for the digestion of fats, but plays no role in the absorption of vitamins.)
C: Yes. Micelles formed from bile acids are essential for the absorption of fats and fat-soluble
vitamins.
D: No. Water-soluble vitamins are absorbed without the aid of bile.

4.

C
A, B, & D: No. The passage states that each of these is at least in part voluntary, and thus involves
striated (skeletal) muscle.
C: Yes. The passage explains that we have voluntary control over the beginning and end of the digestive tract only. Peristalsis is involuntary and performed by smooth muscle.

No. Chewing is voluntary.
Yes. The passage states that chewing (mastication) is under voluntary, or somatic, motor control.
No. These are cells which provide structural support for nerve cells.
No. The brain stem generally controls the autonomic nervous system. The somatic motor system
is controlled by the cerebral cortex.
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5.

A
A: Yes. Contraction of all muscle types is initiated by an increase in cytoplasmic calcium.
B: No. Not only is there no tropomyosin in smooth muscle (see C), but it is troponin which binds
calcium.
C: No. Calcium binds to troponin, causing it to move tropomyosin out of the way, but this occurs
in skeletal muscle only. The regulation of smooth muscle contraction is very different. (For the
MCAT, just be aware that smooth muscle does not contain troponin, T tubules, or sarcomeres.
Also see D.)
D: No. Contraction of muscle cells is caused by an increase in cytoplasmic calcium. The concentration of calcium in the extracellular fluid can modulate the force of contraction of smooth
and cardiac muscle, but it is the intracellular calcium which actually initiates contraction. This
point about the regulation of the force of contraction (contractility) of smooth and cardiac muscle bears emphasis. Be aware that no such variability exists with regard to the skeletal muscle
cell. Increased force of contraction of voluntary muscle groups is accomplished by motor unit
recruitment.

6.

A
A: Yes. Sphincter muscles prevent movement of the contents of a part of the GI tract.
B: No. The last paragraph of the passage describes peristalsis, including the role of longitudinal
muscle. The best way to think about the role of the longitudinal muscle is that it pulls the intestine over its contents much as you pull your sock over your foot (imagine pulling your sock up
and the seeing it contract).
C: No. The last paragraph of the passage describes the essential role of circular muscle in peristalsis.
D: No. Nerve plexi are complex networks of nerves which control GI motility, as stated in the third
paragraph of the passage.

7.

A
A: Yes. The passage states that the rapid turnover of mucosal cells makes them susceptible to inhibitors of cell division such as anti-cancer drugs. The reason this is true is that they divide
frequently. This is discussed in the passage: frequent mitosis allows constant replacement of
the mucosa. Chemotherapeutic agents disrupt DNA synthesis, thus destroying rapidly dividing cancer cells. The problem with chemo is that it also destroys normal cells which divide fre
quently, such as mucosal and hair follicle cells. The result is diarrhea, baldness, etc.
B: No. This statement is actually true, because the cells of the immune system also divide rapidly
(see A). But the biggest reason chemo patients get diarrhea is that given in A. Plus the passage
indicates A to be true, while saying nothing about the immune system.
C: No. This is sometimes true, but choice A is correct based on the passage, and is also the main
reason chemo patients have diarrhea and malnutrition.
D: No. The passage gives no reason to conclude this, and it is not usually true (sometimes it is).

8.

A
Item I: True. Mastication (chewing) is a voluntary process, and thus involves skeletal muscle, which
has sarcomeres, T tubules and the troponin-tropomyosin complex.
Item II: False. the passage states that mixing of GI contents is under autonomic control, and is thus
accomplished by smooth muscle. Smooth muscle cells are thinner than skeletal muscle cells.
They are so thin, in fact, that they do not require a T-tubule system to transmit action potentials
into the center of the cell.
Item III: False. The passage explains that peristalsis is an autonomic function, thus involving smooth
muscle; see Item II.
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9.

D
A: No. The respiratory epithelium is a very thin, delicate membrane which is specialized to facilitate diffusion. The intestinal mucosal cell is thick, and absorbs substances by active transport,
for the most part.
B: No. Both respiration and digestion are critical. Plus this has nothing to do with the extent of
physical damage caused.
C: No. This does not determine why toxins have less effect.
D: Yes. This is stated in the passage. Sloughing of the intestinal mucosa is a normal process. (Alveolar lining cells are replaced too, but at a rate nowhere near the rate at which mucosal cells are
replaced.)

Passage 73
1.

A
A: Yes. Experiment 4 suggests that ACh released by the preganglionic neuron binds to a nicotinic
receptor, but that the ACh released by the postganglionic neuron does not require nicotinic
receptors. We can draw this conclusion from the fact that a nicotinic antagonist (specific blocker
of nicotinic receptors) prevented contraction in response to preganglionic stimulation, but did
not prevent contraction in response to direct postganglionic stimulation or injected artificial
ACh.
B: No. The receptors on the preganglionic neurons were not tested for in Experiment 4; these
neurons were stimulated electrically. In any case, preganglionic neurons release ACh; they do
not have nicotinic ACh receptors. Those receptors are found on the postganglionic neurons, on
which the ACh from the preganglionic neurons is released.
C: No. This was known going into the experiment.
D: No. the point is the nicotinic receptor is not directly responsible, although it does play a role. It
is necessary for information to get from the CNS to the postganglionic neuron.

2.

C
Item I: True. If ACh is not degraded in the synapse, it will diffuse into the interstitial fluid and
bloodstream.
Item II: False. It is true that the ACh released by motor neurons will stay around longer if it is not
degraded normally. However, ACh will only be released by motor neurons upon deliberate activation of specific motor units. Hence, though it is conceivable that blood-borne ACh might
stimulate a few muscle cells, it is not predicted that “immediate and intense involuntary contraction of all skeletal muscles” would occur.
Item III: True. ACh released by the parasympathetic nervous system causes increased GI motility.
Unlike the somatic motor nervous system, which is quiescent until activated specifically, the
autonomic nervous system has tone, which is a basal level of activity. The duration of action of
ACh released at this basal level would be increased by acetylcholinesterase inhibitors.

© The Princeton Review, Inc.

|

757

MCAT Science Workbook

3.

D
A: No. It prevented neurotransmitter release.
B: No. It had this function indirectly by preventing action potentials which cause neurotransmitter
release via calcium influx at the axon terminal.
C: No. Contraction depends on muscle depolarization and still occurred in Experiment 3. This is
because the drug was “carefully microinjected” so as not to affect any cells besides the nerves
close to the site of injection.
D: Yes. Action potentials depend on the opening of voltage-gated sodium channels, which would
be nonfunctional in the presence of tetrodotoxin.

4.

C
A:
B:
C:
D:
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Whether or not you are sure about A, B, and D, you should definitely be able to pick C as the
correct answer.
No. Sheets of smooth muscle surround various hollow organs and tubes, and the uterus is one of
these.
No. The aorta contains a thick smooth muscle layer.
Yes. Cardiac muscle is unique in the body, similar in some ways to skeletal muscle and in others
to smooth muscle. It is important for you to understand the main differences between the three
types of muscle: smooth , skeletal, and cardiac.
No. The airways contain much smooth muscle.

5.

B
A: No. Only skeletal and cardiac muscle have this banding, also called striation. Striation is due to
the presence of ordered arrangements of actin and myosin known as sarcomeres. Smooth muscle lacks sarcomeres, and thus lacks striation; this is why it is called “smooth.” Instead, it’s actin
and myosin filaments are scattered throughout the cytoplasm in a poorly organized manner.
B: Yes. Both smooth and skeletal muscle generated force by this mechanism.
C: No. Smooth muscle is controlled by the parasympathetic nervous system, a portion of the autonomic nervous system, and is thus not under voluntary control. Skeletal muscle, on the other
hand, is controlled by somatic motor nerves, which are voluntary. You can deliberately wiggle
your finger, not your uterus.
D: No. This is true of smooth and cardiac muscle, but not of skeletal muscle, where the only direct
effect of nerve stimulation is excitation.

6.

D
A:
B:
C:
D:
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No. This is one of the last steps in muscle contraction.
No. this is the final step, producing the observable contraction.
No. This step activates myosin. It is accomplished by MLCK (myosin light chain kinase).
Yes. An increase in cytosolic calcium concentration is the initiator of all muscle contraction. In
smooth muscle, it activates myosin light chain kinase.

Biology Solutions

7.

D
A & B: No. Sodium “fast-channels” are responsible for propagating the action potential in nerves
and skeletal muscles. The opening of the fast channels causes the classic spike potential. Sodium
fast channels are also important in cardiac muscle, but here calcium “slow channels” also play
an important role. In smooth muscle, only the calcium slow channels are important (few if any
sodium fast channels are present).
C: No. This is where the action potential normally starts.
D: Yes. The binding of neurotransmitters to their receptors is a specific high-affinity reaction which
has nothing to do with whatever events may ensue thereafter. Action potentials causing neurotransmitter release and action potentials resulting from neurotransmitters binding to receptors would be inhibited by tetrodotoxin, but the actual binding of ACh to its receptor would be
unaffected.

8.

A
A: Yes. The sarcomere is what makes skeletal and cardiac muscle appear striated (“striped”).
B, C, & D: No, these are all correct statements about smooth muscle.

Passage 74
1.

A
A: Yes. The A band is the length of the myosin, which does not change during muscle contraction.
B: No. The I band is the region of actin that does not overlap with myosin. During contraction,
this distance decreases as the filaments slide past each other.
C & D: No. First, these are the same thing: the sarcomere is defined as the unit bordered by two Z
lines. Second, it is the shortening of this unit which determines muscle contraction.

2.

A
A: Yes. The myofilaments do not shorten, they merely overlap more.
B: No. Shortening is achieved by the filaments sliding along one another so that they overlap more.
C: No. When the action potential arrives at the neuromuscular junction, calcium is released from
the sarcoplasmic reticulum, causing the conformational change in the tropomyosin-troponin
complex, allowing muscle contraction to begin.
D: No. The SR sequesters calcium after contraction. This is necessary so that the cytoplasmic calcium concentration is low enough for contraction not to occur spontaneously (that is, low enough
for troponin to allow tropomyosin to block the myosin-binding sites on actin).

3.

A
A: Yes. Cardiac muscle is uninucleate, striated, and contains intercalated disks between cells. Skeletal muscle is striated, but is multinucleate and lacks intercalated disks.

4.

B
A: No. The myosin head specifically binds and hydrolyzes ATP.
B: Yes. Creatine phosphate stores energy in the form of a high-energy phosphate bond. This energy
can be transferred to ATP with the aid of an enzyme.
C: No. It is an energy-storage molecule, not an enzyme.
D: No. Again, the myosin head specifically binds and hydrolyzes ATP.
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5.

C
A: No. Smooth muscle is not under voluntary control.
B: No. Regulation of smooth muscle contraction is accomplished by the MLCK-calmodulin system (MLCK is myosin light chain kinase).
C: Yes. Both smooth and skeletal muscle stimulate contraction by increasing cytoplasmic calcium
concentrations.
D: No. Only skeletal muscle depends on motor unit recruitment for increased force. Smooth and
cardiac muscle have varying forces of contraction, depending on various factors such as the extracellular calcium concentration and hormonal influences.

6.

D
A: No. Muscle cells are not destroyed until later.
B & C: No. Both of these processes take place spontaneously, in the absence of ATP.
D: Yes. As stated in the passage, ATP is necessary for the release of actin by the myosin crossbridges. After death, metabolism stops, and cells run out of ATP.

7.

D

8.

B
A: No. A twitch is a single muscle contraction.
B: Yes. Tetanus results when there is insufficient time between action potentials for the intracellular calcium to be cleared. As a result, contraction continues indefinitely.
C: No. The all-or-none principle describes the fact that a skeletal muscle contraction can either occur or not occur; the force of contraction cannot be varied by ionic or hormonal influences. In
cardiac and smooth muscle, there are different degrees of contraction, depending on such influences as extracellular ionic concentrations and hormonal influences.
D: No. As stated in question 6, this refers to a state of constant contraction resulting from failure of
myosin cross-bridges to release actin due to a deficit of ATP. (Rigor means hardness, or contractedness; mortis refers to death [as in “mortal”].)

(Note: You are asked for the most direct influence. Thus, you must choose the one most
closely connected in time to contraction. Always be on the lookout for words like “direct” and
“always.”)
D: Yes. Calcium is the mediator of signal transduction (excitation-contraction coupling), by which
information in the form of a nerve impulse is converted into a mechanical phenomenon. The
order of events in muscle contraction is D-B-A-C.

Passage 75
1.
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B
A: No. Myosin does bind to actin, but it does not spontaneously dissociate; it dissociates only when
ATP is added.
B: Yes. Myosin binds to actin, which increases the viscosity. When ATP is added, it binds to the
myosin heads causing them to dissociate from the actin filaments. This decreases the mixture’s
viscosity.
C: No. ATP does not depolymerize actin.
D: No. ATP does not bind to actin.

© The Princeton Review, Inc.

Biology Solutions

2.

A
A: Yes. During muscle contraction, myosin moves along the actin thin filaments due to the “rowing” or “ratcheting” action of the myosin heads. The amount of overlap between the thin and
thick filaments increases, but each filament stays the same length.

3.

C
A: No. Magnesium is required for myosin’s ATPase function to be effective.
B: No. Magnesium does not inhibit ATP hydrolysis.
C: Yes. In muscle tissue, actin and myosin are complexed with other proteins. In particular, the
troponin-tropomyosin complex mediates calcium’s regulation of muscle contraction. In the absence of calcium, the complex blocks myosin from binding to actin. If myosin cannot bind
actin, it will not release its bound ADP and will therefore by unable to bind a new ATP and
hydrolyze it. ATP hydrolysis could occur in Experiment 2, because there the actin and myosin
had been purified (so troponin and tropomyosin were not present).
D: No. Myosin is an ATPase.

4.

C
A:
B:
C:
D:

5.

B
A: No. Calcium is not required for the ATPase to function, as seen in Experiment 2.
B: Yes. Calcium binds to troponin, which causes a conformational change that allows tropomyosin
to shift its position, exposing the myosin binding site on actin.

6.

D
D: Yes. Rigor mortis occurs when there is no more ATP to release myosin from actin after the
power stroke. In relaxed muscle, myosin is detached from actin, and ADP and Pi, are bound to
myosin. Upon muscle stimulation, myosin binds to actin. Pi is released, and the conformation
of myosin to pull on actin in a movement known as the power stroke. This pull is known as the
power stroke. At the end of the power stroke, ADP is released. ATP then binds to myosin, causing it to dissociate from actin. The ATP is hydrolyzed, and the myosin-ADP-Pi complex is ready
to begin another cycle.

7.

A
Item I: True. Creatine phosphate is a high-energy buffer, because it maintains the level of available
high-energy phosphates. During intense muscular exertion, creatine phosphate replenishes the
muscle’s ATP by transferring its phosphate group to ADP.
Item II: False. In order to spontaneously transfer its phosphate group to ADP, creatine phosphate’s
free energy of hydrolysis must be more negative than ATP’s. (The lower the ΔG, the more favorable the reaction.) Creatine phosphate’s free energy of hydrolysis is –10.3 kcal/mol compared to
ATP’s –7.3 kcal/mol.
Item III: False. This is a reaction which will proceed spontaneously (ΔG < 0).

No. There is no reason to think ATP would no longer be available.
No. The Z lines are not attached to the thick filaments, so they will not tear them in half.
Yes. If the filaments do not overlap, contraction cannot occur.
No. The question states that they do, and C is a plausible explanation.
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8.

B
A: No. ATP’s hydrolysis does not release the largest amount of energy of any molecule in the body
(see B and question 7).
B: Yes. What makes ATP a particularly good energy carrier is that it has an intermediate transfer
potential. This allows higher energy phosphate carriers like creatine phosphate to drive the synthesis of ATP from ADP + Pi by transferring their phosphate group to ADP.
C: No. Remember that ATP is also a nucleotide, one of the building blocks of RNA. In fact, it is
the hydrolysis of two phosphates from each nucleotide which drives the polymerization of RNA
and DNA. In this capacity, it helps polymerases do their work. One can speculate that ATP
evolved as an energy carrier when other enzymes “discovered” its usefulness. Note that GTP is
also an energy carrier (in the TCA cycle).
D: No. ATP is present in every cell.

Passage 76
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1.

C

Choices A and D involve skeletal muscle, and B requires cardiac muscle, all of which are striated. Only smooth muscle, such as that found in the GI tract, is not striated. The striations are
caused by regularly spaced arrays of actin–myosin filaments.

2.

B

Choice A is wrong because muscle would contain few secretory vesicles, since this is not secretory tissue. C is incorrect since gap junctions are not found in skeletal muscle; these would allow transmission of action potentials between cells, which occurs in cardiac muscle but not in
skeletal muscle. And choice D is wrong because voltage-gated calcium channels are also found
in cardiac but not in skeletal muscle. Choice B is correct: muscle contraction requires a lot of
energy, so muscle contains a large number of mitochondria.

3.

B

Calcium links excitation with contraction. The action potential causes calcium release from the
sarcoplasmic reticulum. This calcium then causes troponin and tropomyosin to release actin,
revealing myosin binding sites so that myosin can bind to actin and catalyze sliding of filaments
past each other. As long as calcium remains present, myosin will bind actin, and the muscle will
remain contracted.

4.

B

Troponin and tropomyosin inhibit contraction, except in the presence of calcium. Actin and
myosin do not require troponin and tropomyosin to contract, only to display calcium-sensitive
contraction. Choice A is eliminated since it would not support the involvement of calcium in
relieving troponin/tropomyosin inhibition, and both C and D are wrong since they would indicate that troponin is not involved in the link between calcium and muscle contraction.

5.

B

Only choice B is true and relevant here. (Note: choice A does not occur in skeletal muscle, in
which cells are multinucleated, but isolated electrically from each other.)

6.

C

The flash of light was caused by the fluorescent protein aequorin, which emits light when it
binds calcium.
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Passage 77
1.

D
A: No. It is true that the epidermis is composed of stratified squamous epithelium.
B: No. Stratified squamous epithelium is made up of layers of closely packed flat cells.
C: No. It is true that only the basal layer, or stratum germinativum, undergoes cell division. As
new cells are produced here, the old cells are pushed outward, become keratinized, and eventually die and are sloughed off.
D: Yes. It is false that the epidermis is composed of fibrous connective tissue.

2.

A
A: Yes. Shivering is an asynchronous contraction of muscle fibers and the primary mechanism for
thermogenesis in adult humans. Infants and many animals utilize non-shivering thermogenesis,
whereby heat is produced by increased metabolism, as in the “burning” of brown adipose tissue.
B: No. As noted in A, this is non-shivering thermogenesis.
C: No. This leads to heat loss.
D: No. Decreasing metabolism decreases the amount of heat the body produces.

3.

A
A: Yes. The passage states (end of second paragraph) that the preoptic region is responsible for
heat loss. Stimulating this region will result in cutaneous vasodilation, which increases heat loss
through convection, and other heat-losing processes.
B: No. This increases heat (see A).
C: No. Increased TSH leads to increased thyroxine (thyroid hormone, TH), which the passage says
causes increased metabolic activity and thus increased heat production.
D: No. This provides an insulating layer of air and thus conserves heat.

4.

B
A: No. The posterior hypothalamus is involved in heat production and conservation (end of third
paragraph of passage). Lesions here eliminate heat-production responses and lead to hypothermia. Electrical stimulation produces shivering, a method of heat production. Sweating is a heatdissipation response.
B: Yes. The passage states that the posterior hypothalamus is responsible for heat maintenance.
Piloerection (bristling of skin hairs) creates an insulatory layer of air, which facilitates heat
retention.
D: No. Read carefully! Parathyroid hormone has nothing to do with temperature regulation (its
function is to raise the serum calcium level).

5.

D
A: No. This is true. (Remember that interleukins are the chemicals used for communication between [“inter”] white blood cells [“leukocytes”].)
B & C: No. These are both heat-generation/conservation mechanisms, and thus both function in the
elevation of temperature known as fever.
D: Yes. The question states that interleukin 1 increases body temperature during illness. As discussed in the passage, body temperature is normally regulated by shivering, piloerection, cutaneous vasodilation, and thyroid hormone. Interleukin 1 is only important during illness, and
climate should have no bearing on this.
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6.

C
Item I: False. Shivering is the contraction of skeletal muscles, which are part of the somatic, not autonomic, nervous system.
Item II: True. Piloerection is a sympathetic autonomic response which helps to conserve heat by
maintaining an insulatory layer of air (see paragraph 3 of the passage).
Item III: True. This too is a sympathetic autonomic response which conserves heat (it prevents heat
loss by convection). See the third paragraph of the passage.

Passage 78
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1.

D
Items I, II, & III: True. The passage states that the peripheral chemoreceptors are sensitive to each.

2.

C
C: Yes. Only Graph A gives information about the % Sat. At a PO2 of 50, the % Sat is about 80%.

3.

C
A & B: No. Refer to graph D. In order for the graphed variables to vary proportionally in a certain
range, the graph must be linear. Between 40 and 50 mm Hg on the pH = 7.4 graph there is an
obviously nonlinear region.
C: Yes. Refer to Graph D, because this is the only plot of PCO2 versus ventilation. The linear portion is on the line on the left (pH = 7.3) from 30 up to 40 mm Hg. In every other region of the
graph, the slope changes from data point to data point.
D: No. Less that 40 mm Hg would include the nonlinear range of this graph.

4.

B
A: No. Refer to Graph A. At a PO2 of 50 mm Hg, the ventilation rate is increased (remember that
100 mm Hg is normal).
B: Yes. Peripheral chemoreceptors respond dramatically to PO2 values lower than 50 mm Hg, increasing the ventilation rate (Graph A).
C: No. Central chemoreceptors do not respond to oxygen levels (first paragraph of passage), and
the question states that the PCO2 and pH (to which central chemoreceptors do respond) are
normal.
D: No. The ventilation rate will be higher, not lower, than normal. When the PO2 is low, increasing
the ventilation rate serves to blow off CO2 faster, which increases the fraction of is oxygen in the
alveolus (the alveolar PO2).

5.

B
Item I: True. Choose any PO2 on the graph for PCO2 = 40 mm Hg. Then switch to the P CO2= 50 mm Hg
graph. How does the relative ventilation change? It increases.
Item II: True. Going from a PO2 of 100 to 80 mm Hg significantly increases the RV only on the
P CO2 = 50 mm Hg graph. On the P CO2 = 40 mm Hg graph, you have to drop the PO2 way down
to see any effect.
Item III: False. Nothing in the passage indicates that increasing P O2 above normal will affect the
relative ventilation response.
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6.

A
A: Yes. In the description of Graph C, the passage directly states that the response of peripheral
chemoreceptors to changes in plasma pH is the most sensitive ventilatory control mechanism in
the body.
B: No. The passage shows that these are quite insensitive, responding only to extreme changes in
the PO2.
D: No. The passage directly states that the central chemoreceptors don’t respond to PO2 at all.
(“Central chemoreceptors in the brain do not monitor the oxygen level of the blood.”)

7.

D
D: Yes. Only Graphs A and B give any information about a PO2 of 35 mm Hg. On either graph,
this corresponds to an RV of just under 7. The passage explains the RV by saying that an RV
of 1 corresponds to the normal minute-ventilation of 7 L/min. Hence an RV of 2 would correspond to 14 L/min, etc. An RV of just under 7 would correspond to a minute-ventilation of a
little less than 7 × 7, or about 45.

Passage 79
1.

B
B: Yes. Pleura refers to sheets of connective tissue that line the inside of the chest wall (parietal
pleura) and the outside of the lungs (visceral pleura). The pleural space is the space between
the two pleural layers. Due to lung elasticity and chest wall expansion, this space is negatively
pressurized. When the chest wall expands in preparation for inspiration, the negative pressure
in the parietal space increases; as a result, the lungs are sucked open. The passage states that the
external intercostals expand the chest wall (paragraph 2).
C: No. The opposite is true (see B). When the pleural space pressure is increased, the lungs are
compressed.
D: No. The pressure in the pleural space will become more negative when the eternal intercostals
contract (see B).

2.

C
Item I: True. The passage states (last paragraph) that active expiration occurs only when an unusual
increase in ventilation is necessary (that is, during exertion), and that the abdominal muscles
function to compress the lungs.
Item II: False. The diaphragm is important for lung expansion at all times.
Item III: True. Again, the passage states that expiration is active only during exertion.

3.

A
A: Yes. Hypoventilation (decreased breathing) causes one to blow off less CO2, so P CO2 increases.
Hypoventilation both lowers PO2 and increases P CO2.

4.

C
A: No. This will increase the contents of the abdominal cavity, which will make descent of the diaphragm more difficult.
B: No. The diaphragm is the main muscle of inspiration.
C: Yes. Lung elasticity tends to draw the chest inward. If lung elasticity decreases, chest expansion
is easier.
D: No. In a third-trimester pregnancy, the size of the uterus forces abdominal contents upwards
making the descent of the diaphragm more difficult.
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5.

A
Item I: True. This is a description of a patient using accessory muscles to breathe. Refer to the third
paragraph of the passage.
Item II: False. The question states that the patient is standing and gripping a table!
Item III: False. The muscles of respiration are skeletal muscles. This includes the diaphragm. Even
though breathing happens automatically, we can control it; it is a voluntary motor function.

6.

D
D: Yes. The pleural space normally contains negative pressure. The result is that when the chest
cavity expands (via contraction of the diaphragm and external intercostal muscles), so do the
lungs; when the chest cavity reduces in size (via relaxation of the diaphragm and contraction of
the internal intercostal muscles), they do too. Pleural adhesions do not change this relationship.

Passage 80
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1.

C
Item I: True. The kidneys compensate for acidic products of metabolism by excreting acid.
Item II: True. This is the mechanism by which the kidneys excrete acid. They combine H2O and
CO2 into H2CO3 (using the enzyme carbonic anhydrase); the H2CO3 then dissociates into H+
and HCO3 – . When the proton is excreted in the urine, the bicarbonate must be retained, or no
net acid secretion would have occurred.
Item III: False. The goal is to maintain pH balance. This would lead to a net increase in plasma pH.

2.

C
A: No, this is true. Increased ventilation results in an increase in the amount of CO2 expired; a
lowered arterial PCO2 results.
B: No, this is true. An abnormally low PCO2 (see A) will result in respiratory alkalosis, since less
CO2is present to turn into bicarbonate plus protons.
C: Yes. When the plasma pH is too high (see B), the kidney will create alkaline urine to compensate.
D: No, this is true. Since oxygen is quite insoluble in water, it must be carried by hemoglobin. Hb
is a very efficient scavenger of oxygen in the lungs; it becomes saturated with oxygen easily.
Hence, changes in the respiratory rate do not tend to change the amount of oxygen carried in
the blood much. (Because CO2 is water soluble, much of it is carried free in the blood. Thus, an
increase in ventilation, which lowers the P CO2 in the alveoli, will lead to much more CO2 leaving the blood. So changes in respiration do affect the plasma CO2 level, even though they do
not affect the O2 level.)

3.

B
B: Yes. Before the patient is put on the ventilator, he will be in a state of metabolically compensated
respiratory acidosis. This is a state where the lungs retain CO2, causing acidosis, and the kidneys
then gradually adapt to retain HCO3 – and excrete H+. On the ventilator, the hypoventilation
will suddenly cease. As a result, the plasma concentration of CO2 will fall, but the kidney will
continue to excrete protons and retain bicarbonate. A secondary alkalosis results. The second
and third paragraphs state that respiratory changes are fast and metabolic changes slow.
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For Questions 4, 5, and 6:
#1) Sudden increase in acidity. Possible cause: increased lactic acid due to exertion.
#2) The respiratory system attempts to compensate by blowing off CO2
#3) The kidneys kick in, excreting acid. The pH is returned to normal.
#4) Sudden increase in pH. Possible cause: loss of HCl due to vomiting.
#5) The respiratory system attempts to compensate by retaining CO2 (hypoventilation).
#6) The kidneys kick in, retaining acid. The pH is returned to normal.
#7) Hypoventilation. Fluid in the lungs, for example, results in a failure to eliminate CO2. Plasma
CO2 increases and pH falls.
4.

C
A: No. Line #1 shows decreasing pH and decreasing bicarbonate at a constant P CO2, which indicates increasing metabolic acidosis with no respiratory or renal compensation.
B: No. Line #2 shows a change in P CO2, which indicates respiratory compensation is occurring.
C: Yes. Line #3 parallels the isobar (constant P CO2—refer to the end of the passage), indicating
that it represents a process occurring at constant PCO2. Hence respiratory compensation is not
taking place. Meanwhile, the pH is returning to normal while the bicarbonate level increases.
This indicates renal retention of bicarbonate, that is, metabolic compensation for acidosis. Also
note that #3 came after #2, which would indicate that #3 was probably metabolic (slower).
D: No. In #6 we see a drop in pH from an initially high value toward normal; this is compensation
for an alkalosis.

5.

B
A: No. Line #1 shows only decreasing pH and decreasing bicarbonate at a constant P CO2, which
indicates increasing metabolic acidosis with no respiratory or renal compensation.
B: Yes. Line #1 represents the ingestion of acid: falling pH at constant P CO2. Line #2 shows the
lungs blowing of CO2 to compensate.
C: No. See 4C.
D: No. As indicated above, line #7 represents poor ventilation causing respiratory acidosis.

6.

D
A: No. Line #1 shows decreasing pH and decreasing bicarbonate at a constant PCO2, which indicates increasing metabolic acidosis with no respiratory or renal compensation.
B: No. Line #4 represents the onset of respiratory alkalosis.
C: No. Line #5 represents initial respiratory compensation for metabolic alkalosis.
D: Yes. Fluid in the lungs impairs gas exchange, resulting in CO2 retention and respiratory acidosis.

Passage 81
1.

A

CO2 and oxygen passively diffuse through membranes. Passive diffusion always occurs down
a concentration gradient. In the placenta, fetal plasma CO2 must be higher than the maternal
circulation in the placenta, forcing CO2 to move down a gradient from the fetal circulation into
the maternal circulation.
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2.

A

Since oxygen and carbon dioxide diffuse passively in the placenta, the fetal oxygen must be
lower than maternal oxygen in the placenta. Fetal hemoglobin is adapted to bind oxygen more
avidly than adult hemoglobin, to provide sufficient oxygen to fetal tissues under these reducedoxygen conditions. This adaptation would allow resistance to low oxygen content after birth as
well. Choice B is wrong because this change in circulation is related to decreased resistance in
the pulmonary circulation. Choice C is incorrect since this is the opposite of what would be
expected, and choice D is wrong because no connection to fertility or survivability is indicated.

3.

C

The external atmosphere is richer in oxygen than the maternal circulation, which is depleted of
oxygen by maternal tissues. The infant therefore no longer requires the higher affinity oxygen
binding of fetal hemoglobin to saturate its hemoglobin with oxygen and deliver oxygen to tissues. Choice A is false, choice B is true but not does explain the change, and choice D is true but
irrelevant.

4.

D

The question states that the lungs are normal but the circulation impaired in the mother. Choice
D is the most relevant response. Even if the maternal lungs are perfectly healthy, the fetus will
not receive sufficient oxygen if the maternal circulatory system is functioning sub-optimally.
Choices A and B can be eliminated because there is no indication that the placental barrier is
compromised or that fetal circulation is impaired, and choice C is wrong because it describes
impaired lung function, which the question excludes.

5.

B

Maternal blood must supply oxygen to maternal tissues before reaching the placenta. Choice A
is incorrect because there is no mixing of maternal and fetal blood, and choices C and D are
wrong because they are irrelevant to oxygen content in blood.

6.

C

Since blood mixes in the fetus between the pulmonary artery and the aorta through the ductus
arteriosus, both ventricles pump blood to the systemic circulation. In the adult, only the left
ventricle pumps blood to the systemic circulation. The other choices are wrong because the atria
deliver blood only to the ventricles, not the systemic circulation.

Passage 82
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1.

A
A: Yes. In fertilization, the acrosomal reaction allows the sperm to penetrate the jelly coat to reach
the vitelline layer, in which the bindin receptors are located. The third paragraph in the passage
describes “bindin receptors in the vitelline layer.”
B: No. The jelly coat is the layer just outside the vitelline layer.
C: No. Cortical granules are located inside the plasma membrane of the egg. It is stated in the passage that substances from the cortical granules degrade the bindin receptors, so how could these
be located in the granules?
D: No. The perivitelline space is the space between the plasma membrane and the vitelline layer.

2.

B
B: Yes. Primary oocytes are arrested for years at meiotic prophase I, from birth until ovulation.
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3.

C
Item I: True. The passage explains that both the fast block and the slow block depend on the influx
of Na+ from the media. Therefore, removal of Na+ from the medium would directly prevent the
fast block and indirectly prevent the slow block. Polyspermy could result.
Item II: True. The passage explains that a calcium influx results from the sodium influx, and that
this calcium influx leads to release of enzymes from the cortical granules which degrade bindin
receptors. In a low-sodium medium, the sodium influx and all of its results would fail to occur.
Item III: False. This normally results from the sodium influx, through the action of a sodium-proton
exchanger. As discussed in I and II above, the sodium influx would be reduced if the external
sodium concentration were abnormally low.

4.

B
A: No. Such a depolarization would make the egg “think” it had been fertilized, and the mechanisms discussed in the passage would kick in to prevent fertilization (see B).
B: Yes. As discussed in the passage, depolarization constitutes the fast block to polyspermy, and
also leads to some of the elements of the slow block (all the elements of the slow block that
depend on depolarization, not a sodium influx, per se). Artificially depolarizing the membrane
would activate both the fast block and the slow.
C: No. Again, such a depolarization would make the egg “think” it had been fertilized. If anything,
we would expect postfertilization protein synthesis to be stimulated.
D. No. The passage states that depolarization causes the slow block to polyspermy, and that one of
the components of the slow block is movement of the vitelline layer away from the plasma membrane. This is what we would expect to see in the case of artificial depolarization.

5.

A
A: Yes. The last sentence of the passage states that translation-blockers but not transcription-blockers
prevent initial postfertilization protein synthesis. This indicates that the mRNA is already present and need only be translated for the proteins to be made.
B: No. Nothing in the passage suggests this to be the case.
C: No. This implies that transcription must occur in order for initial protein synthesis to proceed.
But as discussed in A, the passage implies that this is not the case.
D: No. Ribosomes are responsible for all protein synthesis. They are necessary for the complex interaction of tRNA and mRNA, which allows translation of the genetic code.

6.

D
A:
B:
C:
D:

7.

D
Items I & II: True. LH acts on the Leydig cells and FSH acts on the Sertoli cells to promote
spermatogenesis.
Item III: True. Testosterone acts on the testes, causing them to produce sperm, but spermatogenesis
could not proceed without LH and FSH.

No, this is true.
No, this is accurate.
No, these are known as bindins.
Yes. The acrosomal reaction is actually accompanied by an increase in pH and calcium. If you
didn’t know that this was false, you could have eliminated the other choices, since they are all
important facts about the acrosomal reaction.
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1.

A
A: Yes. Estrogen acts at the hypothalamic and pituitary levels to inhibit the secretion of GnRH
from the hypothalamus, and FSH and LH from the anterior pituitary. This is a classic negative
feedback loop.
B: No. Estrogen and progesterone generally work together. Although they do have opposite effects
in certain situations (which you don’t need to worry about), one does not ever directly inhibit
the other.
C: No. As stated in A above, estrogen inhibits LH and FSH secretion.
D: No. There is no information linking ovulation with behavior.

2.

C
A & B: No. Progesterone and the corpus luteum play a role in the luteal phase, not ovulation.
C: Yes. The preovulatory LH surge is essential for ovulation.
D: No. The passage does state that FSH declines prior to ovulation, but this is not the cause of
ovulation.

3.

C
A: No. Positive feedback would favor secretion, not inhibit it.
B: No. The hypothalamic-pituitary negative feedback axis works by the inhibition of secretion of
hypothalamic and pituitary hormones by their products, not by the hormones themselves.
C: Yes. The passage states, “The preovulatory decline of FSH is due to the increasing concentration
of estradiol.” Estrogen inhibits FSH by negative feedback.
D: No. Positive feedback would favor secretion, not inhibit it.

4.

A
A: Yes. Progesterone is responsible for the changes in the endometrium that result in the secretory
phase, namely an increase in vascularization and the storage of lipids and glycogen. Estrogen
is responsible for the proliferative phase of the endometrial cycle, and is also necessary for the
secretory phase, along with progesterone.
B, C, & D: No. FSH, LH, and hCG act on the ovaries, not the endometrium.

5.

B
Item I: False. The ovarian follicle produces estradiol but not progesterone.
Items II & III: True. The corpus luteum and the placenta are the only two structures that produce
both estradiol and progesterone.
Item IV: False. The adrenal medulla produces catecholamines (epinephrine and norepinephrine).

6.

C
A: No. FSH and LH are produced in the anterior pituitary.
B: No. The posterior pituitary is the site of release of ADH and oxytocin.
C: Yes. The hypothalamus produces GnRH. It produces most of the releasing and inhibiting hormones that act on the anterior pituitary.
D: No. The pineal gland is thought to secrete melatonin. It has no significant role in the menstrual
cycle.
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Passage 84
1.

B
A: No. TSH plays no role in reproductive development.
B: Yes. Estrogen secretion by the ovaries is under the control of gonadotropins (LH and FSH)
secreted by the anterior pituitary. The production and release of the gonadotropins, in turn, is
under the influence of hypothalamic GnRH. Therefore, estrogen production and secretion is
dependent on the secretion of GnRH.
C: No. Prolactin plays no role in the control of estrogen secretion and breast development, though
it plays an important role later in inducing milk secretion.
D: No. Progesterone plays no role in promoting estrogen secretion.

2.

A
A: Yes. The seminiferous tubule, located in the testes, is the site for sperm production. Under the
influence of FSH and testosterone, spermatogonia develop into spermatozoa. Further maturation occurs in the epididymis.
B: No. As stated in the passage (third paragraph), testosterone is secreted by the interstitial cells of
Leydig.
C: No. Maturation occurs in the epididymis.
D: No. The seminiferous tubules are the site of sperm production in the male. Fertilization occurs
in the fallopian tube, which is, of course, in the female.

3.

C
Items I & II: True. The last paragraph of the passage directly states that both hormones cause increased testicle size—FSH via seminiferous tubule development and LH via stimulation of the
interstitial cells of Leydig.
Item III: False. GH, from the anterior pituitary, stimulates somatic growth, particularly skeletal
growth. It causes increases in the length of long bones until the epiphyses fuse at the time of
puberty. It does not have a role in testicular development.

4.

A
A: Yes. The third paragraph of the passage begins, “The first sign of normal puberty is an increase
in the size of the testes.” Hence, even though it would not be as noticeable as abnormalities
which would occur later, this would occur first.
B, C, & D: No. Each of these would occur later (see A). These are caused by reduced androgen levels,
a secondary effect.

5.

B
A: No. GH and all the other pituitary hormones are peptide hormones, which bind their receptors
at the cell surface.
B: Yes. GH and all the other pituitary hormones are peptide hormones, which function by binding
to a cell-surface receptor; this in turn leads to changes in the activity of intracellular proteins via
signal transduction. Tyrosine kinase activity is an example of a signal-transduction system. In
normal cells, kinase activity is not observed unless cells are exposed to hormone, indicating the
kinase is regulated by a GH receptor.
C: No. A cancer (unregulated growth) resulted when the kinase attained constitutive (unregulated)
activity. It would appear that the tyrosine kinase activity caused growth, not inhibited it.
D: No. Again, a cancer (too much growth and cell division) resulted from the abnormal activity.
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6.

D
A: No. GH itself comes from the anterior pituitary; the question asked about GH-releasing
hormone.
B: No. The posterior pituitary only stores ADH and oxytocin from the hypothalamus.
C: No; see A and D.
D: Yes. The primary stimulus for GH secretion is GH-releasing hormone derived from the
h
 ypothalamus.

Passage 85
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1.

B
A: No. Once a cell is differentiated, it will never dedifferentiate unless it is a cancerous cell.
B: Yes. Neurulation and organogenesis follow gastrulation. Gastrulation is when the three primary
germ layers become distinct.
C: No. Mitosis will indeed continue throughout development, but cleavage is a specific term reserved for the first few cell divisions in which the zygote gives rise to the morula. During these
cell divisions, no growth occurs, so that the morula does not take up any more space than the
zygote did.
D: No. Blastula formation comes before gastrulation.

2.

B
A: No. Ectoderm gives rise to skin, nervous system, retina, lens, etc.
B: Yes. You need to know that mesoderm gives rise to the entire circulatory system and muscle
(and most of the other stuff between the gut and the skin, excluding the nervous system).
C: No. Endoderm gives rise to the inner lining of the gut.
D: No. An eye is unlikely, and there is no information to support this.

3.

B
A: No. Competency is defined in the first line of the passage. From Exp. 2 we can see that the cells
in question can be influenced by their surroundings, so they are competent.
B: Yes. The cells can assume several different fates and are not yet terminally differentiated.
C: No. The cells can become other ectodermal tissue, such as gills.
D: No. Exp. 1 tells us this.

4.

D
A: No. The three germ layers are formed prior to gastrulation.
B: No. Nothing in the passage indicates that any of the cell types used in the experiments are abnormal. The idea behind the experiments was to move normal cells to abnormal places as they
developed to see when their fates became fixed.
C: No. Exp. 2 does state that the closest mesodermal tissue determines development of grafted ectodermal tissue. But in Exp. 5 no mention is made of mesoderm. It is the ectodermal cells which
are differentiating. In Exp. 5 they are more differentiated and have lost competence.
D: Yes. The transplanted neural tissue is more developed in Exp. 5.
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5.

C
Item I: False. Nervous tissue is ectodermal. The tissue started and finished ectodermal.
Item II: False. While the cells were isolated in a culture medium for 36 hours, there were no cells
there to induce them.
Item III: True. The cells respond differently but have the same genome, so it must be the way genes
are expressed which has changed.

6.

B
A: No. All cells in the body at all stages of development have the same genes! (With a couple of
exceptions, such as B and T cells.)
B: Yes. It is gene expression which changes as development proceeds, and proteins are the product
of gene expression.
C: No. These are microtubules. The structures involved in mitosis do not change during
development.
D: No. There is no reason to suspect a systematic change in energy requirements.

Passage 86
1.

B
Item I: False. The genome remains intact during development, with no loss or gain of genes. (B and
T cells of the immune system are an exception.)
Item II: True. Differential expression of genes is what gives cells their different characteristics.
Item III: False. Determination is what destines a cell to differentiate into whatever specific type it is
going to be.

2.

D
Item I: True. This is stated in the passage.
Item II: True. The dorsal lip tissue eventually develops into the neural plate. (If you did not know
this already [you definitely wouldn’t have to for the MCAT] you should have chosen D because
there’s no way to choose I and III only.)
Item III: True. From Experiment 2, you can see that the dorsal lip causes gastrulation to occur.

3.

B
A: No. By definition, a totipotent cell is one that still retains the ability to develop into any part of
the developing zygote.
B: Yes. This is false; all genes are never expressed at one time in a cell.
C: No; this is true. If cells are ectodermal, then they have already narrowed down their developmental options and are unlikely to form endodermal or mesodermal tissues.
D: No. This is true. By late gastrulation, cells have lost their totipotency and are fated to develop
into certain cells.

4.

D
A: No. Cephalization, the possession of a well-developed head region, is shared by all chordates,
and is obvious during gestation.
B: No. All chordates possess pharyngeal gill slits early in gestation.
C: No. A dorsal hollow nerve cord is a chordate feature.
D: Yes. Chordates have lungs but do not use them for respiration until after birth (during embryonic development they are collapsed and contain fluid).

© The Princeton Review, Inc.

|

773

MCAT Science Workbook

5.

B
A: No. The animal tissue is induced to become mesoderm.
B: Yes. The vegetal pole cells induce the animal pole cells to become mesoderm. From Exp. 3, one
can infer that animal tissue becomes ectoderm except in the presence of vegetal pole tissue, in
which case it becomes mesoderm.
C: No. It is apparent from Experiment 3 that the vegetal pole cells are essential for the transformation to mesoderm. The animal pole cells are not intrinsically determined to become mesoderm,
but rather are “instructed” by the environment (i.e., the vegetal pole cells nearby).
D: No. Cell differentiation refers to the process of cells developing. In this case, the animal pole
cells differentiate into mesodermal cells. Differentiation is the process itself, not the cause of the
process.

Passage 87
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1.

A
A: Yes. The passage states (third paragraph, second sentence) that Sertoli cells are the cells which
support and nourish developing spermatozoa. Since sperm develop in the seminiferous tubules,
Sertoli cells must be located here. In fact, their cell bodies extend from the base of the tubule
into the lumen. In addition to producing Müllerian inhibiting factor, they provide nutrients to
the developing sperm.
B: No; see A. The epididymus is where sperm mature.
C: No. This is the duct through which sperm pass en route to the ejaculatory duct.
D: No. This is the remnant of the ovarian follicle that is left behind after ovulation has occurred.

2.

B
A: No. Anyone with a Y chromosome is genetically male (unless multiple copies of the X chromosome are present, in which case the individual is not simply “male” or “female”).
B: Yes. Males are more likely to suffer from an X-linked recessive disease, because if they have an
abnormal X chromosome, it is their only copy. Females have two X chromosomes, one donated
by each parent, and are thus very unlikely to have two copies of a defective X chromosome. Defects on the Y chromosome would not change this.
C: No. The passage explains that female development is the default, and that male development
only occurs when the Y chromosome is present. A large deletion on the short arm of the Y chromosome would likely disrupt the gene for H-Y antigen, which determines male development.
D: No, Again, since female anatomy is the default, absence of H-Y antigen would result in female
structures.

3.

B
Item I: False. The corpus luteum makes estrogen and progesterone.
Item II: True. The interstitial cells of Leydig are the testosterone-producing cells, located in the testes,
outside of the seminiferous tubules. (Refer to the third paragraph of the passage.)
Item III: False. The Sertoli cells do not make testosterone (and nothing in the passage suggests they
do), although they modify it by converting it to dihydrotestosterone.

© The Princeton Review, Inc.

Biology Solutions

4.

A
A: Yes. According to the passage, testicular differentiation occurs after 43–50 days of gestation and
MIF has already taken effect. Therefore, the fetus will develop a Wolffian duct system and male
external genitalia, as determined by testosterone secreted by the Leydig cells.
B, C, & D: No; see A. The baby will be born male.

5.

C
Items I & II: False. Note that I and II are equivalent—the “follicle-like” structures represent undifferentiated seminiferous tubules. Since there is no way to choose both I and II, neither can be
correct.
Item III: True. According to Experiment 1, treatment of neonatal XY testes with anti-H-Y antigen
results in the failure of seminiferous tubules to develop. But, the passage states that testicular
differentiation occurs during the seventh week of gestation. Anti-H-Y antigen should not have
an effect at this late stage of development.
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Freestanding Questions 1 through 138 are NOT based
on a descriptive passage.
1.

6.

Identify the hybridizations of the two indicated carbon
atoms in the following molecule.

H

1

a

H

A.
B.
C.
D.

2
A.
B.
C.
D.

The structure below is shown without complete
geometrical detail. What is the correct assignment of the
two indicated bond angles?

C-1 = sp3 and C-2 = sp3
C-1 = sp and C-2 = sp
C-1 = sp and C-2 = sp2
C-1 = sp2 and C-2 = sp

7.

H

O

N

C

C

H

H

H
O

C

b

H

H

a = 120°, b = 120°
a = 109.5°, b = 120°
a = 90°, b = 120°
a = 120°, b = 109.5°

Which one of the following is the best resonance form for
the molecule HONO?
A.
H

O

N

O

H

O

N

O

H

O

N

O

B.
2.

Which two atomic orbitals interact to form the D−D bond
in D2?
A.
B.
C.
D.

C.

s and s
p and p
sp and sp
sp3 and sp3

D.

H
N
O

3.

O

How many σ bonds and π bonds are there in ethene?
A.
B.
C.
D.

1 σ and 1 π
1 σ and 4 π
4 σ and 1 π
5 σ and 1 π

8.

Rank the indicated bonds in the given molecule from
shortest to longest.
H
b

4.

What is the degree of unsaturation for a molecule with the
molecular formula C14H12?
A.
B.
C.
D.

5.

Rank the average C−O bond length from shortest to
longest for CO, CO2, and CO32–.
A.
B.
C.
D.
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6
9
12
18

CO < CO2 < CO32–
CO32– < CO2 < CO
CO < CO32– < CO2
CO32– < CO < CO2
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O
C
H
A.
B.
C.
D.

a
a<b<c
a<c<b
b<a<c
b<c<a

c

H

Organic Chemistry

9.

Optically-active compounds that rotate plane-polarized
light in the clockwise direction are designated:
A.
B.
C.
D.

12.

Which one of the following molecules is achiral?
A.

D

(R).
(S).
dextrorotatory.
levorotatory.
D

10.

(R)-Glyceraldehyde has an optical rotation of +13.5°. The
optical rotation of a 50:50 mixture of (R)-glyceraldehyde
and (S)-glyceraldehyde is
A.
B.
C.
D.

11.

+13.5°.
+27.0°.
–13.5°.
0°.

B.

D

D
C.

CH3
H

H

Which one of the following molecules is achiral?
A.

CH2CH3

H

Cl

Br
Br
B.

D

H

D.

CHO
HO

F

H
Cl

C.

HO
H

H

OH HO

H
OH
H
OH

H
OH

D.
HO

CH3
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13.

Which of the following molecules contains an (R)
stereocenter?

15.

A.

Which of the following molecules does NOT contain an
internal plane of symmetry?
A.

H3C

H

Br
H3C

B.

B.

Br

D

H

Br
C.

N
H3C

D

H
C.

CH2CH3
D.

OH
Cl
D.

H
CH3

14.

H

CH3

16.

CH3

H

O

Which of the following molecules contains an (S)
stereocenter?
A.

CH3

The relationship between the two molecules
H

H
H2N

CH3

B.
		
D
C.

CHO
CH2OH
OH

D.

O

CH3
O

|
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is best described as:
A.
B.
C.
D.

D

H

780

CO2H

enantiomers.
diastereomers.
structural isomers.
meso.

H3C

CO2H
NH2

Organic Chemistry

17.

Which of the following molecules is the enantiomer of
this molecule?

19.

Which of the following is a meso compound?
A.

H

CH3

O

Cl
H

CH3
O

Br
A.

B.

F

O

O

Cl

Br
B.

O

F
C.

Cl

Br
F
C.

Br

H

H3C

D.

Br

CH3

H
Br

F

Br
D.

Br

Br

Cl
20.

The tosylate group,

Br

O
O

Cl

S
O

F
		
18.

Each of the following statements about diastereomers is
true EXCEPT:
A.
B.

they may have different melting points.
they may have different retention times on a gas
chromatogram.
C. they may have different molecular formulas.
D. they may have different optical rotations.

is a better leaving group than the hydroxyl group because
of:
A.
B.
C.
D.

resonance stabilization.
its propensity to form carbocations.
aromatic stabilization.
its higher nucleophilicity.

© The Princeton Review, Inc.

|

781

MCAT Science Workbook

21.

23.

Which of the following represent possible resonance
contributors to the structure of the conjugate base of
trifluoromethanesulfonic acid?

2,2-difluoropropoxide,
F

F
O–

O
HO

S

CF3

		

is more basic than 1,1-difluoropropoxide,

O

O–
–

O

S

O–

O
CF3

O

S

O
CF3

O

I

II

A.
B.
C.
D.

+

S
O

O

F

I only
II only
I and II only
I, II, and III

O

CF3

		

because of:
A.
B.
C.
D.

III

24.

Of the following, which is the strongest acid?
A.

resonance effects.
its higher solubility in water.
inductive effects.
its higher polarity.

Of the following, which is the strongest base?
A.

22.

B.

O

HO
NH3

C.
H3C
B.

OH

NH2

D.

CH3

O
F3C

C.

OH

25.

Cl3C
D.

Of the following, which is the strongest acid?
A.
B.
C.
D.

O
OH

F

HF
HBr
HI
H2O

O
26.
FCl2C

Which is the most acidic type of hydrogen in this
molecule?

OH
O

O

1

4
2

3
Cl

A.
B.
C.
D.
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Organic Chemistry

27.

Which of the following is a valid resonance form of the
molecule below?

29.

Which of the following molecules has a dipole moment?
A.

H
C

CH3

CH3

C.

H
C

C
H

HN
B.
N
H
A.

30.

HN
N
B.

31.

HN
N
C.

32.

CH3

H

D. CHCl3

0
1
2
3

2-methylpropane.
cyclopropane.
butane.
butyne.

When a racemic mixture is separated by chemical means,
it leads to:
A.
B.
C.
D.

HN

CH4

H3C

A compound with the molecular formula C3H6 could be:
A.
B.
C.
D.

CH3

C
CH3

How many chiral centers exist in 2-methylcyclohexanone?
A.
B.
C.
D.

CH3

CH3

loss of optical activity.
isolation of enantiomers.
racemization.
isolation of diastereomers.

N
H
D.

CH3
HN

33.

Which of the following cyclic hydrocarbons is the most
stable?
A.
B.

N

C.

H

28.

Which of the following orbitals is NOT found in the
carbon–carbon bonds of propene?
A.
B.
C.
D.

D.

sp2 hybrid orbitals
sp3 hybrid orbitals
Pure s orbitals
Pure p orbitals
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37.

CH3

34.

1) BH3

Which one of the following molecules would correctly be
called a cis-disubstituted cycloheptane?
A.

2) H2O2/KOH
OH

Compound Y
		

B.

OH

If optically active Compound Y were hydroborated, the
optical rotation of the product would be:

OH

A.
B.
C.

less than that of Compound Y.
greater than that of Compound Y.
equal to, but opposite in sign from that of Compound
Y.
D. unrelated to that of Compound Y.

C.

OH

OH
35.

The most stable conformational isomer of
1,2-dibromoethane is:
A.
B.
C.
D.

36.

D.

staggered, eclipsed.
staggered, anti.
staggered, gauche.
eclipsed, anti.

NH2

The most stable conformational isomer of methylcyclohexane is a chair form with the methyl group:
A.
B.
C.
D.

gauche.
equatorial.
axial.
planar.

38.

For which of the following compounds will hydrogen
bonding among its molecules be important?
I. CHCl3
II. CH3CH2OH
III. H3C−O−CH3
A.
B.
C.
D.
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Organic Chemistry

39.

Which of the following intermediates is most likely
involved in this reaction?

43.

A.

(CH3)3C−Br + H2O → (CH3)3C−OH
A.

Which one of the following molecules will most easily
undergo an SN2 reaction?
CH3
Cl

CH3
H2O

C

Br

H3C
B.

B.

CH3
CH3

HO

C

H3C
C.

Br

Br

C. CH3I
D. CH3F

CH3
CH3
44.

C
H3C
D.

CH3

Which of the following best represents the highest energy
species on an SN2 reaction coordinate diagram?
A.

CH2
CH
H3C

H

Which of the following best describes the product of an
SN1 reaction in which the leaving group is on a chiral
carbon atom?
A.
B.
C.
D.

41.

Which of the following molecules will most likely
undergo an SN1 reaction?
A.
B.
C.
D.

42.

Racemic mixture
Retention of stereochemistry
Inversion of stereochemistry
Double-inversion of stereochemistry

CH3CH2Br
(CH3)2CHCl
(CH3CH2)3CF
(CH3CH2)3CBr

δ+
I

C

CH3
B.

40.

‡

H

δ+
HO

H
‡

H

δ
HO

δ
I

–

–

C
H

C.

H

H
C
H

D.

H
H

H

‡
δ+
C

δ–
I

H

Which of the following is NOT a feature of SN2 reactions?
A.
B.
C.
D.

Bimolecular kinetics
A single-step mechanism
A carbocation intermediate
A pentacoordinated transition state
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45.

Of the following, which is the best leaving group?
A.

49.

OH

B.

A.
B.

departure of the leaving group.
rehybridization of the two reacting carbon centers
from sp3 to sp2.
C. formation of a C=C double bond.
D. formation of a carbocation

F

C.

CF3

D.

50.

O
O

S

51.

NO2

B.

N

C.

N

N

O
52.

E1 reactions are characterized by all of the following
EXCEPT:
A.
B.
C.
D.

2-Chloro-2-methylbutane more readily undergoes SN1
type reactions than SN2 reactions when in the presence of
sodium alkoxide. If the concentration of the nucleophile
is increased, then the:
A.
B.
C.
D.

NH2

D.

48.

first-order kinetics.
π bond formation.
a two-step mechanism.
nucleophilic attack on a carbocation intermediate.

CH2

A.

B.

CH3
C.

I
A.
B.
C.
D.

|

I < II < III
I < III < II
II < I < III
III < I < II
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II

rate of reaction increases.
rate of reaction decreases.
rate of reaction does not change.
SN2 reaction predominates.

Which of the following radicals is the most stable?

Rank these three carbocations in order of increasing
stability:
CH3

786

Free-radical halogenation
SN1
SN2
E1

Of the following, which is the best leaving group?
A.

47.

Alkane halogenation reactions proceed by which of the
following mechanisms?
A.
B.
C.
D.

O

46.

In an E2 reaction, all of the following occur in the ratedetermining step EXCEPT:

III
D.

Organic Chemistry

53.

Which of the following radical reactions is an example of
a free-radical chain propagation step?
A.
B.

Br
Br

hν

Br

55.

Which of the following radicals is the most stable?
A.

2 Br

+ CH3CH2CH3

C.

Br + CH3CHCH3

D.

Br + Br

CH3CHCH3 + HBr

B.

CH3CHBrCH3
Br2
C.

54.

Which of the following radical reactions is an example of
a free-radical chain termination step?
A.

Cl

Cl

hν

D.

2 Cl

B.

Cl +

+ HCl
56.

Which of the following intermediates is most likely
involved in this reaction?

C.

Cl +

+ HCl
hν Cl2

D.
Cl
Cl +
Cl

A.

B.

C.

Cl

Cl

D.
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57.

What is the major product of this reaction?

58.

What is the major product of this reaction?
Et

Me

H

D

KOC(CH3)3

Br2
H

hν
A.
A.

Et

Br

B.

Et

Me

Br
H

D

H

OC(CH3)3

Me

OC(CH3)3

H

D

H

B.
C.

D

D.

D

Br
C.

Br

59.

D.

What is the major product of this reaction?
CH3SCH2CH2OH

Br
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B.
C.
D.

CH3SCH2CH2Cl
CH3SCH2CH2SH
CH3SCH2CCl3
CH3SCH=CH2

SOCl2
CHCl3

Organic Chemistry

60.

What is the major product of this reaction?

63.

KCN
O

Cl

When the elimination reaction of 2-bromopentane is
carried out using potassium tert-butoxide in tert-butyl
alcohol, which of the molecules below is the predominant
product?

CH3CH2

A.

CH3CH2

CH3

H

H

H

Molecule 1

CN

H

CN

CH3

Molecule 2

CH3CH2CH2

B.

H

H
H

Molecule 3
C.
A.
B.
C.
D.

racemic
CN
D.
64.

Molecule 1
Molecule 2
Molecule 3
Molecules 1 and 2 are formed equally.

Free-radical chlorination reactions are:
A.

61.

The SN2 reaction that occurs when hydroxide ion is
added to an alkyl halide is considerably slowed when the
reaction mixture is placed in a solvent. The solvent most
probably:
A.
B.
C.
D.

62.

stereoselective, producing one enantiomer in
preference to another when a new stereocenter is
created.
B. regioselective, producing the most substituted, most
stable chlorination product.
C. nonstereoselective, producing meso compounds
when a new stereocenter is created.
D. nonregioselective, producing mixtures of structural
isomers due to the combined impact of the inductive
effect and statistical factors.

destabilizes the nucleophile.
solvates the hydroxide ion.
increases the reaction rate.
decreases the activation energy.

Increasing the size of substituents on alkyl halides
decreases the rate of SN2 substitution. This effect occurs
because increased size of substituents leads to:
A.
B.
C.
D.

decreased chirality.
decreased rate of the SN1 reaction.
increased energy of the transition state.
increased stabilization of the product.

65.

Which of the following is the IUPAC name for this
compound?
H
OH
A.
B.
C.
D.

(Z)-Pent-2-en-4-yn-1-ol
(E)-Pent-2-en-4-yn-1-ol
(Z)-Pent-3-en-1-yn-5-ol
(E)-Pent-3-en-1-yn-5-ol
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66.

The acid-catalyzed addition of water across the C=C
double bond of propene is characterized by all of the
following EXCEPT:

71.

Rank the following three molecules in increasing order
according to the rate at which they will react with
Br2 / FeBr3.

A.
B.

carbocation formation.
the first step in the mechanism involves protonation
of the C=C double bond.
C. alcohol product formation.
D. anti-Markovnikov regiochemistry.
I

67.

The mechanism for addition of HCl across a C=C double
bond involves:
A.
B.
C.
D.

68.

a tetrahedral intermediate.
anti-Markovnikov regiochemistry.
two steps.
radical initiation.

A.
B.
C.
D.
72.

proceeds by a concerted pathway.
requires no initiation step.
has a planar sp2-hybridized intermediate.
proceeds with Markovnikov regiochemistry.

Br2
FeBr3

Br

electrophile.
nucleophile.
dienophile.
leaving group.

B.
Br

In electrophilic aromatic substitution reactions, typically
an extremely reactive electrophile is used because the
aromatic ring is:
A.
B.
C.
D.

very reactive.
a very poor nucleophile.
a very poor electrophile.
very nonpolar.

C.

Br
D.

Br

|

III

What is the most likely regiochemistry of this
electrophilic aromatic substitution reaction?

In electrophilic aromatic substitution, the aromatic ring
acts as a(n):
A.
B.
C.
D.

790

II

I < III < II
I < II < III
II < I < III
II < III < I

A.

70.

Br

The mechanism for addition of HBr to an alkene in the
presence of peroxides:
A.
B.
C.
D.

69.

NO2

© The Princeton Review, Inc.
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73.

What is the major product of this reaction?

74.

What is the major product of this reaction?
HBr
peroxides

HBr
A.
Br
A.

Br
Br
B.
Br

B.

C.

Br

Br
C.
Br

D.

D.

Br

75.

Br

What is the major product of this reaction?
CH3CH2CH2
C
H

H

Br2

C
CH2CH2CH3

A.

B.

Br
2
Br

C. meso-CH3CH2CH2CHBrCHBrCH2CH2CH3
D. racemic CH3CH2CH2CHBrCHBrCH2CH2CH3
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76.

What is the major product of this reaction?
H3C

77.

What is the major product of this reaction?

H

CH3

mCPBA

KMnO4
H3C

CH3

A.

A.
OH
OH

B.

O

HO

OH

B.
C.

OH

HO
C.

D.

OH

HO
D.
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78.

What is the major product of this reaction?
Ph

80.

What is the major product of this reaction?

1) B2H6
D2

2) H2O2, OH–
A.

Ph

Pt

BH2
A.

B.

Ph

C.

Ph

OH

B.

D
D

OH
D. Ph

O
C.

D
D

79.

What is the major product of this reaction?
D.

1) O3

D

2) Zn, H2O

A.

O

B.

OH
OH

C.

O

O
+
OH

D.

OH

O

O
+
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81.

What is the major product of this reaction?
Ph

CH3

83.

What is the major product of this reaction?

H2, CaCO3

SO3

Pd

H2SO4

A.

A.
B.

SO3H

C.
B.

SO3H

D.

C.
82.

What is the major product of this reaction?
H3C
A.

B.

C

C

H

H3C

H

H

H

CH3

C.
D.
NH2

|

CH3
CH3

H3C
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Na(s), NH3(l)

D.

SO2

Organic Chemistry

84.

85.

What is the major product of this reaction?

O

CH3
+

H3CH2C

H3C

C

What is the major product of this reaction?

Br

Br2

FeBr3

FeBr3

CH3
A.

A.
H3CH2C

O

Br

B.
Br

H3CH2C
B.

O

C.

Br
C.

Br
O

D.
Br
D.

Br
O
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86.

Which one of the following is NOT aromatic?
A.

H
N

88.

What is the major product of the following hydroboration
reaction?

1) BH3

B.

N

2) H2O2/KOH

O
NH2

C.

H3C

CH3
Si

A.

HO

D.

O
NH2

B.

87.

Which of the following substituents increases the acidity
of a substituted phenol as compared to the unsubstituted
form?
I. –CH3
II. –NO2
III. –CN
A.
B.
C.
D.

OH

NH2

C.

I only
II only
I and III only
II and III only

OH
NH2

D.

OH

O
NH2
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89.

Which of the following is the IUPAC name for this
compound?

93.

O

Benzoyl chloride, PhC(O)Cl, reacts with water to form
benzoic acid, PhCO2H. In this addition–elimination
reaction:
A.

A.
B.
C.
D.

water acts as a nucleophile, benzoyl chloride acts as
an electrophile, and chloride acts as a leaving group.
B. water acts as an electrophile, benzoyl chloride acts
as a nucleophile, and chloride acts as a leaving
group.
C. both water and benzoyl chloride act as electrophiles.
D. there are no nucleophiles or electrophiles in this type
of reaction.

3-Propylpentan-2-one
3-Propylpentan-4-one
3-Ethylhexan-2-one
4-Ethylhexan-5-one
94.

90.

Which one of the following compounds contains a
hemiacetal?
A.

HO

OH

A.
B.
C.
D.

H
B.

CH3S

OCH3

H
C.

HO

95.
OCH3

H
D. CH O
3

OCH3

H

91.

their higher polarity.
their less sterically-congested environment.
their higher electrophilicity.
the good leaving-group ability of the halide ion.

In the nucleophilic addition reaction between an aldehyde
and an alcohol, a hemiacetal is formed. This reaction is
characterized by:
A.
B.
C.
D.

second-order kinetics.
carbocation formation.
a pentacoordinate transition state.
stereospecific product formation.

An acetal can be prepared from the reaction of:
A.
B.
C.
D.

92.

Unlike aldehydes and ketones, which undergo simple
nucleophilic addition reactions, acid halides tend to
undergo addition–elimination reactions. This is best
explained by:

a ketone and an alcohol.
an alkane and an aldehyde.
a carboxylic acid and alcohol.
an aldehyde and a ketone.

In an α, β-unsaturated aldehyde, a nucleophile readily
adds to the β-carbon because the π electrons are
delocalized to which atom?
A.
B.
C.
D.

The gamma carbon
The beta carbon
The carbonyl carbon
The carbonyl oxygen
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96.

98.

What is the major product of this reaction?
O

O

NaOH

2

+

H2O
∆

H
A.

What is the major product of this reaction?

NH2

H
A.

OH

OH

2
OH
B.

HN

O

OH
B.

+
OH

OH

OH

C.

O
H3CHC

CH

D.

HN
C.

H

N

O
H3CHC

CH

H

OH
D.

97.

N

What is the major product of this reaction?
NaOEt
(1 equiv.)

O
2

EtOH

OCH2CH3
A.

O

H3O+

O
OEt

B.

O

O
O

C.

O

O
O

D.

O
CH3CH2O
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OCH2CH3

H

∆

Organic Chemistry

99.

100. What is the major product of this reaction?

What is the major product of this reaction?
O

O

MgBr

H3O+

+
OH

+

A.

HO

H

TsOH
A.

H

OH

O
O

O

B.

O
H

C.

B.
O

O

CH3
O

H

D. H C
3
C.

HO

O

O

CH3

H3C

OH

101. What is the major product of this reaction?
D. TsO

+

O
OH

CH3CH2MgBr

H
A.
MgBr
B.

C.
D.
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102. What is the major product of this reaction?

103. What is the major product of this reaction?
O

Br
2 Li

OEt
A.

H2O, EtOH
∆

Li
A.

B.

Li
B.

C.

O
O–

Br

Li
D.

C.

OH

Br
OH
Li
D.

OEt
OEt
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104. What is the major product of this reaction?

105. What is the structure of the product resulting from a
Diels–Alder reaction between the following substrates?

O
+
Cl

Et

HO

+
Et

A.

Cl

O
A.

Et

Ph

Et

Ph

Et

Ph

Et

Ph

Et

Ph

Et

Ph

D. Et

Ph

Et

Ph

HO
B.

O
B.

Cl
HO
C.

O
C.

O
D.

O
O

Cl

106. What is the major product of this reaction?
H
N+

CrO3Cl–
OH
A.

O
H

B.

O
OH

C.
D.

Cl
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107. What is the major product of this reaction?
OH
Ph

A.

109. What is the product of the following reaction?

Na2Cr2O7
Li N

H2SO4

O

H
Ph

CH2

B.

–78°C
THF

A.
OSO3H

Ph

O

C.

O
Ph
B.

H
D.

OH

O

Ph
O
C.

N

108. Ketones and aldehydes are in structural equilibrium with
their enol forms. Such a keto–enol equilibrium is known
as a:
A.
B.
C.
D.

sigmatropic rearrangement.
hydride shift.
conformational inversion.
tautomerism.

OH
D.

N
N
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110. The mechanism of deprotection for an amino acid is
shown below:

H
N

O
O
CF3CO

O

H

R2

H

CH3
+

H3C
H
O

C

H
N

O

O

H

R2

H

CF3CO

R2
H

		

CH3CH2CH2CHO

Which of the following observations about the infrared
spectrum of the reaction mixture would indicate that the
reaction shown above occurred?
A.
B.

O

CF3CO

pyridinium
chlorochromate

CH3CH2CH2CH2OH

H
N

O

H

O

113. Consider the reaction below:

The disappearance of an N–H stretch
The appearance of bands associated with the mixing
of the C–OH and C–O vibrations
C. The appearance of aliphatic C–H stretching
vibrations
D. The appearance of a C=O stretch

OCCF3
O

114. Which one of the following molecules will have the
largest TLC Rf value when eluted with hexanes?
A.

+

CO2

H2N

+

R2
		

Deprotection involves all of the following except:
A.
B.
C.
D.

carbocation formation.
decarboxylation.
inversion of configuration.
protonation.

111. In which of the following molecules does NMR spin–spin
coupling occur?
A.
B.
C.
D.

BrCH2CH2Br
CH4
CH3CHBr2
(CH3)3CBr

B.

Ph

Br

C.

OCH3
O

D.

O
H

112. When concentrated sulfuric acid is added to ethanol, two
different reactions are possible:
I

CH3CH2OSO3H + H2O

II

H2C=CH2 + H2O

CH3CH2OH + H2SO4

		

Which of the following observations about the infrared
spectrum would indicate that Reaction I had occurred?
A.
B.
C.
D.

The disappearance of an O–H stretch
The lack of a C=C stretch
An increase in the intensity of the C–H stretch
The appearance of a C–O stretch
© The Princeton Review, Inc.
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115. If partitioned between equal volumes of dichloromethane
and 0.1 M HCl, which of the following would show the
greatest preference for the 0.1 M HCl layer?
A.

O

B.

NH2

C.

118. Which of the following molecules will have an infrared
stretch nearest to 1700 cm–1?
A.
B.
C.
D.

119. Which one of the following molecules will exhibit a
triplet and a quartet (among other resonances) in its 1H
NMR spectrum?

Cl

A.
D.

CH3Ph
CH3CH2OH
CH3CH2CHO
CH3CH2CH2OCH3

NH2

O
OH

116. If partitioned between equal volumes of diethyl ether and
0.1 M NaHCO3, which of the following would show the
greatest preference for the aqueous layer?
A.

O

B.

O

C.

OH
B.

O
D.

C.

O

NH2

D.

120. What is the expected 1H NMR splitting pattern from the
methyl group labeled below?
CH3

117. Which of the following molecules will have an infrared
stretch nearest to 2250 cm–1?
A.
B.
C.
D.

804
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CH3OH
(CH3)2CO
H2C=CH2
CH3CN

© The Princeton Review, Inc.

A.
B.
C.
D.

Singlet
Doublet
Triplet
Quartet

Organic Chemistry

121. Which of the following laboratory techniques is used
primarily as a compound identification procedure?
A.
B.
C.
D.

126. Which of the following compounds will have a dipole
moment?

Distillation
Crystallization
NMR spectroscopy
Extraction

CH3CHClCH3

CH3CH2OH

I

II

III

A.
B.
C.
D.

122. Which of the following laboratory techniques would
be most convenient for the separation of acetone from
nonane?
A.
B.
C.
D.

CCl4

II only
III only
I and II only
II and III only

127. Rank these three molecules in order of increasing dipole
moment:

Distillation
Crystallization
Column chromatography
Thin layer chromatography

OH

123. Which of the following compounds would be expected to
be the most soluble in water?
A.

CH4

I

B.

A.
B.
C.
D.

OH

C.

(CH3)2O

(CH3)2CO

II

III

I < II < III
I < III < II
II < I < III
II < III < I

Cl
128. Under basic or acidic conditions, epoxides undergo ringopening reactions with water, such as

D. NaCl

Ph

124. Which of the following molecules would be expected to
be the most soluble in water?
A.
B.
C.
D.

HCO2H
CH3CH2CO2H
CH3(CH2)3CO2H
CH3(CH2)5CO2H

O

		

125. Which of the following molecules will participate in
hydrogen bonding with water?

H2O
NaOH

OH
PhCHCH2OH

Changes in the absorption at which of the following
wavenumbers might be used to monitor this reaction by
IR spectroscopy?
A.
B.
C.
D.

1650 cm–1
1700 cm–1
2200 cm–1
3600 cm–1

O
H3C

N
H

CH3

I
A.
B.
C.
D.

CH3NH2

PhOCHCH2

II

III

I only
II only
I and II only
I, II, and III

© The Princeton Review, Inc.
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129. The nitration of toluene predominantly produces a
mixture of ortho- and para-nitrated products:
CH3

CH3

134. Two representations of α-D-(+)-glucose are shown below:
OH

CH3

HNO3
H2SO4

O

HO
HO

NO2

OH
OH
NO2
o-nitrotoluene

toluene
		

OH

p-nitrotoluene

A.
B.
C.
D.

A.

The side chains are on the exterior of protein
molecules.
B. The R group contains only a hydrocarbon group.
C. They are hydrophobic.
D. They have uncharged R groups.

OH
OH

II
H

		

H

H

I

One 4 H doublet
Two 2 H singlets
Four 1 H singlets
Two 2 H doublets

130. Which of the following is true about polar amino acids?

O

H

Which of the following best describes the aromatic region
of the 1H NMR spectrum of p-nitrotoluene?

IV

H
III

OH

OH

The circled hydroxyl group in the top figure would be
located in which position number in the bottom figure?
A.
B.
C.
D.

I
II
III
IV

135. Which one of the following amino acids is achiral?
131. The sequence of amino acids along a peptide chain
determines its:
A.
B.
C.
D.

primary structure.
secondary structure.
tertiary structure.
quaternary structure.

A.

H2N

CO2H

B.

H2N

CO2H
CH3

C.
132. Which of the following amino acids would most likely be
present in the hydrophobic binding region of a protein?
A.
B.
C.
D.

Valine
Serine
Tyrosine
Glutamine

133. If an amino acid is at its isoelectric point, then a decrease
in pH will most likely cause the amino acid to become:
A.
B.
C.
D.
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deprotonated.
dipolar.
positively charged.
negatively charged.

© The Princeton Review, Inc.

H2N

CO2H

Ph
D.

CO2H
N
H

Organic Chemistry

136. Which one of the following molecules would correctly be
called an L-monosaccharide?
A.

137. What is the zwitterionic form of the amino acid alanine?
O

CHO
H
HO

H

HO

H

H

H3C

OH

OH

NH2
A.

O

OH
B.

O

CHO
H

NH2

OH

HO

H

HO

H

H

B.

O
OH
NH

OH
C.

HO
C.

O

CHO
HO

OH

H

H

OH

H

OH

HO

NH3
D.

O

H

O

OH
D.

OH

NH3

CHO
HO

H

H

OH

H

OH

H

OH

138. Which one of the following molecules would correctly be
called an α-amino acid?
A.

O
OH

OH

NH2
B.

O
NH2

C.

NH2

O
OH

D.

O
H2N

OH
© The Princeton Review, Inc.
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Passage 1 (Questions 1-5)

2.

Recent research has demonstrated that there is a class of
DNA-cleaving molecules that are referred to as enediynes. These
compounds are known as enediynes because they contain a
continuous six-carbon unit in which there is one double bond
and two triple bonds. These DNA-cleaving molecules appear
to be quite potent and, most importantly, selective in regards to
anticancer activity. The following molecule has proven to be one
of the more potent of these enediyne molecules:

C
O

O

O
S

O

H
N

C

How many π bonds does this molecule have?
A.
B.
C.
D.

3.

Which of the following functional groups is NOT present
in this molecule?
A.
B.
C.
D.

C

*

4.

O

Which of the following statements is true about the
absolute configuration of the indicated (*) carbon atom?
A.
B.
C.
D.

OCH2CH2OH
5.
Give the hybridization of the carbon atom and the oxygen
atom indicated by the arrows.
A.
B.
C.
D.

808
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C: sp, O: sp2
C: sp, O: sp3
C: sp2, O: sp3
C: sp3, O: sp3

© The Princeton Review, Inc.

An alcohol
A thiol
An epoxide
An ether

C

H

1.

12
13
14
15

The carbon is not chiral.
The carbon has an R absolute configuration.
The carbon has an S absolute configuration.
The absolute configuration at this carbon cannot be
determined.

How many possible stereoisomers does the molecule
have?
A.
B.
C.
D.

4
8
16
32

Organic Chemistry

Passage 2 (Questions 1-7)

4.

Disparlure, cis-7,8-epoxy-2-methyloctadecane (see Figure 1
below), is a pheromone of the gypsy moth Porthetria dispar.
Synthetic disparlure has proven to be a potent agent for attracting
and trapping this harmful pest. It is important to note that the
presence of the enantiomer in a sample of natural pheromone
dramatically reduces the compound’s activity. For this reason,
the synthetic preparation of enantiomerically pure disparlure is
essential.
H

H
O
H

7

A.
B.
C.
D.

O
8

H

Disparlure and the molecule shown below can best be
described as:

5.

In the molecule below, both side chains of disparlure have
been replaced with hexyl groups. Which of the following
is true about this molecule?

Figure 1 Disparlure
1.

2.

7R, 8R
7R, 8S
7S, 8R
7S, 8S

What is the sign of the optical rotation of disparlure?
A.
B.
C.
D.

3.

H

7

O

In disparlure, what are the absolute configurations of
carbons 7 and 8?
A.
B.
C.
D.

enantiomers.
tautomers.
diastereomers.
identical molecules.

H

A.
B.
C.
D.

8

It is meso.
Its absolute configuration is 7R, 8R.
Its absolute configuration is 7S, 8R.
Its absolute configuration is 7S, 8S.

(+)
(–)
0
Cannot be determined from the information given

The most reactive functional group in this molecule is the:
A.
B.
C.
D.

isopropyl group.
straight C10 alkyl chain.
ketone.
epoxide.

© The Princeton Review, Inc.
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6.

If disparlure is treated with H+ and H2O to open the
epoxide ring, what product(s) will be formed?

Passage 3 (Questions 1-6)

A.

When an organic compound is burned completely in oxygen,
the energy released is known as the heat of combustion. For
simple hydrocarbons, the general formula is given by the
following equation:

B.

C.

D.

7.

HO

7

HO

8

HO

7

HO

8

HO

7

CxHy + zO2 → xCO2 +

HO

7

HO

8

HO

8

HO

7

HO

7

HO

8

HO

8

The heat of combustion of a particular compound
depends on several factors, including molecular weight,
angle strain, and degree of branching. In most cases, the
compound with the higher molecular weight will have
the larger heat of combustion. For simple alkanes and
cycloalkanes, each additional –CH2– adds approximately
–156 kcal/mol to the heat of combustion. For cycloalkanes, this
value increases with increasing angle strain.
More meaningful information can be obtained by comparing
the ∆Hcomb of several isomeric compounds. This allows
chemists to determine which structural features are the most
thermodynamically stable. Research has shown that straightchain hydrocarbons have heats of combustion of greater
magnitude than those of more branched isomers. In addition,
molecules that have little or no angle strain tend to have lower
heats of combustion than compounds with bond angles that
substantially deviate from the normal value for that bond type,
for example approximately 109° for an sp3 hybridized carbon
atom.

In which of the following solvents should disparlure be
most soluble?
1.
A.
B.
C.
D.

Water
Methanol
Ethyl acetate
50:50 Ethanol/water

The heat of combustion of propane is reported to be –530
kcal/mol. A reasonable approximation for the heat of
combustion for n-heptane would be:
A.
B.
C.
D.

2.

|
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–685 kcal/mol.
–840 kcal/mol.
–995 kcal/mol.
–1150 kcal/mol.

The complete combustion of one mole of neopentane
in oxygen would produce how many moles of CO2 and
H2O?
A.
B.
C.
D.

810

y
H O.
2 2

4 moles of CO2, 5 moles of H2O
5 moles of CO2, 5 moles of H2O
5 moles of CO2, 6 moles of H2O
6 moles of CO2, 5 moles of H2O

Organic Chemistry

3.

Which one of the following molecules would have the
heat of combustion of highest magnitude (i.e., most
negative)?

A research chemist synthesized Compound A, which was
shown to be a powerful analgesic upon clinical testing. Further
evidence indicated only one stereoisomer of A was the active
agent. The researcher was instructed to separate Compound A
into its different stereoisomers to help determine which one was
the analgesic.

A.
B.

C.

D.

4.

Passage 4 (Questions 1-6)
***ADVANCED PASSAGE***

The heat of combustion of n-hexane is –995 kcal/mol,
while the heat of combustion of 2-methylpentane is –994
kcal/mol. One can therefore conclude that:

Compound A, which showed an optical rotation of 0°, was
treated with the R stereoisomer of Compound B (melting point
55°C). Two easily separated solids, C and D, whose melting
points were 101°C and 90°C, respectively, were isolated from the
reaction mixture. Compounds C and D were then independently
treated with warm aqueous acid. After workup, Compound C
gave Compounds E and B, while Compound D yielded F and B.
Testing of Compounds E and F determined that E was the active
analgesic, while F was biologically inactive.

A.

n-hexane has greater angle strain than 2-methylpentane.
B. 2-methylpentane is more branched than n-hexane.
C. 2-methylpentane is thermodynamically less stable
than n-hexane.
D. n-hexane has a lower molecular weight.

5.

A planar ten-membered ring would have bond angles of
144°. Cyclodecane has a heat of combustion of
–1574 kcal/mol, suggesting very little angle strain. One
might conclude from this information that:

1.

A.
B.
C.
D.
2.

6.

The difference in the heats of combustion of cyclohexane
and cycloheptane is due mainly to the difference in:
A.
B.
C.
D.

angle strain.
molecular weight.
branching.
ring conformations.

3.

a meso compound.
a racemic mixture.
an equal mixture of two diastereomers.
an optically pure compound.

If the melting point of Compound E is 80°C, what should
be the melting point of Compound F?
A.
B.
C.
D.

A.
B.

cyclodecane is not a planar molecule.
bond angles larger than 109° do not increase angle
strain.
C. the carbon atoms in cyclodecane are sp2 hybridized.
D. 1,3,5,7,9-cyclodecapentaene would have the same
heat of combustion.

Compound A could be described as:

55°C
80°C
90°C
101°C

The process by which enantiomers are separated is known
as:
A.
B.
C.
D.

differentiation.
resolution.
fractionation.
integration.

© The Princeton Review, Inc.
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4.

The absolute configuration of E was determined to be R.
Compound E also showed a positive optical rotation. The
configuration and optical rotation of Compound F should
be:
A.
B.
C.
D.

5.

Table 1 lists many of the substitution reactions that alkyl
halides undergo in the presence of nucleophilic reagents.

R, negative.
R, positive.
S, negative.
S, positive.

Reaction
Type

Reaction of Compound A with Racemic B would give
how many stereoisomers?
A.
B.
C.
D.

6.

Passage 5 (Questions 1-6)

2
4
6
8

Compounds C and D are best described as:
A.
B.
C.
D.

enantiomers.
tautomers.
diastereomers.
rotamers.

2.

RX + I– → RI + X–

III

RX + OH– → ROH + X–

IV

RX + H2O → ROH + HX

V

RX + OR′– → ROR′ + X–

VI

RX + R′COO– → R′COOR + X–

VII

RX + CN– → RCN + X–

VIII

RX + NH3 → RNH2 + HX

IX

RX + NH2R′ → RNHR′ + HX

X

RX + NHR′R″→ RNR′R″ + HX

XI

RX + SH– → RSH + X–

a leaving group.
a nucleophile.
an electrophile.
a solvent.

A certain alkyl halide forms a carbocation that is more
stable than the carbocation formed from isopropyl
bromide. What is the most likely formula name of the
unknown?
A.
B.
C.
D.

© The Princeton Review, Inc.

II

Ethers can be formed from methyl chloride in Reaction
Type V. In this reaction, the incoming OR′– group
represents:
A.
B.
C.
D.

|

RX + R′M → RR′ + XM

Table 1
1.

812

I

Methyl bromide
Ethyl bromide
n-Propyl bromide
tert-Butyl bromide

Organic Chemistry

3.

When ethanol is exposed to SOCl2, the compounds
undergo:
A.

addition, elimination, and then substitution to form
chloroethane.
B. an SN1 reaction to produce a secondary alkyl halide.
C. an oxidation reaction to form a carboxylic acid.
D. an elimination reaction to form an alkene.

4.

A substitution reaction involving methyl iodide would
most likely demonstrate which of the following?
A.
B.
C.
D.

5.

Carbocation formation and optical activity
A unimolecular rate-determining step
Racemization and first-order kinetics
Second-order kinetics

Passage 6 (Questions 1-5)
Free radical bromination of alkanes proceeds by the
following chain reaction mechanism:
hν
Br2 → 2 Br

(1)

Br + R–H → HBr + R

(2)

R + Br2 → R–Br + Br

(3)

Since the order of radical stability is 3° > 2° > 1°, bromination
occurs preferentially at the most substituted position, and other
possible regioisomers are rarely formed. A typical reaction is
shown below:

+

A quaternary ammonium salt does NOT carry out
substitution reactions with alkyl halides because the
nitrogen atom is:
A.
B.
C.
D.

Br2

hν

negatively charged.
saturated.
electrophilic.
nucleophilic.

(4)

Br

Br
6.

An acetate ion can react with a tertiary alkyl halide to
form an ester. The reaction occurs more rapidly in water
than in dimethylsulfoxide because water stabilizes the:
A.
B.
C.
D.

acetate ion.
carbocation intermediate.
configuration inversion.
intermediate racemates.

Br
Br
major product
When reacting with alkenes, bromine radicals tend to add to
the least substituted carbon of the double bond, the reverse of the
case with alkanes.

1.

How many different monobrominated compounds would
be produced by the free radical bromination of n-pentane?
A.
B.
C.
D.

2
3
4
5

© The Princeton Review, Inc.
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2.

Step 1 of the radical chain reaction mechanism for the
bromination of alkanes would be described as:
A.
B.
C.
D.

3.

In Equation (4), the best method to employ in order to
separate each of the products from the reaction mixture
would be:
A.
B.
C.
D.

4.

|

4-bromo-1-butene.
3-bromo-1-butene.
2-bromobutane.
1-bromobutane.

Alkyl halides are of great importance in laboratory synthesis.
They undergo displacement reactions with nucleophilic reagents
to yield products such as ethers, alcohols, and amines. In
reactions, alkyl halides may follow second-order kinetics. The
general reaction involving nucleophilic substitution is shown
below:
R

X

+

substrate

2, 2
2, 3
3, 2
3, 3

© The Princeton Review, Inc.

solvent

Y–

R

Y

+

X–
leaving
group

nucleophile

SN2 reactions are influenced by the structure of the alkyl
substrate, the type of solvent and the nature of the nucleophilic
reagent. The rate of nucleophilic substitution reactions is
dependent upon the concentration of the substrate and of the
nucleophile as expressed below:
Rate = k[R–X][Y]
where k is the reaction rate constant. Thus, both reactants are
involved in the rate-determining step of the reaction.
R in R—X
CH3

Free-radical chlorination of propane gives two isomeric
monochlorides: 1-chloropropane and 2-chloropropane.
How many NMR signals would each of these compounds
display, respectively?
A.
B.
C.
D.

814

fractional distillation.
crystallization.
extraction.
thin-layer chromatography.

The major product from the radical addition of bromine to
1-butene would be:
A.
B.
C.
D.

5.

a propagation step.
an initiation step.
a termination step.
a decoupling step.

Passage 7 (Questions 1-7)

Table 1

Relative Rate
1

CH3CH2

3.3 × 10–2

CH3CH2CH2

1.3 × 10–2

(CH3)2CH

8.3 × 10–4

(CH3)3CCH2

3.3 × 10–7

H2C=CHCH2

1.3

C6H5CH2

4.0

Average Relative SN2 Rates of Alkyl Groups

Organic Chemistry

1.

The information in the passage would be useful for
determining which of the following?
A.
B.
C.
D.

2.

3.

6.

It will have a reaction rate that is closest to which of the
following alkyl groups from Table 1?

first-order rate of reaction.
complete inversion of stereochemistry.
reactivity sequence of 1° > 2° > 3°.
absence of rearrangement.

The fact that CH3CH2CH2 has a slower reaction rate than
CH3 is best explained by the fact that:
A.
B.
C.

solvents play a large role in reaction rates.
the rate decreases with increasing steric hindrance.
bulky groups allow reactions to proceed at a faster
pace.
D. propane has a higher boiling point.

CH3CH2CH2
(CH3)2CH
H2C=CHCH2
C6H5CH2

All of the following are characteristics of SN2 reactions
EXCEPT:
A.
B.
C.
D.

4.

only the SN1 rate depends upon the solvent.
only the SN1 rate depends upon the temperature.
the SN1 rate depends only upon the concentration of
the substrate.
D. the SN1 rate depends only upon the concentration of
the nucleophile.

The n-pentyl group has the structure shown below:

A.
B.
C.
D.

The rate equation of SN2 reactions differs from the rate
equation of SN1 reactions because:
A.
B.
C.

Substrate protonation
Substituent polar effects
Steric effects in SN2 reactions
Electrophilic reactions

CH3CH2CH2CH2CH2
		

5.

7.

If we double the concentration of OH– as it reacts with
bromomethane, then the reaction rate will:
A.
B.
C.
D.

be halved.
remain the same.
double.
quadruple.

If the concentrations of both CH3Br and OH– are doubled
in a SN2 reaction resulting in the formation of CH3OH and
Br –, then the rate of the reaction will:
A.
B.
C.
D.

be halved.
remain the same.
double.
quadruple.

© The Princeton Review, Inc.
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Passage 8 (Questions 1-5)

3.

Camphor is a naturally-occurring, chiral, bicyclic ketone. It
has a distinctive pine odor and is used in many medicines and
health aids.

What are the absolute configurations of carbons 1 and 2
(see figure), respectively, in the camphor molecule?
A.
B.
C.
D.

2

R, R
R, S
S, R
S, S

Camphor
4.

H
O

A.
B.
C.
D.

H3C
1
When camphor is treated with MeMgBr, two isomeric
compounds are formed: E and F. Compounds E and F were
individually reacted with concentrated HBr and both produced
isomeric bromides S and T.

1.

What is the maximum possible number of stereoisomers
of camphor?
A.
B.
C.
D.

2.

What is the stereochemical relationship between
Compounds E and F?
A.
B.
C.
D.

816
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2
4
8
16

They are diastereomers.
They are enantiomers.
They are identical stereoisomers.
They are meso isomers.

© The Princeton Review, Inc.

The specific optical rotation of Bromide S was measured
to be +52°. What would be the specific optical rotation of
Bromide T?

5.

–52°
0°
+52°
Cannot be determined from the information given

Treatment of Compound T with NaI in ethanol would
proceed by:
A.
B.
C.
D.

SN1 and give one product.
SN1 and give two products.
SN2 and give one product.
SN2 and give two products.

Organic Chemistry

Passage 9 (Questions 1-6)

2.

A student ran a series of experiments to study the SN1 and SN2
reaction mechanisms. The results are shown below:

A.
B.
C.
D.

NaI

1.

Br

I

acetone

Br

3.

OEt
NaOEt
HOEt

2.

+
25%

Br
3.

NaI

I

Reactions 1 and 5
Reactions 2 and 4
Reactions 3 and 4
Reactions 3 and 5

+
4.

81%

decrease to one-fourth the original rate.
decrease to one-half the original rate.
remain the same.
increase to twice the original rate.

Which of the reactions proceeded predominantly by the
SN1 substitution mechanism?
A.
B.
C.
D.

75%

EtOH

If the volume of acetone in Reaction 1 were doubled, then
the reaction rate would:

19%

Which one of the following statements concerning the
SN2 reaction mechanism is true?
A.

4. (R)-2-bromopentane

5.

KF

(S)-2-fluoropentane

(S)-3-bromo-3-methylhexane
NaBr

It proceeds best with tertiary alkyl halides and is a
two-step mechanism.
B. It proceeds with retention of stereochemistry.
C. It proceeds best with primary alkyl halides and is a
one-step reaction.
D. It proceeds through a carbocation intermediate.

5.

CH3OH

A.
B.
C.
D.

racemic 3-bromo-3-methylhexane

1.

In Reaction 4, the (R)-2-bromopentane had an optical
rotation of –82.6°. The rotation of the product would be
which of the following?
A.
B.
C.
D.

–82.6°
0°
+82.6°
Cannot be determined

In Reaction 2, ethoxide ion predominantly acts as:

6.

a nucleophile in an SN1 reaction.
a nucleophile in an SN2 reaction.
a base in an E1 reaction.
a base in an E2 reaction.

In Reaction 5, treatment of the starting material with
methanol only would give which of the following as the
major product?
A.
B.
C.
D.

2-Methyl-2-hexene
3-Methyl-2-hexene
(R)-3-Methoxy-3-methylhexane
Racemic 3-methoxy-3-methylhexane
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Passage 10 (Questions 1-6)
***ADVANCED PASSAGE***

3.

When most alcohols are heated with H2SO4, they dehydrate
and form an alkene; the more substituted the alcohol, the faster
the elimination. This dehydration usually proceeds through a
carbocation which may rearrange before losing a proton to form
the alkene. Typically, the more substituted alkene is formed due
to its greater stability. In most cases, mixtures of alkenes will
result if more than one product is possible. An energy diagram
for the dehydration of tertiary Alcohol A is shown below.

A.
B.
C.
D.
4.

Which of the following statements about the energy
diagram is true?
Conversion of B to C would have a higher rate
constant than C to D.
B. Conversion of E to C would have a higher rate
constant than D to C.
C. Conversion of A to B would have a higher rate
constant than D to E.
D. Position C is more thermodynamically stable than
position B.

C
Energy

A

position of A to 2.
position of A to C.
position of B to C.
position of A to 1.

A.

2

1

For the conversion of A to C, the energy of activation
would be represented by:

B
D

5.

Consider Alcohol X:
OH

E
Reaction coordinate

1.

Alcohol Y was dehydrated and gave three isomeric
products. Which of the following methods would be
the best to use in determining the structures of the three
alkenes?
A.
B.
C.
D.

2.

UV / Vis spectroscopy
NMR spectroscopy
Mass spectrometry
IR spectroscopy

		

The major product resulting from the dehydration of X
would be:
A.

B.

On the energy diagram shown, Position B represents what
structure?
A.
B.
C.
D.

The starting alcohol.
A carbocation intermediate.
The less stable alkene product.
The protonated starting alcohol.

C.

D.
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Organic Chemistry

6.

Which one of the following alkenes will dehydrate most
rapidly?

Passage 11 (Questions 1-7)

A.

The hydrogenation of alkenes in the presence of a suitable
catalyst produces alkanes. The heat of hydrogenation is the
amount of heat released when molecular hydrogen is added to
the double bond. These exothermic processes are represented by
the reaction of ethylene with hydrogen in Reaction 1:

OH

B.

H2C

OH

H2

CH2

H3C

Pd / C

CH3

Reaction 1
C.

OH

The table below lists the heats of hydrogenation for a number
of unsaturated hydrocarbons.
∆Hhydrog (kcal/mol)

Alkene

D.
OH

Ethylene

32.8

Propylene

30.1

1-Butene

30.3

1-Pentene

30.1

cis-2-Butene

28.6

trans-2-Butene

27.6

2-Methyl-2-butene

26.9

2,3-Dimethyl-2-butene

26.6

Table 1
Alkenes can also undergo oxidation. Ozone, a powerful
oxidizing agent, reacts quickly with alkenes by cleaving the
double bond to produce two molecules (Figure 1). The oxidation
reaction occurs via Intermediates 1 and 2.
O
C1

O

O3

C2

CH2Cl2, –78°C

O

C1

C2

A molozonide
Intermediate 1

O

O

C1

C2
O

C1
Zn
CH3COOH / H2O

O

+
O

C2

An ozonide
Intermediate 2
Figure 1
© The Princeton Review, Inc.
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1.

When 1-butanol is dehydrated, the new compound’s heat
of hydrogenation is most likely:
A.
B.
C.
D.

2.

less than 27 kcal/mol.
between 27 and 30 kcal/mol.
between 30 and 33 kcal/mol.
greater than 33 kcal/mol.

5.

Which of the following is most likely the structure of
Compound X?
O

+

O

2) Zn, H3O+

A.
O

Heptylamine is deaminated via the diazonium salt, and
the product is dehydrogenated to yield 1-heptene:
CH3CH2CH2CH2CH2CH=CH2

B.
O

The heat of hydrogenation of 1-heptene should be
closest to the heat of hydrogenation of which one of the
following compounds?
A.
B.
C.
D.

1) O3

Compound X

Ethylene
Propylene
1-Butene
1-Pentene

C.

D.
3.

cis-2-Butene is less stable than trans-2-butene because
cis-2-butene:
A.
B.
C.
D.

4.

is highly exothermic.
is more highly unsaturated.
has steric strain between the 2 bulky substituents.
shows no stereospecificity.

6.

A.
B.
C.
D.

Can cis-2-butene be converted easily to trans-2-butene?
A.

No, because bond rotations cannot occur under mild
conditions.
B. Yes, because of the hybridized orbitals.
C. No, because the double bonds differ in spatial
arrangement.
D. Yes, because the two alkenes differ in heats of
hydrogenation.

To show that ethylene has a higher heat of hydrogenation
than cis-2-butene, a scientist notes that the catalytic
hydrogenation of ethylene:

7.

According to the mechanism shown in Figure 1, what
is the hybridization of C–1 in the alkene, molozonide,
ozonide, and carbonyl product, respectively?
A.
B.
C.
D.
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is stereospecific.
has a positive heat of formation.
requires a much greater energy of activation.
releases more energy than does hydrogenation of
cis-2-butene.

sp3; sp2; sp; sp2
sp2; sp3; sp3; sp2
sp2; sp3; sp3; sp3
sp3; sp3; sp2; sp3

Organic Chemistry

Passage 12 (Questions 1-5)

3.

The addition of hydrogen iodide to 1-pentene produces
2‑iodopentane:

What should be the net specific optical rotation for the
reaction products?
A.
B.
C.
D.

–30°
0°
+30°
Cannot be determined from the information given

1-Pentene
4.
HI

C
CH3CH2CH2

A.
B.
C.
D.

CH3

CH3
H
I

(–)-2-Iodopentane

The hybridization of the carbon of the carbocation
intermediate can be best described as:
sp.
sp2.
sp3.
sp3d2.

C

H
I

CH2CH2CH3

5.

Which of the following statements is NOT correct
concerning the reaction of 1-pentene with hydrogen
iodide?

(+)-2-Iodopentane
A.

The mechanism of this reaction is such that equal amounts
of each product are formed. The reaction mechanism proceeds
via a planar intermediate which can be attacked by an iodide ion
on either side of the plane to yield equal amounts of (+) and (–)
products.

1.

The products can be correctly described as:
A.
B.
C.
D.

2.

The slow step of the reaction is the formation of the
intermediate carbocation.
B. The overall rate of the reaction depends on the
concentrations of both 1-pentene and hydrogen
iodide.
C. The products form a racemic mixture.
D. (+)- and (–)-2-Iodopentane have different boiling
points.

diastereomers.
meso compounds.
polypeptides.
enantiomers.

(–)-2-Iodopentane’s absolute configuration is ______, and
(+)-2-iodopentane’s absolute configuration is ________.
A.
B.
C.
D.

R, R
R, S
S, R
S, S

© The Princeton Review, Inc.
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Passage 13 (Questions 1-6)

1.

A.
B.
C.
D.

Limonene is the compound that is responsible for the
characteristic smell of lemons. Limonene undergoes catalytic
hydrogenation to yield both cis- and trans-1-isopropyl-4methylcyclohexane.
CH3

What is the absolute configuration of limonene?

2.

R
S
(+)
(–)

How many moles of hydrogen (H2) will limonene add
upon catalytic hydrogenation?
A.
B.
C.
D.

1
2
3
4

CH2

H3C

3.

Limonene

Which of the following represents the most stable chair
conformation of cis-1-isopropyl-4-methylcyclohexane?
A.

Ni

x mol H2
H3C
CH3

CH3

B.
H3C
C.

+

CH3
H3C

CH3

H3C

CH3

D.

cis- and trans-1-Isopropyl-4-methylcyclohexane
CH3

822
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Organic Chemistry

4.

Which one of the following represents the most stable
chair conformation of trans-1-isopropyl-4-methylcyclohexane?
A.

H3C
B.
H3C
C.

Passage 14 (Questions 1-6)
The heat of hydrogenation, ∆Hhydr, of an alkene is the
energy given off when the alkene is reduced (using H2 gas
and a metal catalyst) to the corresponding alkane. Heats of
hydrogenation depend mainly on the degree of substitution at
the double bond, steric crowding, and angle strain. Changes in
the heats of hydrogenation will have a similar effect on the heat
of combustion, ∆Hcomb. The more substituted the double bond,
the lower the magnitude of the heat of hydrogenation. Steric
crowding of groups directly attached to the double bond will
increase the magnitude of the heat of hydrogenation, as will large
deviations from 120° bond angles associated with sp2 carbon
atoms.

CH3
D.

1.

Consider these four compounds:
I:

II:

III:

IV:

CH3

5.

Which is the more stable isomer, cis- or trans-1isopropyl-4-methylcyclohexane?
A.
B.
C.
D.

6.

Cis
Trans
Both are equally stable.
Cannot be determined from the information given

Upon reductive (Zn/H2O) ozonolysis, how many organic
products would limonene yield?
A.
B.
C.
D.

		

The order of increasing magnitude of the heat of
hydrogenation would be:
A.
B.
C.
D.

I < II < IV < III.
III < II < IV < I.
II < III < IV < I.
IV < III < I < II.

1
2
3
4

© The Princeton Review, Inc.
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2.

I:
		

Consider Compound Z:

II:

Comparisons of ∆Hcomb and ∆Hhydr of these compounds
would reveal that:
A.
B.
C.
D.

3.

5.

Consider these two compounds:

|∆Hcomb| of II is greater, and |∆Hhydr| of I is greater.
|∆Hcomb| of II is greater, and |∆Hhydr| of II is greater.
|∆Hcomb| of I is greater, and |∆Hhydr| of I is greater.
|∆Hcomb| of I is greater, and |∆Hhydr| of II is greater.

		

Which of the following would be the major product
resulting from the catalytic hydrogenation of Z?
A.

How many isomeric monoalkenes would yield
3-ethylhexane upon hydrogenation?
A.
B.
C.
D.

H

5
6
7
9

H

B.
4.

A compound with the formula C8H8 was exhaustively
hydrogenated. The product was found to have absorbed
three moles of hydrogen gas. How many rings were
present in the starting material?

H
H

A.
B.
C.
D.

1
2
3
4

C.

H
H

D.

H
H

6.

One would expect the magnitude of the heat of
hydrogenation of 1,3-hexadiene to be:
A.
B.
C.
D.
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half that of 1-hexene.
the same as 1-hexene.
slightly less than twice that of 1-hexene.
twice that of 1-hexene.

Organic Chemistry

Passage 15 (Questions 1-5)

2.

Alkenes can react with bromine and chlorine by the
electrophilic addition mechanism. The first step is the addition of
an electropositive halogen atom and the formation of a bridged
cationic intermediate:

I. H2, cat. Pd / C
II. BH3 and H2O2 / OH–
III. HBr
A.
B.
C.
D.

X+

X2 +

This is followed by nucleophilic ring opening after attack
by a halide ion from the opposite face to give the anti addition
product:

Which of the following reagents react with alkenes via a
syn-addition mechanism?

3.

I only
I and II only
II and III only
I, II, and III

Consider Compound Z:

X+

Cl

Cl
CH3

X
H

X
X–

1.

		

Which of the following are the two products formed from
the addition of Br2 to cis-2-butene?
CH3
H

Br
H3C

H

H3C
H

C.

CH3
H

D.

III

I

4.
Br
H3C

H
Br

H
II

A.
B.
C.
D.

Chlorine was added to Alkene Y and gave Product Z.
What was Alkene Y?
A.
B.

Br

Br

Br

H

CH3

H3C
H

Br
H
CH3

Br
IV

What are the absolute configurations of the two chiral
carbons of Compound Z (see question 3 above)?
A.
B.
C.
D.

2R, 3R
2R, 3S
2S, 3R
2S, 3S

I and II
II and III
I and III
III and IV

© The Princeton Review, Inc.

|

825

MCAT Science Workbook

5.

A common method of synthesizing bromohydrins is to use
N-bromosuccinimide (NBS) dissolved in aqueous DMSO.
What would be the major product of the following
reaction?
H3C
C

NBS

CH2

DMSO
H2O

(H3C)3C
A.

Br

OH
C

H3C

C

(H3C)3C
B.

H

HO
C

(H3C)3C
C.

C

C

(H3C)3C

1.

When reacted with HBr, cis-3-methyl-2-hexene will most
likely undergo:
A.
B.
C.
D.

H

Markovnikov syn-addition.
Markovnikov syn- and anti-addition.
anti-Markovnikov syn-addition.
anti-Markovnikov syn- and anti-addition.

H

Br
H3C

H

OH

(H3C)3C
D.

The addition of a hydrogen halide across a double bond also
has the potential to create two chiral centers, one at each of the
former sp2 carbons. If both the hydrogen and the halide add to the
same side of the plane containing the double bond, this is termed
syn-addition. When one attacks from above the plane and the
other attacks from below the plane, this is termed anti-addition.

H

H
H3C

The addition of a hydrogen halide to an unsymmetric alkene
will lead either to a halogenated alkane in which the halide is on
the more substituted carbon, or to a product in which the halide
is on the less substituted carbon. The former addition is said to
follow Markovnikov’s rule. The latter is said to be an example of
an anti-Markovnikov addition. If a mixture of the two products is
formed, with a predominance of one product, the reaction is said
to be regioselective.

Br
C

H3C

H

?

Passage 16 (Questions 1-5)

2.

Br
C

C

H

The rate law for addition of HBr to most simple alkenes
may be approximated as rate = k[alkene][HBr]. This
rate law indicates all of the following EXCEPT that the
reaction:

H
A.
B.
C.

is first order in HBr.
is second order overall.
occurs in a single step involving one HBr molecule
and one alkene molecule.
D. involves one HBr molecule and one alkene molecule
in the rate-determining step, and may involve many
steps.

3.

Which one of the following would be the best solvent for
the addition of HCl to 3-hexene?
A.
B.
C.
D.
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H 2O
CH3OH
CH3CO2H
3-Hexene

Organic Chemistry

4.

Which of the following would show the LEAST
regioselectivity in HBr addition?
A.
B.
C.
D.

5.

CH3HC=C(CH3)CH2CH3
(CH3)2C=CHCH2CH3
(CH3)2C=C(CH3)CH2CH3
H2C=C(CH3)CH2CH3

Which one of the following correctly ranks the halides
in order of increasing rate of addition to 3-hexene in a
nonpolar, aprotic solvent?
A.
B.
C.
D.

HCl < HBr < HI
HCl < HI < HBr
HBr < HCl < HI
HI < HBr < HCl

Passage 17 (Questions 1-7)
One of the most convenient methods for introducing
substituents onto benzene rings is electrophilic aromatic
substitution (EAS). This reaction begins with addition of an
electrophile at the carbon on the aromatic ring with the highest
electron density. Hence, the aromatic ring acts as a nuclophile.
This first step is slow, since aromaticity of the ring is broken. A
high-energy, cationic intermediate is formed. The intermediate
is then deprotonated at the site of substitution to re-establish
aromaticity.
Cl

Cl
Br

Cl

—Br

FeBr3

+ Br
Br

H

Br

Figure 1 EAS
Conversely, if the aromatic ring contains an electronwithdrawing group, it can undergo nucleophilic aromatic
substitution (NAS). In this reaction, a nucleophile attacks
the carbon bonded to a leaving group. The first step is again
rate-limiting, since it breaks the aromaticity of the ring while
generating an anion. The double bond then quickly reforms by
displacing the leaving group.
Cl

Cl

OCH3

OCH3

Na OCH3
Na
NO2

NO2

NO2

Figure 2 NAS

© The Princeton Review, Inc.

|

827

MCAT Science Workbook

1.

Of the following, which one will react most readily with
Br2/FeBr3 in an electrophilic aromatic substitution?

3.

What is the major product of this EAS reaction?
O

A.

HNO3

H

H2SO4
B.

O

CH3
A.

O
H
NO2

C.
B.

O

OH
D. O

H

CH3
NO2
OH

2.

While electron-withdrawing groups (such as −NO2 and
−CO2R) are meta-directing with regard to EAS reactions,
they are ortho, para-directing in NAS reactions. This
observation would best be explained by using which of
the following concepts?
A.
B.
C.
D.
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C.

O
H
O2N

D.

O
O2N

H

NO2

?

Organic Chemistry

4.

Which one of the following compounds is named
correctly?
A.

7.

Which of the following is NOT a valid resonance
contributor of the cationic intermediate in the Friedel–
Crafts acylation of chlorobenzene?

O
Cl

Cl
H3C

F
meta-Fluorobenzoic acid
B.

Cl

FeBr3
H

Cl
O2N

Cl

O

OH

O

CH3

O

CH3

NO2
A.

Cl

2,5-Dinitro-1-chlorobenzene
C.

Br
H

I
O
B.

CH3
Cl

1-Bromo-2-iodobenzene
D.

Cl
NO2
H
O

Cl
C.

1,3-Dichloro-2-nitrobenzene

5.

Cl

What two steps may be used to synthesize 1-chloro4-nitrobenzene, the starting material in the reaction in
Figure 2, from benzene?
A.
B.
C.
D.

6.

CH3

1) Cl2/FeCl3
1) HCl/H2O
1) HNO3/H2SO4
1) Na/NH3

2) HNO3/H2SO4
2) HNO3/H2SO4
2) Cl2/FeCl3
2) Cl2/FeCl3

H
O
D.

CH3
Cl

Which of the following compounds is NOT aromatic?
A.

C.

O
O

N
B.

CH3

O
D.

O
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Passage 18 (Questions 1-9)
***ADVANCED PASSAGE***

1.

Dienes, a special group of alkenes, can be classified as
conjugated or isolated. Conjugated dienes are alkenes with
alternating double and single bonds. Isolated dienes have double
bonds separated by more than one single bond.
R

R

In a manner similar to other alkenes, conjugated dienes
typically undergo electrophilic addition. Which of
the following most accurately represents the reaction
intermediate formed when 1,3-butadiene reacts with HCl?
A.

isolated diene

Although conjugated dienes are similar in reactivity to
isolated dienes, conjugated dienes are somewhat more stable.
The heats of hydrogenation were measured for several alkenes
and dienes to determine their stability (Table 1). The data show
that alkenes become more stable with increasing substitution and
increasing number of double bonds.

C.

∆Hhydrog
(kcal/mol)

CH3CH2CH

CH2 + H2

2.

3.

30.3

H3C

δ+
CH

CH

δ+
CH2

CH

CH

δ+
CH2

CH

CH

CH3

δ+
H3C

overlap of two sp2 orbitals.
partial double-bond character due to the σ electrons.
overlap of one sp2 and one sp3 orbital.
overlap of two sp3 orbitals.

In comparison to a normal alkane bond, the C(2)–C(3)
bond in 1,3-butadiene has:
A.
B.
C.
D.

26.9
CH2 + H2

CH3CH2C

δ+
CH3

The carbon–carbon single bond in 1,3-butadiene has a
bond length that is shorter than a carbon–carbon single
bond in an alkane. This is a result of the:
A.
B.
C.
D.

Butene-1
CH3

CH

D. H C
3

For example, in Table 1 the ∆Hhydrog of 1,4-pentadiene, an
isolated diene, is 60.8 kcal/mol, approximately double the ∆Hhydrog
of 1-butene. However, 1,3-butadiene has a ∆Hhydrog of 57.1 kcal/
mol. Based on these results, conjugated dienes are considered
more stable because they release less heat on hydrogenation.
Alkene

CH

B.

R′

R′
conjugated diene

δ+
H2C

more s character.
less s character.
more p character.
less energy.

2-Methyl-1-butene
H2C

CHCH

CH2 + H2

26.7

CH2 + 2 H2

57.1

4.

1,3-Butadiene
H2C

CHCH

A.
B.
C.
D.

1,3-Butadiene
H2C

CHCH2CH

CH2 + 2 H2 60.8

1,4-Pentadiene
Table 1

Heats of Hydrogenation of Alkenes

One explanation for this observation is the hybridization
theory. According to the hybridization theory, the stability of
conjugated dienes comes from the hybridization of the orbitals
forming the carbon–carbon single bonds.
For example, in 1,4-pentadiene, the C–C single bonds result
from the overlap of an sp2 orbital from one carbon with an sp3
orbital from the adjacent carbon. In conjugated dienes, on the
other hand, the C–C single bonds result from σ overlap of sp2
orbitals on both carbons.
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What is the IUPAC name of the most stable product that
is formed when 1,3-butadiene is reacted with an equal
amount of HCl?

5.

1-Chloro-2-butadiene
3-Chloro-1-butadiene
1-Chloro-2-butene
3-Chloro-1-butene

If one mole of 1,3-butadiene is completely hydrogenated,
what is the expected amount of heat released?
A.
B.
C.
D.

53.3 kcal
57.1 kcal
60.5 kcal
60.6 kcal

Organic Chemistry

6.

Treatment of 2-methyl-1,3-butadiene with one equivalent
of HCl might give rise to all of the following products
EXCEPT:
A.

Cl
H3C

C

CH

Passage 19 (Questions 1-7)
As part of a general study of analgesics, a student attempted
to synthesize aspirin from methyl salicylate, a natural analgesic
isolated from tree bark. The reaction sequence was as follows:

CH2

HO

CH3
B.

H3C

C

OMe
CH

C

CH2

D. H C
2
Cl

C

CH

OH

CH3
Aspirin

CH3

Monoalkenes have carbon–carbon double bonds
consisting of a σ bond and a π bond. The carbon atoms
are sp2 hybridized and have:
two equivalent orbitals and one unhybridized p
orbital.
B. two equivalent orbitals and two unhybridized p
orbitals.
C. three equivalent orbitals and a fourth unhybridized p
orbital.
D. four equivalent orbitals in a hybridized state.

Both the salicylic acid and aspirin were white crystalline
solids.

1.

If an unsymmetrically substituted alkene is used in an
electrophilic addition reaction, a single addition product
is usually formed, rather than a mixture of products. In
the addition of HX to an alkene, the acidic proton would
become attached:
to the carbon with fewer alkyl substituents.
to the carbon with more alkyl substituents.
equally to either alkyl substituents.
to an alkylated carbon.

When HX reacts with 1,3-butadiene, the intermediate is
called:

What is the overall yield of this reaction sequence?
A.
B.
C.
D.

2.

A.
B.
C.
D.

O

78%

A.

9.

Salicylic acid

AcO

CH2

CH3

A.
B.
C.
D.

OH

Cl
H2C

8.

95%

Methyl salicylate

C.

O

CH2Cl

CH3

7.

HO

O

The best conditions for converting methyl salicylate to
salicylic acid would most likely be:
A.
B.
C.
D.

3.

74%
78%
86%
95%

H2O, reflux.
aqueous NaOH, then aqueous HCl.
O3, then aqueous acid.
CrO3, then aqueous acid.

The best conditions for converting salicylic acid to aspirin
would be:
A.
B.
C.
D.

CH3COOH, H+.
CH3CO2Na, heat.
(CH3CO)2O, H+.
CH3COCH3, H+.

a carbon radical.
a carbonium ion.
a carbanion.
an electrophile.
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4.

Which of the three compounds would be soluble in
aqueous sodium bicarbonate?
A.
B.
C.
D.

5.

An acceptable IUPAC name for salicylic acid would be:
A.
B.
C.
D.

6.

Methyl salicylate
Aspirin and salicylic acid
Aspirin and methyl salicylate
All three compounds

meta-hydroxybenzoic acid.
1-hydroxybenzoic acid.
α-hydroxybenzoic acid.
2-hydroxybenzoic acid.

Passage 20 (Questions 1-5)
Carboxylic acids are a class of organic compounds
commonly found in nature. Formic acid (HCOOH), from
the Latin formica meaning “ant,” is used by ants as a signal
substance or pheromone. More complex acids, exemplified by
the prostaglandin family, are potent human bioregulators which
are currently receiving much research attention.
The acidity of carboxylic acids (pKa ≈ 5) is partially the result
of resonance stabilization of the resulting carboxylate anion.
Electron withdrawing groups near the acid functional group tend
to increase acidity. Carboxylic acids are usually obtained from
the oxidation of alcohols or the hydrolysis of esters. Carboxylic
acids themselves can be reduced with LiAlH4 to give the
corresponding 1° alcohol.

Treatment of salicylic acid with methanol and dry acid
would yield an:
A.
B.
C.
D.

ester.
acid.
acetal.
ether.

1.

Which one of the following carboxylic acids would be the
most acidic?
A.

O
OH

7.

Both methyl salicylate and aspirin showed a strong
absorption in the IR at 1735 cm–1. This absorption
indicates the presence of:

B.

A.
B.
C.
D.

C.

a phenol.
an acid.
an aromatic ring.
an ester.

O
Cl

OH
O

Cl
D.

OH
O
OH
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Organic Chemistry

2.

Hydrolysis of which of the following esters would yield
2-methylbutanoic acid?

4.

A.
O

Reduction of benzoic acid with LiAlH4 gave Compound
X. Reaction of X with benzoic acid and a catalytic amount
of sulfuric acid would yield which one of the following
compounds?
A.

O

O
B.

O
O
O

B.

O

C.
O
C.

O
D.

O

O

O
O

O

3.

D.

The boiling point of acetic acid is 118°C and that of
methyl acetate is 57°C. Acetic acid boils at a much higher
temperature due to:
A.
B.
C.
D.

its intramolecular hydrogen bonding.
its lower molecular weight.
its intermolecular hydrogen bonding.
the greater polarity of methyl acetate.

O
O

5.

Which of the following alcohols CANNOT be oxidized to
a carboxylic acid with KMnO4?
A.

B.

OH

O
OH

C.

D.

OH

OH
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Passage 21 (Questions 1-5)

1.

Protons at carbons α to a carbonyl functional group are
substantially more acidic than are protons on ordinary carbon
atoms. This is due to the powerful electron withdrawing effect
of the neighboring carbon–oxygen double bond. In addition, the
resulting anion is stabilized by resonance as shown below:
O

O

base

Which one of the following carbonyl compounds would
be expected to have the most acidic proton?
A.

O
OEt

O

B.

O
H

enolate

H

C.

Treatment of the enolate anion with an appropriate alkyl
halide or carbonyl compound forms a new carbon–carbon bond
at the α position. Condensation of an enolate with an aldehyde
or ketone forms an intermediate alcohol which is typically not
isolated, but allowed to dehydrate to the corresponding α,βunsaturated compound.

R

HO

O

O
H

+ R′

R″

O

R
R′
not isolated

O
R

R″
R′
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– H2O

OEt
D.

O
EtO

2.
R″

O

O
OEt

Ethyl-2-hexenoate was the product of which of the
following sets of reactants?
A.
B.
C.
D.

Butanal, ethyl acetate, LDA; H+
Pentanal, ethyl acetate, LDA; H+
Propanal, ethyl acetate, LDA; H+
Hexanal, ethyl acetate, LDA; H+

Organic Chemistry
3.

5.

O
O–Li+
+

		

?

Which one of the following compounds would be the
intermediate alcohol from the condensation reaction
shown above?
A.
O
HO

B.

HO

C.

D.

O

Which of the following ketones would NOT react with
the strong base LDA?
A.

O

B.

O

C.

O

D.

O

O

OH

HO
O

4.

What is the order of increasing basicity for the following
reagents?

CH3O–Na+

N–Li+

I
III
NaHCO3
II
A.
B.
C.
D.

H3C

C

C–Na+

IV

I < II < III < IV
II < I < IV < III
IV < II < III < I
III < IV < I < II
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Passage 22 (Questions 1-5)

3.

Amides, esters, anhydrides, and acid chlorides are four
important carboxylic acid derivatives that organic chemists
frequently use. All can be directly or indirectly synthesized
from the corresponding acid. Amides and anhydrides are more
conveniently prepared from the acid chloride, which can be
made by treating the carboxylic acid with SOCl2.
Each of these derivatives reacts by a similar nucleophilic
addition, elimination mechanism:
O–

O

4.

Which one of the following esters would react most
rapidly with ammonia in methanol by the nucleophilic
addition, elimination mechanism?
A.

Nu

X

R

O

Nu

O
B.

The rate of reaction depends on a few factors: the leaving
group, the steric environment at the carbonyl, and the
electrophilic nature of the carbonyl carbon. The better the
leaving group, the faster the reaction. In general, the more acidic
the conjugate acid, the better the leaving group. In addition, a
more electrophilic carbonyl center will add nucleophiles more
rapidly. Finally, more steric bulk at the reaction center leads to
slower reaction rates.

O
F

C.

O
O

The most reactive of the four derivatives would be the:
A.
B.
C.
D.

2.

O
O

D.
1.

less than the reactivity of esters.
less than the reactivity of acid chlorides.
equal to the reactivity of acid chlorides.
greater than the reactivity of acid chlorides.

+ X–
R

X

A.
B.
C.
D.

O

+ Nu

–

R

Acid bromides are the bromine analogs of acid chlorides.
One would expect the reactivity of acid bromides to be:

amide.
ester.
anhydride.
acid chloride.

O

5.

What organic product is expected from the following
reaction sequence?
O

Each derivative is stabilized to a certain extent by the
following resonance structure:

O
+ HO
O

O–
A.
R

O

X+
O

		

Which one of the four derivatives discussed would have
the greatest amount of stabilization from this resonance
structure?
A.
B.
C.
D.

Amide
Ester
Anhydride
Acid chloride

B.

O
O

C.

O

O
O

D.

O
OH
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Passage 23 (Questions 1-7)

1.

A.
B.
C.
D.

N-Alkyl phthalamides have received a great deal of attention
for their medicinal activity. They are conveniently synthesized
from a very inexpensive bulk chemical, phthalic anhydride,
according to the following scheme:
O

2.
Phthalic anhydride

O

RNH2
O
H
N

3.

R

OH

oxidation reaction.
reduction reaction.
cyclization reaction.
dehydration reaction.

Of the four compounds shown in the synthetic scheme,
which one contains the nitrogen that would be LEAST
effective at accepting a hydrogen bond?
A.

O

CO2
RNH2
O2
H2O

Step 3 is an example of a(n):
A.
B.
C.
D.

O
Step 1

What is the by-product produced in Step 2?

O

∆

Step 2

O
O
O
N

B.

R

O
H
N

O

R

OH
Step 3

LiAlH4

O
C.
N

O

N-alkyl phthalamide

R

N

R

N

R

O
O

A series of syntheses were carried out to produce
phthalamides with various R groups, and the results are tabulated
below:
Product

R

Overall Yield (%)

A

CH3

63

B

C4H9

62

C

C8H17

65

D

C10H21

64

Table 1

D.

O

4.

What type of compound is produced in Step 2?
A.
B.
C.
D.

An imide
An amide
Formamide
A tertiary amine
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5.

In Product B, N-isobutylphthalamide, the C4H9 group
must have which one of the following structures?
A.

7.

N-Propylphthalamide is treated with concentrated H2SO4
and H2O. What product will form?

CH3
CH2CH
O

CH3
B.

CH2CH2CH2CH3

C.

CH3
C

A.
N

CH3

B.

OH

CH3
D.

CH

H2SO4, H2O

N

N
H
CH2

CH3

CH3

O
C.

H
N
OH

6.

Starting with one gram of phthalic anhydride, which
product will be formed in greatest weight?
A.
B.
C.
D.

Product A
Product B
Product C
Product D

O
D.

O
OH
OH
O
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Passage 24 (Questions 1-6)

3.

Figure 1 presents several possible syntheses of amines from
an alcohol. Table 1 classifies these reactions according to type of
reaction and the change in the number of carbons.

A.
B.
C.
D.

Rxn

A

1) PBr3

RCH2OH

2) NaCN

RCH2C

H2, Ni

N

Ni

O

B

R

C

RCH2OH

D

RCH2OH

NH3

PCC

RCH2OH

PBr3

H

NH3

RCH2Br

O

1) Na2Cr2O7
2) SOCl2

H2, Ni

R

1) NH3
Cl

R

CH2CH2NH2

R

CH2NH2

R

CH2NH2

R

NH2

2) Cl2, NaOH

4.

Reaction type
Reduction of nitriles

B

Reductive amination of aldehydes

0

C

Ammonolysis of alkyl halides

0

D

Hofmann rearrangement
Table 1

1.

–1

Classification of Reactions in Figure 1

Butane is most readily aminated by one of the above
pathways via conversion to:
A.
B.
C.
D.

2.

+1

To produce a methylated amine from methanol, which
two processes could be undertaken?
Methyl halide ammonolysis and nitrile reduction
Methyl halide ammonolysis and reductive amination
of the aldehyde
C. Hofmann rearrangement and nitrile reduction
D. Hofmann rearrangement and methyl halide
ammonolysis

5.

p-Toluidine is somewhat soluble in water due to the
polarity of:
A.
B.
C.
D.

Change in the
number of
carbons

A

aromatic hydrocarbon and carboxyl group.
halogenated ring structure.
oxidized nitrile.
alcohol and protonated halide.

A.
B.

Figure 1 Possible syntheses of amines from an alcohol

Rxn

Hydrolysis of a benzylic halide will yield the
corresponding:

6.

benzene.
p-toluidinoic acid.
p-toluidine’s amine group.
p-toluidine’s aromatic ring structure.

Methyl bromide can generate the corresponding
methylamine through alkyl halide ammonolysis.
The nitrile reduction pathway would generate the
corresponding:
A.
B.
C.
D.

reduced methylene group.
dehalogenated methyl group.
ethylmethylamide.
ethylamine.

an alkyl halide.
an unsaturated butene.
its protonated base.
its deprotonated acid.

Ethanol is aminated through a series of reactions which
includes halogenation and hydrogenation. Which reaction
type is most likely involved?
A.
B.
C.
D.

Reductive amination of an aldehyde
Reduction of a nitrile
Alkyl halide ammonolysis
Hofmann rearrangement

© The Princeton Review, Inc.

|

839

MCAT Science Workbook

Passage 25 (Questions 1-7)
In the early twentieth century, the French chemist Victor
Grignard pioneered the development of a new class of
organometallic compounds. Grignard reagents, as they are still
known today, are produced by adding magnesium metal to alkyl
halides:
Mg

CH3Br

CH3MgBr

Reaction 1
Grignard reagents, essentially carbanion salts, are both strong
bases and nucleophiles, reacting with acids and electrophiles. For
example, the reaction of Grignard reagents with aldehydes and
ketones produces alkoxide anions, which may be protonated to
yield alcohols.
OCH3 OCH2CH3

OCH3 OCH2CH3
CH3MgBr

O

OCH3 OCH2CH3
+

H3C

OMgBr

BrMgO

CH3

Molecule 1
H3O

OCH3 OCH2CH3

OCH3 OCH2CH3
+

H3C

OH

Molecule 2
Reaction 2
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HO

CH3

Molecule 3

Organic Chemistry

1.

Which one of the following reactions could NOT be used
to generate Molecule 1 in Reaction 2?
A.

4.

How many products would result from the following
reaction?
OCH3 OCH3

OCH3 OCH2CH3

CH3MgBr

H2O
O
B.

HCl

O

O
A.
B.
C.
D.

OCH3 OCH2CH3
O3

Zn
H2O

C.

5.

OCH3 OCH2CH3
Na2Cr2O3

OCH3 OCH2CH3
H2O

6.

HCl

1
2
3
4

Molecules 2 and 3 in Reaction 2 are best described as:
A.
B.
C.
D.

OH
D.

enantiomers.
diastereomers.
conformational isomers.
a racemic mixture.

Which of the following compounds will produce a
primary alcohol when treated with CH3CH2MgBr?
A.

2.

What is the product of this reaction?

OH
A.

B.

O
H

O
CH3MgBr

H3O

H

C.

O
H

OH

D.

O

O

?
H3C

H

H3C

CH3

O
7.

B.

What would be the major product of this reaction?

OMgBr

Br

O
Mg
H

C.

?

O
A.

MgBr

B.

O

OMgBr

OMgBr
D.

HO

H

OMgBr
C.

3.

What are the absolute configurations of the three
stereocenters in Molecule 2 in Reaction 2?
A.
B.
C.
D.

D.

O

OMgBr

		

R, R, R
R, R, S
R, S, S
S, S, S
© The Princeton Review, Inc.
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Passage 26 (Questions 1-6)

O
O

Polymers are large molecules that are formed when simple
molecules called monomers add in a stepwise fashion to form
long chains. For example, polystyrene can be synthesized from
styrene in the presence of an initiator, such as benzoyl peroxide
(Figure 1).

n

O

+

O
Styrene
monomer

This reaction proceeds by a radical mechanism, which is
initiated by homolysis of the O–O bond of the benzoyl peroxide
to form the benzoyl radical. It adds to the C=C bond of styrene
to produce a benzylic radical. This benzylic radical adds to
another styrene molecule to produce another benzylic radical.
This process repeats itself many times to produce a long chain of
linked styrene molecules: the polymer.

Benzoyl peroxide
(initiator)
60°C

Polyester, as its name implies, is a polymer that contains
many ester functional groups. Many different polyesters have
been synthesized by the synthetic fibers industry, and polyester
fibers have been used to manufacture clothing. Because of the
high strength and low weight of polyesters, they have also been
used in sails for racing yachts and in the wings of human-powered
planes. A typical polyester-forming reaction is shown in Figure 2.
Note that the monomers involved in polyester formation react at
both ends to form a polymer.

n–4
Polystyrene polymer
Figure 1

O

O

n

+
CH3O

OH

n HO

OCH3
Dimethyl terephthalate

Ethylene glycol
150°C

O

O
O

O

O

O
O
Poly(ethylene terephthalate)
Figure 2
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Organic Chemistry

1.

In Figure 1, the addition of the benzylic radial to a styrene
monomer is an example of:
A.
B.
C.
D.

2.

3.

A.
B.
C.
D.

an initiation step.
an inhibition step.
a propagation step.
a termination step.

The following polymer is known as Kevlar:

4.

O
NH

Which of the following is a monomer unit of Kevlar?
A.
O
H2N

OH

B.

5.

OH

polyamine.
polyamide.
polyester.
polylactam.

Of the following molecules, which is the LEAST likely to
be an effective monomer?
A.
B.
C.
D.

O

Substitution
Elimination
Addition
Addition–elimination

If a diamine were used instead of ethylene glycol in the
poly(ethylene terephthalate) synthesis shown in Figure 2,
a nylon polymer would be produced. This polymer would
be a:
A.
B.
C.
D.

n
		

Which of the following best describes the most likely
mechanism of poly(ethylene terephthalate) formation?

CH2CHCl
CH3CH2CHO
ClCOCH2CH2CH2COCl
H2NCH2CH2CO2H

C.
6.

H2N
D.

O
Cl

Cl

Homolytic cleavage of the O–O bond of benzoyl peroxide
is an example of:
A.
B.
C.
D.

an initiation step.
an inhibition step.
a propagation step.
a termination step.
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Passage 27 (Questions 1-7)
Aldol addition reactions of ketone enolates to aldehydes
provide a powerful strategy for carbon–carbon bond formation.
O

M

O

base

to Molecule 4 is 2:1). Such low diastereoselectivities are common
for lithium enolates. However, higher diastereoselectivities are
often observed using boron enolates. When Molecule 1 is treated
with olicyclohexyl chloroborane and a tertiary amine, the ratio
increases to 24:1.

1.

Aldol product 3 in Equation 2 is often referred to as an
anti aldol, while product 4 is often referred to as a syn
aldol. Most likely, this is because:

O
H

O

R

in Molecule 3, the α-hydrogen and the β-hydroxyl
group are on the same side; while in Molecule 4,
the α-hydrogen and the β-hydroxyl group are on
opposite sides of the new C–C bond.
B. in Molecule 3, the α-hydrogen and the adjacent
alkoxy group are on opposite sides of the molecule
as drawn; while in Molecule 4, the α-hydrogen and
the adjacent alkoxy group are on the same side of
the molecule as drawn.
C. in Molecule 3, the β-hydroxyl group and the
α-alkoxy group are on opposite sides of the
molecule as drawn; while in Molecule 4, the
β-hydroxyl group and the α-alkoxy group are on the
same side of the molecule as drawn.
D. the α-hydrogen atoms are on opposite sides of the
molecule in Molecules 3 and 4.

A.

OH
R

Equation 1
In these reactions, a new stereocenter is often formed.
Because of this, chemists have long sought methods for
controlling the stereochemistry of the aldol addition reaction.
For example, addition of enolate (Molecule 2 below) to
benzaldehyde has been shown to give two products, Molecules
3 and 4:
M
O

O

O

O

M = Li or BCy2

LDA
or Cy2BCl, R3N

O

2.

If Product 3 in Equation 2 is treated with acid, Molecule 5
is the major product:

O

1

O

H

OH

O
Ph

2
O

O

OH
Ph

H3O
OH

OH

O
Ph

O

OH

O

H

		

OH
H

Ph
O

3

H

O

Ph

+
O

3

O

4
Equation 2

When lithium base enolates are formed using LDA,
diastereoselectivity of the reaction is low (the ratio of Molecule 3
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5

What is the IUPAC name for Molecule 5?
A.
B.
C.
D.

(3S, 4S)-1,3,4-Trihydroxy-4-phenylbutan-2-one
(3R, 4S)-1,3,4-Trihydroxy-4-phenylbutan-2-one
(3S, 4S)-4-Phenyl-1,3,4-trihydroxybutan-2-one
(3R, 4S)-4-Phenyl-1,3,4-trihydroxybutan-2-one

Organic Chemistry

3.

6.

Of the following, which would be the best choice of
solvent for an aldol addition?
A.
B.
C.
D.

Ethanol
Diethyl ether
Acetone
Ethyl acetate

Which of the following is a diastereomer of Molecule 4 in
Equation 2?
O

OH

OH

O
Ph

O

4.

OH

Ph
O

O

O

O

Ph
O

O

O
I
A.
B.
C.
D.

OH
		

The molecule shown above is the product of an aldol
addition of which of the following?
A.

O

7.

O

B.

O

III

I only
II only
I and II only
I, II, and III

How many resonances would be observed in the 1H NMR
spectrum of Molecule 1?
A.
B.
C.
D.

H

II

2
3
4
6

H
O
C.

O

D.

O

O

O

5.

Which of the following is an enantiomer of Molecule 3 in
Equation 2?
OH

O

OH

O
Ph

O

O

I
A.
B.
C.
D.

O

OH

Ph
O

O

II

Ph
O

O

III

I only
II only
III only
None of these is an enantiomer of Molecule 3.
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Passage 28 (Question 1-7)

1.

What is the product of the following reaction?
CO2CH3

Cycloaddition reactions involve the combination of two
molecules to form a new ring structure. The most common
synthetic cycloaddition is the Diels–Alder reaction, in which a
diene reacts with an alkene (also called a dienophile) to produce
a cyclohexene:

+

?
CO2CH3
CO2CH3

A.

CO2CH3
Figure 1

B.

CO2CH3

The stereochemistry of both the diene and dienophile is
conserved, so that a cis (Z) alkene produces a cis-cyclohexene,
while a trans (E) alkene produces a trans-cyclohexene:

CO2CH3
C.

H3C

CO2CH3
CO2CH3

+
CH2CH3
D.
CH3

CH3

CO2CH3

+
CH2CH3

CH2CH3

2.
Figure 2
Since 4 π electrons from the diene and 2 π electrons from the
dienophile change their bonding pattern during the reaction, the
Diels–Alder reaction is termed a [4 + 2] cycloaddition. Typically,
electron-donating groups on the diene and electron-withdrawing
groups on the dienophile will increase the rate of a Diels–Alder
reaction.
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CO2CH3

What is the net change in the number of σ and π bonds in
a Diels–Alder reaction?
A.
B.
C.
D.

+ 2 σ and – 2 π
+ 2 σ and – 3 π
+ 2 σ and – 6 π
+ 3 σ and – 3 π

Organic Chemistry

3.

Alkynes can also act as the dienophile in Diels–Alder
reactions. Predict the product of the following reaction:

5.

Which of the following is NOT a potential product of the
following Diels–Alder reaction?

D
+

?

+

?

D
A.

A.

D
D

B.

B.

D
D

C.

D

C.

D
D.

D
D.
D

4.

Of the following alkenes, which one will react the fastest
in a Diels–Alder cycloaddition?
A.

6.

B.

C.

CN

D.

CH2CH2OH

The two substituted cyclohexenes shown in the passage
are best described as:
A.
B.
C.
D.

achiral.
diastereomers.
enantiomers.
meso.
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7.

How many stereocenters are present in the following
Diels–Alder product?

Penicillins are members of the general class of β-lactams
(cyclic amides) that play important antibiotic roles against Grampositive bacteria. Penicillins are based on the core structure of
6-aminopenicillanic acid (6-APA), and all penicillins share the
common action of interfering with bacterial cell wall synthesis.

+
CO2CH3
CO2CH3
A.
B.
C.
D.

0
1
2
3

Passage 29 (Questions 1-6)
***ADVANCED PASSAGE***

Bacteria can avoid penicillin’s antibiotic effects by producing
β-lactamases, which destroy the amide bond of the lactam. Some
penicillins have been developed that resist β-lactamase activity,
including dicloxacillin and nafcillin.
Penicillins can also be distinguished by their ability to
resist acid-catalyzed hydrolysis of the amide bond between the
R group and 6-APA. Dicloxacillin and nafcillin are acid stable,
while benzylpenicillin is not.
H

H

H

CH3

S
R

N

C

C

C

CH3

4

2

O

C
1

N
3

H

C

COOH
6-APA

R Groups:

H

O

C

C

H
Penicillin G

Cl
O

O

C

C
N
Cl

OC2H5

Dicloxacillin

Nafcillin
Figure 1
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Organic Chemistry

1.

Penicillins are relatively nontoxic, because they do not
affect human cells. The most likely reason for this is that:

4.

A.

penicillins are hydrophobic and cannot enter cells
easily.
B. within minutes of absorption or injection, penicillins
are degraded into inert substances.
C. human cells do not form peptidoglycan barriers to
the environment.
D. penicillins are not toxic at the cellular level.

2.

β-Lactamases most likely inactivate penicillins by
attacking:
A.
B.
C.
D.

3.

A.

A.

aromatic compounds are unaffected by changes in
pH.
B. of stabilization effects by hydrogen bonding.
C. amide bonds do not easily undergo hydrolysis.
D. high hydroxide concentration promotes amide
stability.

5.

The chlorines of dicloxacillin are electronwithdrawing, making the lactam more stable.
B. Benzylpenicillin has a higher melting point than
dicloxacillin.
C. Resonance destabilization in benzylpenicillin makes
the lactam bond more reactive.
D. Steric hindrance blocks β-lactamase attack on the
lactam in dicloxacillin.

How many chiral centers are present in dicloxacillin?
A.
B.
C.
D.

C–4 nucleophilically.
C–1 nucleophilically.
O–2 electrophilically.
N–3 nucleophilically.

Benzylpenicillin is susceptible to β-lactamases while
dicloxacillin is not. Which of the following is the most
likely explanation for this?

Penicillins can be taken orally if they can survive the low
pH of the stomach. The amide bond between the R group
and 6-APA of dicloxacillin and nafcillin is stable at low
pH because:

6.

1
2
3
4

Penicillin interferes with peptidoglycan synthesis by
binding to the active site of the enzyme transpeptidase
and displacing substrate. This type of interaction is an
example of:
A.
B.
C.
D.

noncompetitive inhibition.
competitive inhibition.
negative feedback.
coenzyme action.

© The Princeton Review, Inc.
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Passage 30 (Questions 1-8)
***ADVANCED PASSAGE***

Scientists have found a way to catalyze the Robinson
annulation by using artificial enzymes made from antibodies
(Zhong, et. al., J. Am. Chem. Soc. 1997, 119, 8131). These
catalytic antibodies speed the reaction by using a lysine side
chain to form an imine with Molecule 3. The imine more readily
undergoes tautomerization and cyclodehydration to give Molecule
9, which is easily converted to Molecule 5. An important result is
that Molecule 5 is produced as a single enantiomer. See Figure 2.

The Robinson annulation reaction (Figure 1) is a widely used,
multi-step process for generating cyclic α,β-unsaturated ketones.
The first step (known as a Michael reaction) involves conjugate
addition of an enol or enolate to an α,β-unsaturated carbonyl
(Molecule 1). The reaction then proceeds with ring closure and
loss of water (cyclodehydration) to give a cyclic α,β-unsaturated
ketone (Molecule 5).
O

O

Step 1

O

O

Step 2

NaOH

+

H2O

O
1

O

O

O

OH

2
3

4
Step 3

– H2O
O

O
5
Figure 1  Robinson annulation

O

Ab

N

O

O

Ab

H2N

H

O

O

O

3

6

7

5

O

O

Ab

O

N

Ab

+ H2O
9
Figure 2 Enzymatic catalysis of Robinson annulation
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Organic Chemistry

1.

The passage refers to Steps 2 and 3 (of the Robinson
annulation) together as cyclodehydration. These steps are
best described as:
A.
B.
C.
D.

2.

3.

Enol of Molecule 1
Enolate of Molecule 1
Enol of Molecule 2
Enolate of Molecule 2

6.

H3C
O

A.
B.
C.
D.

2 O
H

Hydrolysis
Alkylation
Addition–elimination
Esterification

If Steps 2 and 3 in Figure 1 were carried out in NaOD/
D2O, which of the following molecules would NOT be
produced?
A.

D

O

O

Which is the most acidic proton of Molecule 2?

1

4.

The reaction of Molecule 3 with the lysine side chain of
the catalytic antibody can best be described as what type
of reaction?
A.
B.
C.
D.

aldol addition.
aldol condensation.
nucleophilic addition.
elimination.

In Step 1 of the Robinson annulation, which of the
following acts as the nucleophile?
A.
B.
C.
D.

5.

B.

O
D

H
H 3

O

H
H

4

C.

1
2
3
4

The antibody described in the passage catalyzes an
enantioselective Robinson annulation reaction. What
is the stereochemistry of the single enantiomer that is
produced (Molecule 5 in Figure 2)?

O

O
D
D.

O

O
A.
B.
C.
D.

(E)-(R)
(E)-(S)
(Z)-(R)
(Z)-(S)

D

© The Princeton Review, Inc.
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7.

Which of the following reagents could be used to convert
Molecule 5 to Molecule 4?
A.
B.
C.
D.

8.

1) BH3,
2) NaOH, H2O2
H2O, H2SO4
meta-Chloroperoxybenzoic acid (mCPBA)
1) O3,
2) Zn, H2O

Passage 31 (Questions 1-4)
Figure 1 below illustrates a procedure for classifying
compounds according to their solubilities. The solubility of a
substance in a given solvent determines the next solvent to be
used. Table 1 lists organic compounds representative of each
group.
WATER

An aldol condensation between which two compounds
could be used to generate Molecule 1?
A.

O

O
+

H3C
B.

CH3

H

O

H

SOLUBLE

INSOLUBLE

Ether

NaOH

O
+

H3C

H

C.

H3C

O

H
O

SOLUBLE

INSOLUBLE

SOLUBLE

INSOLUBLE

A

B

NaHCO3

HCl

+
H3C
D.

CH3

H3C

O

H
INSOLUBLE

SOLUBLE

INSOLUBLE

C

D

E

H2SO4

O
+

H3C

SOLUBLE

CH3

H3C

CH3
SOLUBLE

INSOLUBLE

F

G

Figure 1 Solubility classification procedure
Group

Compounds

A

acetic acid, propanol, butanal

B

glucose, alanine, glycine

C

fatty acids, dinitrophenol

D

phenol, 1-nitropropane

E

aniline, p-toluidine

F

heptanol, diisopropyl ether

G

methane, methyl chloride

Table 1 Representative Organic Compounds Belonging
to Groups A–G in Figure 1
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Organic Chemistry

1.

A hydrazine is determined to be a member of Group
E in part because of which of the following solubility
characteristics?
A.
B.
C.
D.

2.

It is insoluble in NaOH.
It is soluble in H2SO4.
It is soluble in ether but insoluble in NaOH.
It is insoluble in HCl.

Hydrolysis of diisopropyl ether in HBr yields an alkyl
bromide and an alcohol. The alcohol is classified under
Group A because it is:
A.
B.
C.
D.

polar.
hydrophobic.
basic.
aromatic.

Passage 32 (Questions 1-5)
A flavor chemist attempted to isolate and identify the major
flavor component of a recently discovered wild berry. A sample
of berries was pureed in a blender, and the resulting slurry
was dissolved in ethyl acetate. The solution was first extracted
with 0.1 M HCl, followed by extraction with aqueous sodium
bicarbonate.
The ethyl acetate portion was concentrated and thin layer
chromatography of the resulting oil showed the presence of two
compounds, Compound 1 with an Rf of 0.2, and Compound 2
with an Rf of 0.6. The two compounds were separated using
column chromatography. Compound 2 was identified as the
essential oil with the following physical characteristics:
Formula: C11H14O3
IR: 3100, 2950, 1735, 800 cm–1

3.

When an amide is hydrolyzed in the presence of a strong
acid, it results in the formation of:
A.
B.
C.
D.

4.

a protonated amide and water.
an ether and an ammonium salt.
a ketone and ammonia.
a carboxylic acid and an amine.

1

1.

Aldehyde and alcohol members of Group A will
demonstrate decreasing water solubility with:
A.
B.
C.
D.

decreasing chain length.
decreasing number of hydrophilic moieties.
increasing chain length.
increasing hydrogen bonding.

H NMR:

The extraction with 0.1 M HCl would remove what type
of compound from the ethyl acetate solution?
A.
B.
C.
D.

2.

7.5 ppm, multiplet, 4H
4.5 ppm, septet, 1H
2.1 ppm, singlet, 3H
1.4 ppm, doublet, 6H

Esters
Amines
Amides
Alkenes

Compound 1 had a smaller Rf value than Compound 2.
This would suggest that Compound:
A.
B.
C.
D.

1 is more polar than 2.
2 is more polar than 1.
1 has a greater molecular weight than 2.
2 has a greater molecular weight than 1.

© The Princeton Review, Inc.
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3.

According to the IR data given, which of the following
functional groups is NOT present in Compound 2?
A.
B.
C.
D.

Ester
Alcohol
Carbon–carbon single bond
Carbon–carbon double bond

Passage 33 (Questions 1-5)
An organic chemist attempted to determine the structure of
an unknown compound (X) with the molecular formula C10H12O.
Compound X had the following spectral characteristics:
H NMR (four signals):

1

4.

The 1H NMR signal at 1.4 ppm is a doublet and integrates
to six hydrogens. These six hydrogens are adjacent to how
many other hydrogens?
A.
B.
C.
D.

5.

1
2
3
6

Treatment of Compound 2 with NaOH followed by acid
work-up causes the disappearance of the IR absorption at
1735 cm–1 and the appearance of a new absorption at 1700
cm–1. What functional group is responsible for the 1735
cm–1 absorption?
A.
B.
C.
D.

Aldehyde
Ester
Ether
Ketone

δ 7.25

1 multiplet, 5H

δ 2.4

1 triplet, 2H

δ 2.3

1 triplet, 2H

δ 2.1

1 singlet, 3H

IR: 3100 cm–1, 1705 cm–-1

1.

Just by looking at the molecular formula, determine
which of the following functional groups could NOT be
present in Compound X.
A.
B.
C.
D.

2.

The absorption at 1705 cm–1 most likely indicates the
presence of which of the following functional groups?
A.
B.
C.
D.
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An ester
An alcohol
An ether
A double bond

An alcohol
An ester
A carbon–carbon double bond
A ketone

Organic Chemistry

3.

Which NMR signal represents the most deshielded
proton?
A.
B.
C.
D.

4.

If Compound X were treated with NaBH4 in ethanol
followed by acid work-up, how many new 1H NMR
signals would appear in the spectrum?
A.
B.
C.
D.

5.

δ 7.25
δ 2.4
δ 2.3
δ 2.1

1
2
3
4

Compound X reacted with a solution of I2 in aqueous
NaOH to give a yellow precipitate. This precipitate is
most likely:
A.
B.
C.
D.

HI.
CHI3.
NaI.
Na2I.

Passage 34 (Questions 1-7)
In an effort to develop safer and more effective insecticides,
a researcher isolated a small quantity of a sex pheromone
(Compound I) from a beetle. From the combustion analysis the
researcher determined the formula of Compound I to be C7H12O2,
which indicated a degree of unsaturation of 2. The spectral data
for Compound I are given below:
1

H NMR (3 signals):

IR

δ 2.1, singlet, 6H

2950 cm–1, 1705 cm–1

δ 2.4, triplet, 4H
δ 1.6, quintet, 2H
Treatment of Compound I with NaBH4 yielded Compound II
(formula: C7H16O2) and an IR absorption at 3350 cm–1. Reaction
of Compound I with I2 and NaOH in water followed by acidic
workup gave Compound III, with formula C5H8O4.

1.

How many rings are there in Compound I?
A.
B.
C.
D.

2.

Treatment of Compound II with H2SO4 and heat would
give a compound with what molecular formula?
A.
B.
C.
D.

3.

0
1
2
3

C7H12
C7H12O
C7H14O
C7H18SO6

For Compound II, the IR absorption at 3350 cm–1
indicates the presence of:
A.
B.
C.
D.

a double bond.
an aldehyde.
a carboxylic acid.
an alcohol.

© The Princeton Review, Inc.
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4.

What is the degree of unsaturation of Compound III?
A.
B.
C.
D.

5.

1700 cm .
1735 cm–1.
3100 cm–1.
3350 cm–1.
–1

Experiment 1
Methyl propanoate was reacted with heavy hydroxide
(in the form of Na+ 18OH–). The reaction was allowed to go to
completion and then treated with enough 1 M H2SO4 so that the
solution turned blue litmus paper pink. The reaction products
were then extracted and purified. Spectral analysis provided the
following information about the resulting products:

Which of the three compounds discussed would be
soluble in aqueous NaHCO3?
A.
B.
C.
D.

7.

Natural fats are complex mixtures of triesters of glycerol.
They undergo the typical reactions of esters. The following
experiments were performed to study the reaction mechanisms
of ester hydrolysis.

Treatment of the pheromone with excess CH3MgBr
followed by aqueous workup would give a compound
with a strong IR absorption at:
A.
B.
C.
D.

6.

1
2
3
4

Passage 35 (Questions 1-6)
***ADVANCED PASSAGE***

I only
II only
III only
I, II, and III

IR:

3
4
5
6

Product 2
3600 cm–1

Experiment 2
Acid-catalyzed hydrolysis of an ester is also possible. Two
different esters were labeled with 18O at the ester oxygen (not the
carbonyl oxygen) in order to test the mechanism of hydrolysis.
The experiments gave the following results:

How many signals would be present in the proton NMR
spectrum of Compound II?
A.
B.
C.
D.

Product 1
3000 cm–1 and 1720 cm–1

I. n-Butyl acetate in acid produced normal acetic
acid and heavy butanol.
II. tert-Butyl acetate in acid resulted in heavy
acetic acid and normal tert-butyl alcohol.
The products from both reactions (I and II) were then treated
with NaOH until the solution turned pink litmus paper blue; they
were then extracted and purified. Analysis of the final products
of these reactions showed that significant amounts of the starting
materials, n-butyl acetate and tert-butyl acetate, were present.
Adapted from Streitwieser and Heathcock, Introduction to Organic Chemistry, 3rd ed.
©1985 by Macmillan Pub. Co.

1.

Based on the spectral analysis given in the passage and
the reaction mechanism for alkaline hydrolysis of an ester,
the labeled products of Experiment 1 are:
A.
B.
C.
D.
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heavy propanoic acid and normal methanol.
normal propanoic acid and heavy methyl alcohol.
normal propanoic acid and normal methanol.
heavy propanoic acid and heavy methyl alcohol.

Organic Chemistry

2.

Experiment 2 showed that tert-butyl acetate reacts by a
different mechanism than does n-butyl acetate. This is
best explained by the fact that:

5.

I. Acid-catalyzed hydrolysis is more readily
reversible.
II. Acid-catalyzed hydrolysis has a larger equi
librium constant.
III. Base-catalyzed hydrolysis has a larger equi
librium constant.

I. acyl–oxygen bonds are weaker than alkyl–
oxygen bonds.
II. tert-butyl acetate forms a stable carbocation
that is a reactive intermediate.
III. steric hindrance due to the tert-butyl group
prevents nucleophilic attack on the carbonyl
carbon.
A.
B.
C.
D.
3.

The spectral data for Product 1 in Experiment 1 indicate
that it is:
A.
B.
C.
D.

4.

I only
II only
II and III only
I, II, and III

an alcohol.
an ester.
a carboxylic acid.
impure.

The experiments showed that acid and base hydrolysis of
esters are different in which of the following ways?

A.
B.
C.
D.
6.

I only
II only
I and II only
I and III only

The reaction of ethyl 2-hydroxypropanoate with ammonia
yields:
A.
B.
C.
D.

ethyl 2-aminopropanoate and water.
2-aminopropanamide and ethanol.
2-hydroxypropanamide and ethanol.
2-hydroxypropanoic acid and ethylamine.

The acid-catalyzed hydrolysis products were identified by
spectral analysis and qualitative analysis. It was observed
that tert-butyl alcohol was more soluble in water than
n-butyl alcohol. Which of the following statements does
NOT support this conclusion?
A.

The tert-butyl group is smaller and requires less
room than the n-butyl group.
B. The tert-butyl group breaks fewer water hydrogen
bonds.
C. A more complex orderly solvation shell is formed
around n-butyl alcohol.
D. Solubility of an alcohol increases as the hydrocarbon
chain length increases.

© The Princeton Review, Inc.
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Passage 36 (Questions 1-6)

3.

A change in chirality can dramatically change the biological
properties of a molecule. The amino acid dopa is a prime
example of this. The dextrorotatory enantiomer, (+)-dopa, has
little physiological effect on humans, whereas the levorotatory
enantiomer, (–)-dopa, is used for its activity against Parkinson’s
disease, a chronic disorder of the central nervous system.
HOOC

A.
B.
C.
D.

4.
OH

H
NH2

(+)-Dopa (no biological activity)

5.
COOH

HO

optically active.
diastereomers.
a meso compound.
a racemic mixture.

The amino acid dopa most closely resembles which one of
the following amino acids?
A.
B.
C.
D.

H
NH2

Equal magnitude but opposite in sign
Similar but not equal
Exactly the same
Cannot be determined without knowing the pKa
values

A 50/50 mixture of (+)-dopa and (–)-dopa would be best
described as:
A.
B.
C.
D.

OH

HO

What would be the relationship between the pI values of
(+)-dopa and (–)-dopa?

Proline
Methionine
Aspartic acid
Tyrosine

(–)-Dopa (anti-Parkinson agent)
6.
1.

The absolute configuration of (+)-dopa is _______ , and
the absolute configuration of its enantiomer is ________.
A.
B.
C.
D.

2.

Give the hybridization of the nitrogen of dopa.
A.
B.
C.
D.

858
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R, R
R, S
S, R
S, S

sp
sp2
sp3
sp3d2
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The most likely reason why (–)-dopa is biologically active
while (+)-dopa is not depends on:
A.
B.
C.
D.

membrane solubility.
hyperpolarization.
the action on an enzyme or receptor.
the presence of signal sequences.

Organic Chemistry
3.

Passage 37 (Questions 1-8)
A meso compound has chiral centers but is not itself chiral.
Tartaric acid is a four-carbon polyol with two carboxylic acids
and two chiral centers. There are three stereoisomers: the (+)
form, the (–) form, and the meso form. The first two rotate planepolarized light (as indicated by their names), but meso-tartaric
acid is achiral. Figure 1 shows the three forms.
COOH
H

OH

HO

H
COOH

(+)-tartaric acid

COOH
HO
H

HO

H

OH

HO

H

COOH
(–)-tartaric acid

1.

		

4.

How many stereoisomers do carbohydrates have?

5.

a positive result.
a negative result.
an ambiguous result.
a positive result only in the open-chain configuration.

6.

I only
II only
I and II only
II and III only

A ketotriose
An aldotriose
An aldotetrose
None of the above

How many chiral centers must a meso compound have?
A.
B.
C.
D.

Benedict’s reagent is used to test for reducing sugars.
Tartaric acid would yield:
A.
B.
C.
D.

OH

If one of the carboxylic acids of tartaric acid is replaced
with a CH2OH group, and the other is reduced to an
aldehyde, which of the following will result?
A.
B.
C.
D.

A.
B.
C.

2.

H

The compound above is:

A.
B.
C.
D.

meso-tartaric acid

2n, where n is the number of chiral centers
2n, where n is the number of chiral centers
2n + m, where n is the number of chiral centers and
m is the number of meso forms
D. 2n + m, where n is the number of chiral centers and
m is the number of meso forms

OH

I. meso-tartaric acid.
II. the mirror image of meso-tartaric acid.
III. chiral.

COOH

Figure 1 Tartaric acid stereoisomers

H

COOH

COOH

H

COOH

0
1
2
Any even number greater than or equal to 2

Naturally occurring sugars may have which of the
following configurations?
I.
II.
III.
IV.
A.
B.
C.
D.

D
L
α
β
I only
II only
I and IV only
I, II, III, and IV
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7.

Each of the following has the same number of reducing
equivalents EXCEPT:
A.
B.
C.
D.

8.

tartaric acid.
glucose.
lactose.
glycogen.

Which of the following is/are (+)-tartaric acid?
I.

COOH
H

H
COOH

II.

COOH
H

OH

H

COOH

In 1905, William Young and Arthur Harden added a cell-free
yeast extract to a glucose solution and observed the consumption
of glucose and the production of alcohol. They also observed
that the rate of fermentation declined rapidly unless inorganic
phosphate was added to the broth. After more study, they
concluded that this phosphate coupled with a glucose molecule
as part of the reaction pathway. They realized that the crucial
components of this reaction were the two substrates (glucose and
phosphate) and some catalytic elements of the yeast extract.
When these reactions were later demonstrated in animal
muscle tissue, it led to a flurry of research. The mysterious yeast
catalysts were labeled enzymes, and it was discovered that they
were not only capable of linking phosphates as anhydrides or
esters, but could also isomerize sugars. By 1940, the pathway
for glucose metabolism to pyruvate, known as glycolysis, had
been elucidated by a number of scientists working independently.
Figure 1 shows the first three steps of glycolysis.

OH

HO

Passage 38 (Questions 1-8)

CH2OPO32–

CH2OH
O

OH
III.

H

OH
OH

OH

COOH

Hexokinase
Mg2+

OH

1

Glucose

I only
III only
I and II only
I and III only

OH

OH

OH

OH H
A.
B.
C.
D.

O

OH

OH

HOOC

ADP + H+

ATP

Glucose-6-phosphate

CH2OPO32–

CH2OPO32–

O

Phosphoglucoisomerase

HO

OH

Mg2+

OH

OH

2

Glucose-6-phosphate

CH2OPO32–

Fructose-6-phosphate

CH2OPO32–

CH2OH

O

OH
OH

OH

OH

ADP + H+

ATP

OH
Fructose-6-phosphate

3

HO
OH
OH
Fructose-1,6-biphosphate

Figure 1 Steps 1, 2, and 3 of glycolysis
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CH2OPO32–

O

Phosphofructokinase

HO
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CH2OH

O

Organic Chemistry

1.

The bond resulting from the first reaction in Figure 1 is:
A.
B.
C.
D.

2.

3.

CH2OH–CO–CH2CH3 → CHO–CHOH–CH2CH3
CH3CH2CHOH–CH3 → CH3CH=CHCH3
CH3COCl + H2O → CH3COOH + HCl
CH2OH–CO–OCH2CH3 + CH3OH → CH2OH–CO–
OCH3 + CH3CH2OH

Which of the sugars in the first three steps of glycolysis
have the D configuration?

Which carbons undergo isomerization in Step 2 in Figure
1?
A.
B.
C.
D.

7.

ATP.
magnesium.
sugars.
proteins.

Glucose undergoes an isomerization to yield fructose
1,6-bisphosphate. Which of the following is an isomeriza
tion reaction?
A.
B.
C.
D.

4.

an ether.
an anhydride.
an ester.
a phosgene.

The cell-free extract that Young and Harden isolated must
have contained each of the following chemicals EXCEPT:
A.
B.
C.
D.

6.

Carbons 1 and 2 of glucose-1-phosphate
Carbons 1 and 2 of glucose-6-phosphate
Carbons 2 and 3 of glucose-6-phosphate
Carbons 3 and 4 of fructose-6-phosphate

Which of the following is correct regarding the clas
sification of carbohydrate isomers?
A.

Glucose has the same number of stereoisomers as
fructose.
B. There are 8 aldohexose stereoisomers.
C. There are 16 D-aldohexose stereoisomers.
D. Each D-aldohexose has exactly two anomers.

8.

Glycolysis is the crucial first step in the breakdown of
glucose. Which of the following correctly describes the
products of this catabolic pathway?
A.

Acetyl CoA is produced and may enter the Krebs
cycle or undergo fatty acid synthesis.
B. NAD+ is produced and must be regenerated.
C. Lactate is produced and causes a drop in pH.
D. Pyruvate is produced and may be fermented or
decarboxylated.

I. Glucose-6-phosphate
II. Fructose-6-phosphate
III. Fructose-1,6-bisphosphate
A.
B.
C.
D.
5.

I and II only
I and III only
II and III only
I, II, and III

Each of the following would yield a positive Benedict’s
test for reducing sugars EXCEPT:
A.
B.
C.
D.

glucose.
fructose.
α-1,1-glucose-glucose.
β-1,4-glucose-glucose.
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Passage 39 (Questions 1-6)

2.

I.
II.
III.
IV.

AZT and ddI were, as of this writing, the only drugs approved
for clinical treatment of AIDS in the United States.
O

O
HN

HN
O
HO

A.
B.
C.
D.

N
N

N

N

HO

O

AZT

ddI

Unfortunately, they both lead to severe side effects, such
as bone marrow suppression (AZT) and peripheral neuropathy
and pancreatitis (ddI). Recent work has been directed towards
development of new anti-viral drugs that are similar in structure
to AZT and ddI, but are more effective and less toxic. Several
structurally similar nucleosides have already been shown to be
potentially excellent anti-HIV agents, including D4T and D4C,
shown below.
O

4.

5.

HN
N

O
HO

D4T

How many chiral centers are there in AZT?
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SN1
SN2
Electrophilic addition
Nucleophilic addition

O

D4C

Phosphoric acid esters of nucleosides are known as:
A.
B.
C.
D.

N

Both agents have proven to be less toxic than AZT in
preliminary in vitro trials.

A.
B.
C.
D.

Given that azide is a good nucleophile, what is the most
likely method for the incorporation of the azido portion of
the AZT molecule?
A.
B.
C.
D.

6.

1.

a furanose.
a pyranose.
an aldose.
a hexose.

NH2

HN

O

I and II only
II and III only
II and IV only
III and IV only

The sugar portion of these nucleosides is:
A.
B.
C.
D.

N3

HO

AZT
ddI
D4T
D4C

O
3.

O

Which of these four antiviral drugs is basic?

RNA.
purines.
glycosides.
nucleotides.

Treatment of D4T with OsO4 followed by hydrolysis
would yield:
A.
B.
C.
D.

a diketone.
a cis-diol.
an epoxide.
an aldehyde.

Organic Chemistry

Passage 40 (Questions 1-5)

3.

Aspartame, a simple dipeptide, is better known by its
commercial name, Nutrasweet®. Aspartame is 200 times sweeter
than sucrose and has effectively displaced saccharin as the most
popular sugar substitute.
O
HO

H2N

H

H
N ➁

➀

A.
B.
C.

The acid group would be deprotonated.
The amino group would be protonated.
Both the amino group and the acid group would be
protonated.
D. Both the amino group and the ester group would be
deprotonated.

O
OMe

H

O

Ph

4.

Aspartame (Asp-Phe)

NH
O

O

Saccharin

1.

The absolute configurations of the carbons labeled 1 and 2
on aspartame are, respectively:
A.
B.
C.
D.

2.

The protons of the methyl ester group of aspartame would
show which of the following splitting patterns in the
proton NMR spectrum of aspartame?
A.
B.
C.
D.

O

S

At pH 9, which of the following would be true for
aspartame?

R and R.
R and S.
S and R.
S and S.

5.

Singlet
Doublet
Triplet
Quartet

The proton on the nitrogen of saccharin is much more
acidic than the proton on the amide nitrogen of aspartame.
This is best explained by which one of the following
statements?
A.
B.

Cyclic amides are more acidic than acyclic amides.
The adjacent sulfone group stabilizes the anion
because it is an electron-donating group.
C. The saccharin nitrogen is sp hybridized.
D. Extra resonance stabilization of the resulting anion is
provided by the sulfone group.

The most basic functional group of aspartame would be
the:
A.
B.
C.
D.

aromatic ring.
ester carbonyl oxygen.
amino group.
amide nitrogen.
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Passage 41 (Questions 1-8)
Before polysaccharides can be absorbed through the small
intestine, they must be broken down into their component
monosaccharides. This breakdown is accomplished primarily by
enzymes known as α-glucosidases, which catalyze the hydrolysis
of α-glycosidic linkages between the individual sugars of
complex carbohydrates. Therefore, inhibitors of α-glucosidases
slow the degradation of polysaccharides and the absorption of
monosaccharides.
The first α-glycosidase inhibitor discovered was acarbose, a
pseudo-tetrasaccharide. See Figure 1. Acarbose has been used
to slow carbohydrate absorption and thereby improve glycemic
control in patients with both insulin- and noninsulin-dependent
diabetes mellitus.
CH3

CH2OH

CH2OH
O

O
N
OH

OH

Subunit 1
Figure 1 Acarbose
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CH2OH

Subunit 2

Subunit 3

OH
Subunit 4

OH

Organic Chemistry

1.

Which subunit(s) in Figure 1 will act as reducing sugars
when Benedict’s test is performed on acarbose?
A.
B.
C.
D.

2.

3.

Cellobiose
Lactose
Maltose
Sucrose

Among the α-glucosidases that acarbose inhibits are
maltase and sucrase, which cleave maltose and sucrose,
respectively, into their component monosaccharides. By
inhibiting these two enzymes, acarbose will slow the
absorption of which of the following mono-saccharides?

7.

4.

The anomeric carbons of Subunits 2 and 4 are in the
forms:
A.
B.
C.
D.

5.

II only
I and II only
I and III only
III only

acetal and acetal.
acetal and hemiacetal, respectively.
hemiacetal and hemiacetal.
hemiacetal and acetal, respectively.

α-1,4
α-1,6
β-1,2
β-1,4

The two molecules
CH2OH

CH2OH
O

O

OH
OH

OH
OH

OH
OH
		

OH
OH

may accurately be described by which of the following?
I. Anomers
II. Diastereomers
III. Epimers

I. Fructose
II. Galactose
III. Glucose
A.
B.
C.
D.

The linkage between Subunits 2 and 3 in acarbose is best
described as which of the following?
A.
B.
C.
D.

Subunit 1 only
Subunits 1 and 4 only
Subunit 3 only
Subunit 4 only

Subunits 3 and 4 in acarbose correspond to which
disaccharide?
A.
B.
C.
D.

6.

A.
B.
C.
D.
8.

I only
II only
I and III only
I, II, and III

Mutarotation of acarbose could result in a change in the
stereochemistry of which subunit?
A.
B.
C.
D.

Subunit 1
Subunit 2
Subunit 3
Subunit 4

How many units of unsaturation are there in acarbose?
A.
B.
C.
D.

1
3
4
5
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Passage 42 (Questions 1-8)

O

The extended amino acid γ-aminobutyric acid (GABA,
Figure 1) is not found in proteins but is a ubiquitous, inhibitory
neurotransmitter in the mammalian brain. Since the GABA
pathway is implicated in a wide range of neurological
phenomena (including anxiety, analgesia, convulsions, coma,
dementia, epilepsy, hypertension, and schizophrenia), these
conditions may be treated with compounds, such as barbiturates
and benzodiazepines, that modulate the activation of GABA
receptors.

N

potassium
phthalimidate

+ ClCH2CH2CH2C

K

N

∆

O

O
NCH2CH2CH2C

N

O
O

H3N

O

∆ H2O, H2SO4

Figure 1 GABA

O

Like all amino acids, GABA is polyprotic; it contains two
or more dissociable protons. Titration of GABA yields two
distinct pKa values, corresponding to the carboxyl terminus
(about pH 2.3) and the amino terminus (about pH 9.7). The
Henderson–Hasselbalch equation relates pKa to the pH of a
solution containing a certain concentration of an acid (HA) and
its conjugate base (A–):
pH = pK a + log

O
H3N

BaCO3

[A ]
[HA]

O
H3N

O

Figure 2 Gabriel synthesis of GABA
1.

The Gabriel synthesis (Figure 2) may be used to synthesize
GABA from potassium phthalimidate.

The isoelectric point of lysine is:
A.
B.
C.
D.

2.

less than the pI of GABA.
equal to the pI of GABA.
greater than the pI of GABA.
Cannot be determined

What role does potassium phthalimidate play in the
Gabriel synthesis of GABA?
A.
B.
C.
D.
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–

The isoelectric point (pI), the pH at which the zwitterionic
form of GABA predominates, is 6.0, the average of its two pKa
values.

|

OH

+

O

Equation 1 Henderson–Hasselbalch
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OH

Leaving group
Acid
Nucleophile
Electrophile

Organic Chemistry

3.

Which form of GABA does not predominate at any pH?
A.

B.

H3N

I

H

I
OH

		

O
H3N

D.

O

O

O
H3N

B.

OH

7.

O
H2N

C.

L-Thyroxine (shown above) is a biologically important
amino acid that is not found in proteins. The pKa of the
hydroxyl group on the L-thyroxine side chain is 9.8.
Which of the following statements is/are true?

A.
B.
C.
D.

Which one of the following best represents the
zwitterionic form of GABA?
A.

Which of the following best depicts the structure of
GABA in a solution buffered at pH 10?

B.

O

O

C.

O

OH
O

H3N

Which of the following statements is true when GABA is
in a solution buffered at pH 9.7?

D.

8.

O
O

H2N

A.

The concentration of the zwitterion is equal to the
concentration of GABA with a net charge of –1.
B. The concentration of the zwitterion is less than the
concentration of GABA with a net charge of –1.
C. GABA is completely deprotonated.
D. None of the above

OH

H2N

O
H2N

O
H3N

O

D.

I only
II only
I and II only
II and III only

A.

OH

H3N

I

I. The pI of L-thyroxine is less than the pI of
GABA.
II. L-Thyroxine has three pKa values, whereas
GABA has two.
III. L-Thyroxine is not polyprotic.

O
H2N

OH

O

O

C.

I

OH

H2N

5.

COO

O
H3N

4.

6.

O

The amino acids that would have isoelectric points closest
to those of L-thyroxine and GABA are:
A.
B.
C.
D.

tyrosine and glycine, respectively.
glycine and tyrosine, respectively.
lysine and glycine, respectively.
glycine and lysine, respectively.
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Passage 43 (Questions 1-6)

1.

Triglycerides, or fats, are comprised of a molecule of glycerol
bonded through ester linkages to three fatty acids. Plant and
animal fats contain a varying number of carbon–carbon double
bonds in those side chains. In general, plant oils have a higher
degree of unsaturation compared to animal fats. Compound 1
shows the structure of an unsaturated fatty acid.

Of the following, the best explanation of why the melting
points of triglycerides increase upon hydrogenation is that
hydrogenation:
A.

adds hydroxyl groups to the molecules, allowing
them to hydrogen bond.
B. isomerizes double bonds, decreasing London
dispersion forces between molecules.
C. cleaves double bonds, lowering the molecular weight
of the molecules.
D. eliminates double bonds, increasing London
dispersion forces between molecules.

O

2.
HO

Compound 1
Unsaturated vegetable oils are often hydrogenated to increase
their shelf life and flavor stability. This process also increases
their melting points, and can convert them into a semisolid state.
Most natural, unsaturated fatty acids exist in the cis isomeric
form. However, during partial hydrogenation the double bonds
of the natural oils are sometimes isomerized, converting cis
molecules into their trans isomers.
Fats are an important part of a healthy diet; they are the
body’s main form of energy storage and are necessary for
hormone production. Unsaturated fats aid in the absorption of
many vitamins that are essential for the human body. Saturated
fats, however, increase the risk of coronary heart disease by
raising LDL cholesterol blood levels. The biochemistry of trans
fatty acids is poorly understood, but studies suggest that trans
fats behave similarly to saturated fats.

868
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The common name for Compound 1 is obtusilic acid. The
IUPAC name for this compound is:
A.
B.
C.
D.

(E)-4-decenoic acid.
(Z)-4-decenoic acid.
(E)-6-decenoic acid.
(Z)-6-decenoic acid.

Organic Chemistry

3.

Which of the following best represents the products of an
ester saponification?
A.

5.

O
R

B.

+

HOR′

+

OR′

+

HOR′

+

OR′

A.

The hydrophilic carboxylate groups point outward
toward the water, while the lipophilic tails point
toward the center.
B. Strong dipole interactions hold the carboxylates at
the center of the cluster, while the hydrophilic tails
point outward toward the water.
C. The carboxylate heads are attracted to hydrocarbon
tails, thereby increasing dipole–dipole interactions
between molecules.
D. The amphipathic molecules can be oriented in
any direction, since one end of the molecule is
hydrophilic while the other end is hydrophobic.

OH
O

R

C.

OH
O
O

R

D.

O
R

O

6.
4.

Vegetable oils can be partially hydrogenated under which
of the following conditions?
A.
B.
C.
D.

The sodium carboxylate salts of fatty acids form micelles
in water. Which of the following best describes the
structure of a micelle?

H+ / H2O
BH3, H2O2 / OH–
H2, Pd / C
NaBH4  / CH3CH2OH

Cis/trans isomers can best be described as:
A.
B.
C.
D.

enantiomers.
geometric isomers.
structural isomers.
stereoisomers.
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Passage 44 (Questions 1-5)
***ADVANCED PASSAGE***

2.

2,4-Dinitrofluorobenzene is used in protein analysis to
determine:
A.
B.
C.
D.

A biochemist isolated an unknown peptide from a recently
discovered bacterium. To determine the peptide’s structure, the
following experiments were performed.

the most frequent amino acid found in the protein.
the amino acid at the N-terminus.
the amino acid at the C-terminus.
the most reactive amino acid in the protein.

Experiment 1
A sample of the protein was completely hydrolyzed, yielding
the six amino acid residues listed below:

3.

The reaction conditions typically used to hydrolyze a
protein are:
A.
B.
C.
D.

2 ala residues,
1 phe,
1 gly,

concentrated acid, heat.
concentrated base, heat.
dilute acid, room temperature.
dilute base, room temperature.

1 ser,
1 pro.

4.

Experiment 2

The reaction mechanism by which
2,4-dinitrofluorobenzene reacts with a protein is:
A.
B.
C.
D.

Another sample of the protein was partially hydrolyzed,
yielding the following fragments:

electrophilic aromatic substitution.
nucleophilic aromatic substitution.
SN2.
electrophilic addition.

ala-phe,
5.

ala-pro,
ser-ala,
phe-gly.
Experiment 3
A third sample of protein was treated with
2,4-dinitrofluorobenzene, followed by complete hydrolysis.
Analysis of the resulting residues indicated the dinitrophenyl
group was attached to an alanine residue.

1.

Amino acids are linked to one another in a protein by
which of the following bonds?
A.
B.
C.
D.

870
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Ester bonds
Amine bonds
Amide bonds
Carboxylate bonds
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The most likely amino acid sequence for this protein is:
A.
B.
C.
D.

phe-gly-ser-ala-pro-ala.
ala-pro-ala-phe-ser-gly.
ala-phe-gly-ser-ala-pro.
ser-ala-phe-gly-ala-pro.

Organic Chemistry

Passage 45 (Questions 1-7)
***ADVANCED PASSAGE***

DNFB reacts with free amino groups in a nucleophilic
aromatic substitution reaction. Thus, DNFB can be used to
selectively label the N-terminal residue of a protein. Following
complete hydrolysis of the protein, the free amino acids can be
separated and the modified residue identified spectroscopically.
In the course of his ten-year study, Sanger used DNFB on a
series of partial hydrolysis fragments of insulin to reconstruct the
sequence of the entire protein.

In 1958 Dr. Frederick Sanger was awarded the first of his
two Nobel prizes in Chemistry for being the first scientist to
establish the sequence of amino acids within a protein. In his
determination of the primary sequence of human insulin, Sanger
developed 2,4-dinitrofluorobenzene (DNFB).

O
O2N

F

H

H2N

+

O

N
N

OH

H

NO2

O

S

Met – Ala – Leu

2,4-Dinitrofluorobenzene
(DNFB)

H
O2N

O

H

N

O

N
N

OH

H

NO2

O

S

DNFB Met – Ala – Leu
HCl
H2O
∆

H
O2N

O

O

N
OH
NO2

+

OH
H3N

S

+

H3N

OH

O

Ala

DNFB Met

Leu
Figure 1
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1.

Which of the following would NOT be an intermediate in
the acid hydrolysis of the DNFB-labeled tripeptide shown
in Figure 1?
A.

H
O2N

O

H

N

H
O2N

O

NO2

C.

H
O2N

O2N

N
H
S

OH + H3N

N

N

NH2 + HO
S

OH

O

OH

+

O
H2N

Cl

+

N

H2N

O
OCH3

O
H2N

OH

O

O

CH3

N

+ H2N

N
S
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N

+ H2N

S

D.

OH

O

O
H2N

OH

CH3

O

Following separation of the hydrolysis products, which
technique would be most useful for determining the
identity of the DNFB-labeled amino acid?

OH

During acid hydrolysis of proteins, which amino acid side
chain might also be hydrolyzed?
A.
B.
C.
D.

O

S

C.

6.

O

S

B.

N

H2N

Aspartic acid
Cysteine
Lysine
Proline

A. Fractional distillation
B. 1H NMR spectroscopy
C. IR spectroscopy
D. Liquid–liquid extraction

O

O
H2N

|

5.

Which one of the following would NOT be used to
synthesize the Met–Ala–Leu tripeptide in Figure 1?
A.

872

OH

O

Which amino acid will DNFB label, even when it does
not occur at the N-terminus of a peptide?
A.
B.
C.
D.

O

O

NO2

2.

4.

O

NO2
H

OH

O

O

N

D.

N

OH + H3N
S

α helices
β sheets
Disulfide bonds
Tertiary structure

O

H

Cl

N

One of Sanger’s initial experiments demonstrated that
reducing agents broke the 51-residue insulin molecule
into 20-residue and 31-residue peptides. This experiment
indicates the presence of what in insulin?
A.
B.
C.
D.

OH

H HO OH
S

NO2

B.

O

N

N

3.

7.

Alanine
Glycine
Glutamine
Serine

All amino acids—except glycine—are naturally optically
active. However, during acid hydrolysis, amino acids
may lose their optical activity. Formation of which of the
following species may account for this phenomenon?
A.
B.
C.
D.

Anomers
Disulfide bonds
Enols
Zwitterions

MCAT Organic
Chemistry
Solutions

MCAT Science Workbook

Freestanding Questions 1-138
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1.

C

Carbon 1 has two σ bonds and two π bonds, and is therefore sp hybridized. Carbon 2 has three
σ bonds and one π bond and is therefore sp2 hybridized.

2.

A

Deuterium (an isotope of hydrogen) has a 1s orbital, and is therefore not hybridized (choices C
and D can be eliminated). The D–D bond, then, is formed by an s orbital from each deuterium.

3.

D

Each C–H bond is a σ bond (there are four). There is also one C–C σ bond and a C–C π bond,
for a total of five σ and one π.

4.

B

The degree of unsaturation is given by the formula (2C + 2 – H)/2, where C is the number of carbon atoms and H is the number of hydrogen atoms. Therefore, C14H12 contains
(28 + 2 – 12)/2 = 9 units of unsaturation.

5.

A

Bond length can be attributed to the hybrid orbitals which form the bond (sp orbitals form
shorter bonds than sp2 orbitals, which form shorter bonds than sp3 orbitals). CO and CO2 have
shorter bonds lengths than CO32–, since their carbon atom is sp hybridized, while that of CO32–
is sp2 hybridized (choices B and D can be eliminated). CO has a shorter bond length than CO2,
since its oxygen orbitals are sp hybridized, while they are sp2 hybridized in CO2.

6.

B

The nitrogen, having three σ bonds and one nonbonded electron pair, is sp3 hybridized and
should therefore display 109.5° between its neighboring atoms, so choice B must be the answer.
The benzene carbon atom, having three σ bonds and one π bond, is sp2 hybridized and should
display 120° between its neighboring atoms.

7.

C

Choice A is an invalid structure as it does not obey the octet rule, and choice D does not exhibit
the proper molecular structure for HONO. Choices B and C are both valid resonance structures, but choice C exhibits no charge, making it favored over choice B.

8.

B

C≡C triple bonds are shorter than C=C double bonds, which are shorter than C–C single
bonds. This can be attributed to the increase in percent s character of the hybrid orbitals involved in bond formation (sp, sp2, sp3, respectively).

9.

C

By definition, if a compound rotates plane-polarized light in a clockwise direction, it is termed
dextrorotatory (measured in positive degrees). If it rotates light in a counterclockwise direction,
it is levorotatory (measured in negative degrees). The stereochemistry (R or S) cannot be inferred
from the rotation of light.

10.

D

If (R)-glyceraldehyde has an optical rotation of +13.5°, then (S)-glyceraldehyde (as the enantiomer) must have an optical rotation of –13.5°. A 50:50 mixture of these two compounds (called
racemic) will not have a net rotation of light.
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11.

D

Achiral molecules have an internal plane of symmetry. Choice D has such a plane of symmetry,
indicated in the figure below. Note also that there are no stereocenters in this molecule (a quick
test for achirality).
CH3

OH
12.

B

Because none of the molecules in choices A, C, or D possesses a mirror plane of symmetry, each
of these molecules is chiral. At first glance, choice B appears to be chiral because it also lacks a
plane of symmetry, however, cis-1,2-disubstituted cyclohexanes present a unique case. Because
this molecule undergoes ring flip very rapidly at room temperature, the compound exists as two
enantiomers (a racemic mixture) and is therefore achiral.
D

D

D

D

=

13.

B

Choices A and C can be eliminated because they do not contain stereocenters. An R stereocenter has groups that proceed clockwise around the carbon (priorities are determined according to
the Cahn–Ingold–Prelog rules) when the center is viewed with the lowest priority substituent
pointing back. According to this definition, choice B is an (R) stereoisomer, while choice D is
an (S).

14.

B

Choice A is eliminated because it does not contain a stereocenter. An S stereocenter has groups
which proceed counterclockwise around the carbon (priorities are determined according to the
Cahn–Ingold–Prelog rules) when the center is viewed with the lowest priority substituent pointing back. Choice B has chiral centers and an internal mirror plane, making it meso. Therefore, it
will have both an R and an S chiral center.
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15.

D

Choice A contains the plane of symmetry shown below; it can be viewed more easily after rotation around one of the C–C bonds.
Br
H3C

			

Br

876
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H3C

Br
CH3

Choice B contains a plane that reflects the deuteriums upon one another and passes through
carbon 2:
D

			

Br

CH3

D

Choice C has a plane which passes through the central C, H, and Cl atoms. Choice D does not
have such a plane, making it the correct answer choice.

16.

A

Note that these two molecules contain the exact same connectivity (eliminate choice C), no
mirror plane (eliminate choice D), and differ only in the stereochemistry at the central carbon,
making them stereoisomers. Since these two molecules have opposite stereochemistries about
their single stereocenter, they are enantiomers.

17.

A

Enantiomers are mirror-image stereoisomers. Enantiomeric pairs have opposite stereocenter
configurations, so inverting each stereocenter (making each wedge into a dash) will give the
enantiomer.

18.

C

By definition, diastereomers are stereoisomers, differing only in their stereochemistry about
some of their stereocenters. Therefore, diastereomers must have the same molecular formula and
the same connectivity.

19.

C

A meso compound has stereocenters but is achiral due to an internal plane of symmetry. Choices A, B, and D do not contain stereocenters (no carbon is bonded to four unique substituents)
and are therefore not meso compounds.

20.

A

After acting as a leaving group, the tosylate or hydroxyl group will be negatively charged. The
tosylate is able to stabilize this charge through resonance. This resonance stabilization makes
the tosylate a better leaving group than the hydroxyl group.

21.

C

After deprotonation, trifluoromethanesulfonic acid is negatively charged, as in structure II, so
eliminate choice A. Structure I is a valid resonance form of structure II. Structure III is not a
resonance form because the connectivity of the atoms has changed (the S–C bond has been
broken).

22.

B

Electronegative atoms increase acidity through the inductive effect. Since fluorine is more electronegative than chlorine (and hydrogen), choice B is the strongest acid.
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23.

C

Since the fluorine atoms of 1,1-difluoropropoxide are closer to the site of deprotonation (the hydroxyl group) than those of 2,2-difluoropropoxide, the inductive effect is greater for 1,1-difluoropropoxide. Therefore, 1,1-difluoropropoxide is the less basic of the two compounds.

24.

D

Due to the difference in charge, −NH2 is more basic than NH3. When comparing – OH, –NH2,
and – CH3 (which are in the same period), basicity is determined by electronegativity. Since carbon is less electronegative than nitrogen and oxygen, – CH3 is the most basic of these three ions.

25.

C

Water is less acidic than HF, since fluorine is more electronegative than oxygen (eliminating
choice D). Of the three hydrogen halides listed, HI is the most acidic because iodine is larger
than bromine and fluorine. Increasing the size of the halogen atom makes the compound more
acidic.

26.

C

Since the carbanion generated by deprotonation at carbon 3 is stabilized by resonance with two
carbonyls, it is the most acidic site. Deprotonation at carbon 2 or 4 is stabilized by resonance to
one carbonyl, while deprotonation at carbon 1 is not resonance stabilized.

27.

D

Choices A, B, and C are not resonance forms since atoms are moved; in resonance forms, only
electrons are moved. The answer must be choice D.

28.

C

There are no pure s orbitals in the carbon atoms of propene:
H
H2C

C
CH3

29.

D

All C–C and C–H bonds are nonpolar, so all hydrocarbons are nonpolar molecules. Chloroform has a net dipole since the C–Cl bonds are polar and are not oriented symmetrically
around the central atom.

30.

B

There is one chiral center (marked * in the diagram below) in 2-methylcyclohexanone:
O
*

CH3

31.

B

Cyclopropane is the only compound listed that contains three carbons. All the others have four
carbons in them.

32.

B

This is also called a resolution of enantiomers.

33.

D

In the six-membered ring, there is no ring strain or eclipsing interactions.

34.

D

The optical rotations of two molecules that are not enantiomers of each other have no predictable relationship.
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35.

B

Conformations in which the single bonds are staggered are more stable than those in which
they are eclipsed, due to steric repulsion (eliminate choices A and D). Conformations which
put the largest substituents in an anti (180° apart) arrangement are more stable than those in a
gauche (60° apart) arrangement.
Br
H

H

H

H
Br
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36.

B

The most stable conformational isomer of methylcyclohexane puts the methyl substituent in an
equatorial (as opposed to axial) position.

37.

D

A cycloheptane is a cyclic, seven-membered ring. Since choices A and D contain C=C double
bonds (they are cycloheptenes), these choices are not correct. Cis-disubstituted means that the
ring contains two substituent groups on the same side of the ring, making choice D the correct
answer choice.

38.

A

Since Molecules I and III do not possess hydrogen-bond donors (O–H, N–H, or F–H bonds),
they will not exhibit hydrogen bonding among themselves. Since Molecule II (ethanol) can act
as both a hydrogen-bond donor (using the OH proton) and as a hydrogen-bond acceptor (using
the oxygen nonbonding electrons), hydrogen bonding will be important among these molecules.

39.

C

Based on the product, this is a substitution reaction. Since the leaving group (bromine) is bonded to a tertiary carbon, the electrophile is too sterically hindered to undergo SN2 substitution,
and the reaction must occur by an SN1 mechanism. Therefore, the bromide leaves first, forming
the tertiary carbocation (choice C), which is then attacked by water.

40.

A

Since SN1 reactions proceed through a planar, sp2-hybridized carbocation intermediate (which
can be attacked from either side), they form racemic mixtures when occurring at stereocenters.

41.

D

Since a carbocation will be formed in the SN1 reaction, tertiary halides (choices C and D) are
more likely to undergo this reaction than secondary or primary halides (choices A and B). Since
bromine is a better leaving group than fluorine (due its larger size), choice D is most likely to
undergo an SN1 reaction.

42.

C

SN2 reactions occur in one step (choice B can be eliminated), with the nucleophile attacking
opposite the leaving group in a pentacoordinated transition state (choice D can be eliminated).
SN2 reactions exhibit bimolecular kinetics (choice A can be eliminated), but not a carbocation
intermediate, which is a characteristic of E1 and SN1 reactions.

43.

C

Since SN2 reactions proceed through a pentacoordinated transition state, they occur more easily
at primary carbons than at secondary or tertiary carbons, eliminating choices A and B. Since
iodine is a better leaving group than fluorine (due to its larger size), the reaction will proceed
most easily with choice C.
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44.

B

Since SN2 reactions proceed in a single step, the highest energy species is the transition state
between the starting material and product. It is a characteristic of SN2 reactions that this transition state is pentacoordinated (choices A and B). The incoming nucleophile and leaving group
are usually electron-rich species, bearing a slightly negative charge (choice B). Choices C and D
are characteristic of SN1 reactions.

45.

D

The molecule which is best able to stabilize the negative charge that results from heterolytic
cleavage of the indicated bond will be the best leaving group. Since choice D is the only molecule in which the charge will be stabilized by resonance, it is the best leaving group.

46.

B

Since cleavage of the indicated bond will neutralize the positive charge of choice B (while the
other molecules would gain a negative charge), it is the best leaving group. Also note that nitrogen gas is evolved, which is an irreversible process.

47.

D

An E1 reaction, which displays first-order kinetics (the rate of the reaction is dependent only on
the concentration of one compound) begins with the breaking of a carbon–leaving group bond
to form a carbocation intermediate. In a second step, deprotonation of an α-hydrogen by a base
results in the formation of a π bond. Nucleophilic attack on the carbocation is a characteristic of
SN1 reactions.

48.

C

Carbocation stability is determined by degree of substitution. Primary carbocations (II) are less
stable than secondary (I), which are less stable than tertiary (III).

49.

D

An E2 reaction occurs in one step, with the dissociation of the leaving group (choice A can be
eliminated) occurring concomitant with deprotonation to yield a C=C double bond (choice C
can be eliminated). The two carbon atoms involved are rehybridized from sp3 to sp2 during this
reaction (choice B can be eliminated). The formation of a carbocation is characteristic of unimolecular reactions (E1 or SN1).

50.

A

Since alkanes have no potential leaving group, they do not undergo SN1, SN2, or E1 reactions.
Halogenation of alkanes is accomplished by free-radical halogenation.

51.

C

The rate law for SN1 reaction is
Rate = k[substrate]

			

Since the nucleophile concentration does not affect the rate in SN1 reactions, the answer must
be choice C.

52.

B

Radical stability is influenced by degree of substitution of the carbon radical. Tertiary radicals
(choice B) are more stable than secondary (choices C and D), which are more stable than primary (choice A).

53.

B

Radical propagation steps do not involve a change in the number of radicals of the reacting species. Choice A, in which the number of radicals increases from zero to two is an initiation step.
Choice B, which does not involve a change in the number of radicals (one) is a propagation step.
Choices C and D, which involve a decrease in the number of radicals (two to zero) are termination steps.
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54.

D

Radical termination steps involve an overall decrease in the number of radicals. Choice A, in
which the number of radicals increases from zero to two, is an initiation step. Choices B and C,
which do not involve a change in the number of radicals (one) are propagation steps. Choice D,
which involves a decrease in the number of radicals (from two to zero), is a termination step.

55.

C

Carbon-radical stability is influenced by the degree of substitution of the radical. In this example, however, all the choices are secondary radicals. Radical stability can also be influenced
by resonance. Choice C is the only molecule which can delocalize the radical through a series of
resonance contributors.

56.

D

The use of light indicates that this is a radical reaction. Free-radical halogenation of this alkane
at the tertiary carbon has yielded the alkyl chloride shown. An intermediate in this reaction
must have been the tertiary radical shown in choice D.

57.

C

In the presence of light, bromine reacts with alkanes in a process called free-radical halogenation. This reaction substitutes a bromine for a hydrogen and is selective for tertiary carbons over
secondary (and primary). In this reaction, the hydrogen on the single tertiary carbon is replaced
with a bromine atom.

58.

C

The bulky base potassium tert-butoxide (KOC(CH3)3) promotes elimination reactions of molecules bearing leaving groups. In the compound given, bromide acts as a leaving group, and
the hydrogen from the adjacent carbon is removed in the elimination process. Since the carbon bearing the leaving group is primary, elimination will occur in a bimolecular fashion (E2).
Therefore, elimination occurs when the H and Br to be removed are oriented with anti stereochemistry. In this example, then, the reaction produces only the Z alkene.
Me

Br

H

H

Et
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59.

A

Thionyl chloride (SOCl2) converts alcohols into the corresponding alkyl chlorides.

60.

B

In the alkyl halide shown, chloride can act as a leaving group, making substitution and elimination reactions possible. KCN, which is nucleophilic (but not strongly basic), will promote the
substitution reaction. In this SN2 reaction, – CN displaces the chloride and results in inversion of
configuration of the stereocenter.
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61.

B

Solvation of the starting material, thereby stabilizing it, increases the activation barrier and
slows the reaction rate.

62.

C

The rate of SN2 decreases, because it is more difficult for the nucleophile to attack the hindered
carbon, and this increases the energy of the transition state.

63.

C

With hindered bases, such as tert-butoxide, deprotonation at the least hindered carbon is favored, yielding less substituted alkenes preferentially. Therefore, Product 3, a terminal alkene, is
the major (Hoffman) product.

64.

D

Typical halogenation reactions are nonstereoselective since the radical intermediate in the mechanism is planar. Therefore, choice A can be eliminated. However, meso compounds are not
formed as the result of a non-stereoselective reaction, but racemic mixtures are formed instead;
eliminate choice C. While bromination reactions are selective, molecular chlorine is more reactive, yielding mixtures of structural isomers.

65.

B

Numbering of this five-carbon chain begins at the highest-priority functional group, the alcohol
(functional groups with higher oxidation states are usually higher priority). Thus, the alcohol is
attached to carbon 1, the C=C double bond is between carbons 2 and 3, and the C≡C triple
bond is between carbons 4 and 5 (eliminate choices C and D). Finally, the stereochemistry
about the alkene is “E” (highest priority groups on opposite sides of the alkene). Therefore, the
IUPAC name for this molecule is (E)-pent-2-en-4-yn-1-ol.

66.

D

The acid-catalyzed addition of water to a C=C double bond begins with protonation of the
double bond (choice B can be eliminated) to form a carbocation (choice A can be eliminated).
Nucleophilic attack by water results in formation of an alcohol (choice C can be eliminated)
with Markovnikov regiochemistry.

67.

C

The addition of HCl to a C=C double bond proceeds in two steps. The first is protonation of
the double bond to form a carbonium intermediate. Nucleophilic attack of a chloride ion to the
carbonium completes the addition.

68.

C

In the presence of peroxides, HBr adds to a C=C double bond via a radical mechanism. Addition of the bromine radical to the double bond produces a planar, sp2-hybridized carbon radical.
Note that because of the radical mechanism, this reaction, in contrast to most electrophilic addition reactions, proceeds with anti-Markovnikov regiochemistry (the H is added to the moresubstituted carbon of the double bond, while the Br is added to the less substituted carbon).

69.

B

In electrophilic aromatic substitution, the aromatic ring acts as a nucleophile, attacking an electrophile in an electrophilic addition reaction. Deprotonation of the aromatic ring at the site of
the attack reforms the double bond (an elimination reaction) and restores aromaticity. The overall reaction substitutes an electrophile for a hydrogen on the aromatic ring.

70.

B

In electrophilic aromatic substitution, the aromatic ring acts as a nucleophile, attacking an electrophile. Due to its aromaticity, however, the ring is relatively unreactive and is a poor nucleophile. Extremely reactive electrophiles are used to overcome this limitation.
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71.

D

Substituents on an aromatic ring affect the rate at which it undergoes electrophilic aromatic
substitution reactions. Since the ring acts as a nucleophile in these reactions, electron-donating
substituents increase the rate of reaction, while electron-withdrawing substituents decrease the
rate of reaction. The bromine substituent (III) is slightly deactivating (due to its electronegativity), making III less reactive than benzene (I). The nitro group is extremely deactivating (due to
resonance), making II less reactive than III.

72.

D

The methyl group, as an electron-donating substituent, is an ortho,para- director (the answer
is either choice B or D). Due to steric hindrance at the ortho- position, formation of the paraproduct is most likely (choice B can be eliminated).

73.

A

Addition of HBr to alkenes proceeds with Markovnikov regioselectivity, adding a hydrogen to
the less-substituted carbon of the double bond, and a bromine to the more-substituted carbon of
the double bond.

74.

C

In the presence of peroxides, the addition of HBr to alkenes proceeds with anti-Markovnikov
regioselectivity, adding a hydrogen to the more substituted carbon of the double bond, and a
bromine to the less substituted carbon of the double bond.

75.

C

Addition of Br2 to an alkene occurs with anti stereoselectivity, adding one bromine to each
carbon of the double bond, from opposite faces of the double bond (eliminate choices A and B).
Due to the internal symmetry of this molecule, it is meso (a molecule which has stereocenters
but no overall chirality due to internal symmetry).
H

CH3CH2CH2
C

C

H

CH2CH2CH3
Br2

CH3CH2CH2

Br

Br

CH2CH2CH3
+

Br

			
76.
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77.

A

Potassium permanganate (KMnO4) adds two hydroxyl groups across a C=C double bond with
syn stereochemistry (from the same face of the double bond).

78.

B

B2H6 (or BH3), followed by oxidative conditions (hydrogen peroxide), results in the addition of
water (H/OH) across a C=C double bond. This reaction proceeds with anti-Markovnikov regioselectivity, adding a hydrogen to the more-substituted carbon of the double bond, and adding
the hydroxyl group to the less substituted carbon.

79.

D

Ozonolysis of C=C double bonds by O3 results in the complete cleavage of the C=C double
bond. Each carbon of the broken double bond forms a carbonyl with an incoming oxygen atom.

80.

B

The addition of deuterium (an isotope of hydrogen) across a C=C double bond is metal catalyzed, and proceeds with syn stereoselectivity, adding both deuteriums to the same face of the
double bond.

81.

D

Hydrogenation (the addition of H2) of a C≡C triple bond in the presence of a poisoned catalyst
(CaCO3/Pd) reduces the triple bond to a double bond. The two hydrogen atoms are added in a
syn fashion (to the same side of the triple bond), resulting in the formation of a Z alkene.

82.

A

Radical hydrogenation of a C≡C triple bond in the presence of sodium metal and ammonia
adds two hydrogen atoms across the double bond with anti stereoselectivity, producing an E
alkene.

83.

C

This sulfonation reaction results in the electrophilic aromatic substitution of SO3 to toluene and
the subsequent protonation of the SO3 group. Since the methyl substituent is slightly electron
donating, it functions as an ortho,para- director for the sulfonation reaction. Due to steric hindrance at the ortho- position, para- substitution gives the major product.

84.

B

FeBr3 acts as a catalyst to activate the alkyl bromide for electrophilic aromatic substitution in
this Friedel–Crafts alkylation. Since the ethyl substituent is slightly electron donating, it functions as an ortho,para- director for the substitution reaction. Due to steric hindrance at the orthoposition, para- substitution gives the major product.

85.

B

FeBr3 acts as a catalyst to activate Br2 for electrophilic aromatic substitution in this halogenation
reaction. Since the methyl substituent is slightly electron donating, it functions as an ortho,paradirector for the substitution reaction. The carbonyl-containing substituent, which is meta- directing, steers bromination to the same site, which is ortho- to the ethyl group and meta- to the
carbonyl substituent.

86.

C

Choice C has 4 π electrons, and therefore does not follow Hückel’s rule for aromaticity (4 n +
2 π electrons). Additionally, the silicon atom is sp3 hybridized and would not participate in aromatic conjugation.

87.

D

–NO2 and –CN are electron-withdrawing groups, so they increase phenol acidity.

88.

A

Hydroboration results in the anti-Markovnikov addition of H2O across an alkene. Only choice
A depicts this.

89.

C

The longest continuous carbon chain in this molecule is six atoms long, making it a substituted
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hexane, so choices A and B are wrong. The molecule contains a ketone carbonyl (designated
by the suffix -one), with the carbon atoms numbered from the end of the chain closest to the
carbonyl. The ethyl substituent is then located at carbon 3, while the carbonyl is at carbon 2,
making the IUPAC name for this molecule 3-ethylhexan-2-one.
90.

C

91.

A

A hemiacetal (made from the nucleophilic attack by water to an aldehyde) contains a carbon
with a single hydroxyl substituent (–OH) and a single alkoxy substituent (–OCH3). Choice C is
the only molecule which contains such a carbon atom.
O

RO

OR
+ H2O

+ 2 ROH
ketone
92.

D

alcohol
O

O
H
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93.

A

In the addition reaction between water and benzoyl chloride, water donates electrons (acting as
a nucleophile) to the electrophilic carbonyl of benzoyl chloride. The chlorine atom, which is not
present in the product, acts as a leaving group during the subsequent elimination step.

94.

D

Since aldehydes and ketones do not contain a good leaving group, they do not undergo elimination reactions following the addition of a nucleophile. Acid halides, however, contain halogen
atoms which act as leaving groups in the elimination step of addition–elimination reactions.

95.

A

Since the nucleophilic addition of an alcohol to an aldehyde is a one-step, bimolecular reaction
(that is, involving two different molecules), it will exhibit second-order kinetics (the rate of the
reaction will be dependent on the concentrations of both molecules involved).
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96.

C

In the presence of a base (NaOH), acetaldehyde is deprotonated to yield the corresponding
enolate. This enolate then reacts with a second molecule of acetaldehyde in an aldol reaction. A
second deprotonation reforms the enolate, which eliminates the hydroxyl group to complete the
aldol condensation, producing an α,β-unsaturated aldehyde.

O

O

NaOH

+
H

H

OH

O

ONa
+

O

ONa
H

H

H

O

H2O

H

NaOH
OH

O

ONa
∆
H

97.

A

Treatment of ethyl acetate with a base (NaOEt) results in deprotonation and formation of the
corresponding enolate. This enolate then reacts with a second molecule of ethyl acetate in a
Claisen condensation to produce the 1,3-dicarbonyl compound shown.

98.

C

In this condensation reaction, the aldehyde carbonyl acts as an electrophile for the nucleophilic
addition of the aryl amine, resulting in the formation of an imine.
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99.

B

In this reaction, the ketone carbonyl acts as an electrophile for the nucleophilic addition of a
hydroxyl group from the diol, forming a hemiacetal. In a second step, the remaining hydroxyl
group of the diol completes formation of the cyclic acetal in a substitution reaction.

O

+

HO

OH

ROH

HO
HO
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O

O
+ H2O

100.

A

In the first step of this reaction, the Grignard reagent acts as a nucleophile in the addition to the
carbonyl of formaldehyde. Acidic workup (H3O+) then protonates the resulting alkoxide to give
the neutral alcohol.

101.

A

The Grignard reagent (CH3CH2MgBr), as a carbanion, is a strong base. In the presence of the
terminal alkyne shown, an acid–base reaction will occur, deprotonating the alkyne and producing ethane.

102.

A

Addition of two equivalents of lithium to an aryl (or alkyl) bromide results in the loss of bromide and the production of the corresponding organolithium reagent. Note the aromatic C=C
double bonds are not affected.

103.

B

Treatment of the ester with potassium hydroxide and heat results in the nucleophilic attack of
hydroxide to the carbonyl in an addition–elimination reaction. Elimination of EtO – results in
the formation of the carboxylate shown in choice B.

104.

C

This addition–elimination reaction begins with the nucleophilic attack of the hydroxyl group to
the electrophilic carbonyl of the acid halide in an addition reaction. This is followed by elimination of chloride to generate the corresponding ester.

105.

D

The characteristic product of a Diels–Alder reaction is a cyclohexene. A double bond always
occurs in this product in the center of the diene starting material, eliminating choices A and
B. Since the dienophile in this reaction contains a C≡C triple bond, the product will contain a
second double bond, eliminating choice C.

106.

A

Pyridinium chlorochromate (PCC) is a gentle oxidizing agent which converts primary alcohols
to aldehydes. (It also converts secondary alcohols to ketones.)
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107.

D

Sodium dichromate is a strong oxidizing agent which converts primary alcohols to carboxylic
acids. (It also converts secondary alcohols to ketones.)

108.

D

A tautomerism is defined as a structural equilibrium, or rapid equilibration of structural isomers.

109.

A

Since LDA is a strong, hindered base, not a nucleophile, choices A and B are better than C or D.
Choice A is favored over choice B since it is the kinetic enolate.

110.

C

The mechanism illustrates the protonation (choice D) of the tert-butyl ester protecting group;
elimination and resultant carbocation formation (choice A); and decarboxylation (choice B) to
produce CO2 and the unprotected amino terminus. Since no stereocenters are involved in these
reactions, no inversion of configuration occurs.

111.

C

CH3CHBr2 is the only choice with more than one set of hydrogens that are three bonds apart.

112.

B

In both cases there will be O–H stretches due to the presence of water, and changes to the C–H
stretch are never diagnostic for a reaction. The lack of a C=C stretch only indicates that no
alkene has formed and reaction II did not occur. Therefore the new C–O bond formed on the
sulfonite group is proof of reaction I.

113.

D

All organic compounds have a C–H stretch, so it will never be diagnostic (eliminate choice C).
The starting material does not contain a N–H bond (eliminate choice A). The carbonyl stretch is
the most diagnostic.

114.

A

The less polar a compound is, the faster it will travel during TLC, and the larger Rf value it will
have. Of these molecules, choice A is the least polar, since it contains no heteroatoms. Therefore
choice A will have the largest Rf value in TLC.

115.

B

In 0.1 M HCl, an aqueous acidic medium, the basic amine group of choice C will be protonated.
The protonated amine, being charged, will have a high water solubility, and show the greatest
preference for the aqueous HCl layer.

116.

A

In 0.1 M NaHCO3, an aqueous basic medium, the acidic carboxylic acid functional group of
choice A will be deprotonated. The carboxylate, being charged, will have a high water solubility,
and show the greatest preference for the aqueous NaHCO3 layer.

117.

D

The region from 2100–2300 cm–1 of the infrared spectrum shows the characteristic absorptions
of C≡C and C≡N triple bonds. Of the molecules listed, only choice D contains a triple bond.

118.

C

The region from 1650–1750 cm–1 of the infrared spectrum shows the characteristic absorptions
of C=O double bonds. Of the molecules listed, only choice C contains a carbonyl.

119.

D

A triplet resonance in 1H NMR corresponds to a set of hydrogens with two neighbors, while
a quartet corresponds to a set with three neighbors (the N+1 rule). Only choice D has a set
of hydrogens with two 3-bond neighbors and a set with three 3-bond neighbors (CH3C(O)
CH2CH3).

120.

B

Since the methyl group has one 3-bond neighbor, it will be split into a doublet (N+1 rule).
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121.

C

Spectroscopy in general (NMR being an example) is used in the identification of compounds.
Distillation, crystallization, and extraction are techniques used commonly to isolate and purify
compounds.

122.

A

Due to the large difference in molecular size and weight between acetone (3-carbon chain) and
nonane (9-carbon chain), they have very different boiling points (56.5°C and 150.8°C, respectively). In general, a large increase in molecular weight between two compounds results in a
large increase in boiling point. Distillation can be conveniently used to exploit this difference.

123.

D

NaCl, as an ionic salt, is charged and has a very high water solubility. Choice B, capable of hydrogen bonding with water has some water solubility (tempered by the long carbon chain), but
much less than a charged species. The other choices are relatively hydrophobic.

124.

A

All of these molecules contain the carboxylic acid functional group, which can hydrogen bond
and also ionize to increase its solubility in water. The choices differ only in the length of the
carbon chain attached to the acid. Since saturated carbon chains are hydrophobic, the shortestchain carboxylic acid will be the most water soluble, which is formic acid, choice A.

125.

D

Water can function as a hydrogen-bond donor or acceptor. Molecule I can also function as a
donor (the N–H proton) or acceptor (the carbonyl oxygen and N electrons). Molecule II can
function as a hydrogen-bond donor (N–H protons) or acceptor (N electrons). Finally, Molecule
III can function as a hydrogen-bond acceptor (O electrons), so all three of these compounds can
participate in hydrogen bonding with water.

126.

D

A dipole moment is the vector sum of the individual bond dipoles in a molecule. In Molecule
I, the individual C–Cl dipoles cancel in the sum, so that CCl4 does not have a dipole moment.
Molecules II and III, having one highly polar bond each (C–Cl and C–O, respectively) both
have dipole moments dominated by this bond.

127.

C

A dipole moment is the vector sum of the individual bond dipoles in a molecule. The dominating bond dipoles for all of these molecules are the C–O bonds. In Molecule II, the two nearly
opposing C–O bonds of the ether nearly cancel each other, resulting in a very small dipole moment. In Molecule I, the C–O and O–H dipoles are also opposed, but of different magnitudes,
resulting in a moderate dipole moment. In Molecule III, the C=O double bond, without an
opposing bond dipole, dominates the large dipole moment.

128.

D

Opening of the epoxide results in the formation of hydroxyl groups. This would cause the appearance of strong, broad absorptions in the IR spectrum at 3200–3600 cm–1, corresponding to
the O–H stretching frequency.
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129.

D

Due to the symmetry of the molecule, there are 2 groups of aromatic protons in p-nitrotoluene.
CH3
HA

HA
HB

HB
NO2

			

Each of the resonances is split by one neighbor, producing doublets. Thus, the aromatic region
will contain two 2H doublets.

130.

A

These polar side chains are on the exterior of protein molecules so that they can hydrogen bond
with the solvent (H2O).

131.

A

The primary structure of a protein is defined as its amino acid sequence.

132.

A

Of the four choices, valine is the only one with a hydrophobic side chain.

133.

C

Decreasing the pH (that is, making the solution more acidic) will tend to protonate basic groups.
This will make the amino acid positively charged.

134.

C

C–III is next to the anomeric carbon.

135.

A

Chiral molecules usually contain one or more stereocenters and no internal plane of symmetry.
Note that there are no stereocenters in this molecule (a quick test for achirality). Glycine is the
only naturally occurring achiral amino acid.

136.

C

The L or D designation for carbohydrates is determined by the last stereocenter in the chain
(numbering from the carbonyl-containing end of the carbohydrate). D refers to an R stereoisomer, while L refers to an S stereoisomer (in Fischer projections, L places the hydroxyl group of
the stereocenter on the left side of the carbohydrate). The only molecule meeting this description is choice C.

137.

D

Since a zwitterion is a molecule that contains both a positive and a negative charge, choice D is
correct.

138.

A

An α-amino acid (like the twenty naturally occurring amino acids) contains an amine and a
carboxylic acid functional group bound to the same carbon atom. Such an amino acid is shown
in choice A.
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Passage 1
1.

B

The carbon atom has two σ bonds and two π bonds. It is therefore sp hybridized. The oxygen
atom has two σ bonds and two lone electron pairs and is therefore sp3 hybridized.

2.

C

In this molecule, every double bond contains one π bond and every triple bond contains two π
bonds.

3.

B

The functional group that is not present on the molecule is a thiol (–SH). An alcohol (–OH)
group is present. An epoxide (a three-membered ring that has oxygen bridging the two carbons)
is present. An ether (C–O–C) connects the ethylene/alcohol groups to the aromatic ring.
C
O

O

O
S

O

H
❶

N

C

❸C

C

* ❷
O

H
OCH2CH2OH
4.

C

Since the trace of the prioritized groups is counterclockwise, the absolute configuration is S.

5.

C

Since the molecule has 4 chiral centers (as indicated by the asterisks in the diagram below), it
has 24 = 16 possible stereoisomers.
C
O

O

O
S

O

C

H

C

N

* *
O

C

*

*
H

OCH2CH2OH
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Passage 2
1.

B

8
H

S
❸

❶

❷

O

➁
➀

H

➂

R
7

2.

D

There is no relationship between optical rotation and a molecule’s absolute stereochemistry. The
passage does not provide enough information to answer this question.

3.

D

In general, alkyl groups are much less reactive than are epoxides. There is no ketone functional
group in this molecule.

4.

A

The molecule shown differs from disparlure at both stereocenters, and, thus, the two molecules
are enantiomers.

5.

A

The pictured epoxide has two chiral centers, but it also has a plane of symmetry. For this reason,
it is a meso compound.

6.

C

Water can attack the epoxide at either C-7 or C-8. Since disparlure is a cis-epoxide, the resulting
diols must have trans configuration.
H
H+

O
H

7.

C

H
H+
:OH2

:OH2

O
H

Disparlure has two long alkyl chains. For this reason, it has hydrophobic properties. Water,
methanol, and ethanol are all hydrophilic solvents because of their small size and ability to hydrogen bond. In fact, methanol and ethanol are miscible with water. Ethyl acetate, on the other
hand, cannot extensively hydrogen bond and is immiscible with water. This indicates hydrophobic properties, so disparlure should be most soluble in ethyl acetate.
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Passage 3
1.

D

n-Heptane has 4 more CH2 groups, so –156 × 4 kcal per mol = –624 kcal/mol. This gives
–530 + –624 ≈ –1150 kcal/mol

2.

C

Since neopentane has the formula C5H12, the combustion of one mole of neopentane would
produce 5 moles of CO2 and 6 moles of H2O.

3.

D

The compound in D has one more carbon than any of the others, and thus it should have the
heat of combustion of highest magnitude (most negative).

4.

B

Both compounds have the same molecular weight (choice D can be eliminated), straight chains
don’t have angle strain (choice A can be eliminated), and choice C can be eliminated because
the Heats of Combustion are essentially the same value.

5.

A

Since cyclodecane has very little ring strain we know it isn’t planar. Instead, it is puckered to
allow all bond angles to be close to 109°. Bond angles greater than 109° do increase angle strain
(choice B is wrong), and cyclodecane, like all alkanes, is comprised of only sp3 centers (choice C
is wrong). Lastly, 1,3,5,7,9-cyclodecapentaene contains five π bonds, and hence will have a very
different heat of combustion (choice D is wrong).

6.

B

Cycloheptane has only 6.5 kcal/mol of strain energy more than cyclohexane (choice A can be
eliminated). Neither compound has branching (choice C can be eliminated), and both rings
interconvert rapidly between conformations (choice D can be eliminated).

Passage 4
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1.

B

From the information given, Compound A is a mixture of two stereoisomers. Compound A
shows an optical rotation of zero degrees, which means it must be an equal mixture of the two
enantiomers, which by definition makes A a racemic mixture.

2.

B

The two stereoisomers of A are E and F. These two isomers are enantiomers of each other and
will show identical physical properties (except that they will show equal, but opposite, optical
rotations). Therefore, F must have the same melting point as E, which is 80°C.

3.

B

Resolution is the process of separating two enantiomers from each other.

4.

C

Enantiomers will differ only in their configuration and in the sign of rotation of plane polarized
light. Since Isomer E had a configuration of R and a positive sign of rotation, Isomer F must
have a configuration of S and a negative sign of rotation.

5.

B

Since Compound A is a mixture of two stereoisomers, and Racemic B would also contain two
stereoisomers, reaction between the two racemic compounds would give a mixture of four stereoisomers as a result of all possible combinations between A and B.

© The Princeton Review, Inc.

Organic Chemistry Solutions

6.

C

Compound C has configuration R, R while compound D has configuration S, R. These are different at only one center and are therefore diastereomers.
enantiomers

R, R

S, S

diastereomers

diastereomers
R, S

diastereomers
S, R

enantiomers

Passage 5
1.

B

Nucleophiles are “nucleus-seeking” species that have either a full negative formal charge or a
partial negative charge.

2.

D

The order of stability of carbocations is 3° > 2° > 1°; therefore, the more substituted the carbocation, the more stable it is. The most stable choice is tert-butyl bromide.

3.

A

The reaction between ethanol and SOCl2 (thionyl chloride) consists of several steps. First an addition–elimination sequence occurs to the S=O double bond, then substitution by Cl– at C-1 of
the alcohol gives the product (chloroethane).

4.

D

Carbocation formation is not stabilized by a methyl group (choice A can be eliminated). Choices
B and C can be eliminated because they represent first-order mechanisms.

5.

C

Electrophiles are species that usually have either a full formally positive charge or a partial positive charge.

6.

B

Since the alkyl halide is tertiary, a unimolecular reaction will occur. Water stabilizes the carbocation intermediate, speeding the reaction.

Passage 6
1.

B

There are only three different types of protons in n-pentane. The three products would be 1-, 2-,
and 3- bromopentane.
2
1

2.

B

2
3

1

A step in which there is a net increase in the number of radicals is called an initiation step. A
step that does not yield a net change in the number of radicals is a propagation step (such as
step 2 or 3). Any reaction that shows a net loss of radicals is a termination step.
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3.

A

All of the products would have similar polarity, so it would be difficult to separate by chromatography or extraction. Crystallization would not be useful because, due to their small molecular weights, the products will be liquids. Careful distillation would be the only reasonable
method, because each product would have a different boiling point.

4.

D

The addition of Br radicals to alkenes gives a predominance of the less substituted product.

5.

C

1-Chloropropane would give three signals, while 2-chloropropane would show two different
signals.
Cl
2
1

3

1

2

1

Cl

Passage 7
1.

C

Choice A can be eliminated because protonation is not discussed, choice B can be eliminated
because none of the substituents are polar, and choice D can be eliminated because they are
nucleophilic reactions.

2.

A

The n-pentyl group will most closely resemble the n-propyl group, because, of the choices given,
they are the closest in structure and size.

3.

A

Answer choices B, C, and D are all characteristics of SN2 reactions. The only false statement is A.
SN2 reactions operate by second-order kinetics.

4.

D

Doubling [CH3Br] doubles the rate, and doubling [OH–] also doubles the rate. Therefore, both
of these concentration increases will quadruple the rate.

5.

C

SN1 rates depend only on the rate of leaving group loss (so only on substrate concentration).
Eliminate both choices A and B because both SN1 and SN2 depend on solvent and temperature.
Choice D can be eliminated because SN1 does not depend on the nucleophile.

6.

B

The slower rate of CH3CH2CH2 relative to CH3 is best explained by sterics. SN2 reactions proceed more slowly with increased substituent size.

7.

C

The rate law for an SN2 reaction is
Rate = k[substrate][nucleophile]
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Therefore, if the nucleophile (OH–) concentration is doubled, then the reaction rate will also
double.
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Passage 8
1.

A

For any chiral molecule, there are 2n possible stereoisomers, where n = the number of chiral centers in the molecule. Camphor has n = 2 chiral centers, so it has a maximum of 22 = 4 stereoisomers. However because camphor is a bicyclic molecule, the bridge carbon stereocenters cannot
be inverted. Therefore, camphor only has one enantiomer and no diastereomers.

2.

A

Addition of MeMgBr to camphor yields two alcohols with opposite stereochemistry because the
methyl can add either to the top face or the bottom face of the carbonyl plane. Since the other
two chiral centers on camphor were not affected during the reaction, the resulting alcohols differ in stereochemistry only at the alcohol stereocenter. When the configuration between two
compounds differs only at one of several chiral positions, the compounds are diastereomers. To
be enantiomers, all the centers would have to have opposite configurations.

3.

D

To determine the absolute configuration of a particular carbon, you must place the lowest priority group away from you. Assign priority to the remaining three groups, and starting with the
highest-priority group, count either clockwise (R) or counterclockwise (S) to the lowest priority
group. Both centers are S. For C-1, the bridging quaternary C gets first priority (it’s connected
to three other Cs) while the CH2 group to the right gets second priority because of the carbonyl.
For C-2, the ketone gets first priority because it is closer to the chiral center.

4.

D

Since S and T are diastereomers of each other, no conclusions can be made about Compound
T’s optical rotation.

5.

B

Choices C and D can be eliminated because the starting alcohol is tertiary and will not react by
the SN2 mechanism. Because an SN1 reaction goes through a planar carbocation intermediate,
nucleophilic attack on both faces of the cation plane is equally possible, therefore two products
will be produced.

Passage 9
1.

D

Since the product is not the same compound as the starting material, no relationship between
the optical rotations can be predicted.

2.

A

Doubling the reaction volume halves the concentration of each of the reactants. Since the mechanism here is SN2, the concentration of substrate and nucleophile both affect the rate of reaction.
Each are halved, so the net effect is to decrease the rate to one fourth.

3.

D

Reactions 1 and 4 can immediately be identified as SN2, therefore, choices A, B, and C can all
be eliminated.

4.

C

SN2 cannot operate with a tertiary system, so choice A is wrong. SN2 gives inversion of stereochemistry, so choice B is wrong. SN1 reactions have carbocation intermediates, so eliminate
choice D. Choice C is the best answer because unhindered halides allow the nucleophile to attack while the leaving group leaves.
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5.

D

Ethoxide is a small, strong nucleophile and usually undergoes substitution via a bimolecular
mechanism. It is also a strong base, and since the major product is an alkene, ethoxide is acting
as a base more than a nucleophile (eliminate choices A and B). Since it is a strong base the predominant product is the E2 elimination product.

6.

D

Methanol is a weak nucleophile and an even weaker base. The major product will come from
SN1 substitution. SN1 proceeds by way of a carbocation, which means the product will be achiral at the carbon that formed the carbocation.

Passage 10
1.

B

Only NMR spectroscopy gives information about the structure of molecules. Therefore it can
be used to differentiate between the isomeric products.

2.

D

Choice A can be eliminated because the starting alcohol is Position A on the energy diagram.
Choice B can be eliminated because carbocations are high-energy species and the energy difference between Position A and B is not very high. Choice C can be eliminated because the alkene
products are further along the reaction coordinate than Position B.

3.

A

In a potential energy diagram, the energy of activation is represented by the difference in height
from the starting material to the highest peak in the curve (“the height of the hill”).

4.

C

Eliminate choice A; conversion of Position B to C is highly endothermic and requires the input
of a lot of energy. Thus it would have a slower rate than the conversion of Position C to D. Eliminate choice B because Position E isn’t being converted to Position C. Lastly, eliminate choice
D because Position C is at a higher energy than Position B and is therefore not more thermodynamically stable.

5.

A

The methyl group adjacent to the carbocation would migrate to give a tertiary carbocation,
which would then lose a proton to form the most substituted alkene.

6.

A

The reaction will occur fastest with the most substituted alcohol because it will form the most
stable cation when the hydroxyl group leaves.

Passage 11
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1.

C

When 1-butanol is dehydrated, one obtains 1-butene, whose heat of hydrogenation is given in
Table 1 as 30.3 kcal/mol.

2.

D

The heat of hydrogenation of 1-heptene should be closest to that of 1-pentene since they are
most similar in size.

3.

C

cis-Alkenes are always less stable than their trans isomers because of steric strain.
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4.

A

C–C double bond rotation does not occur until very high temperatures are reached because the
π bond must first be broken.

5.

D

Ozonolysis only cleaves double bonds (choices A and B are wrong); it creates two carbonyl products, but leaves the alkene substituents intact. The double bond substituents in the compound
are not the same as the substituents on the two product ketones (choice C is wrong).

6.

D

This is true by definition. The heat of hydrogenation is defined as the amount of heat released
upon addition of H2 across a double bond.

7.

B

The alkene carbon is sp2 hybridized (choices A and D are wrong). The carbonyl carbon is sp2
hybridized (choice C is wrong).

Passage 12
1.

D

(+)-2-Iodopentane and (–)-2-iodopentane are nonsuperimposable mirror images and therefore
enantiomers. Diastereomers are stereoisomers that are not mirror images. A meso compound is
one that has chiral centers but is not optically active (i.e., does not rotate plane-polarized light)
because of an internal plane of symmetry. Polypeptides are polymers of amino acids.
❸
CH3

❸
CH3
C
CH3CH2CH2
❷

C
H
I

❶

(–)-2-Iodopentane
R

H
❶

I

CH2CH2CH3
❷

(+)-2-Iodopentane
S

2.

B

Enantiomers have opposite stereochemistry. Once it is determined that the configuration for
(–)-2-iodopentane is R, choices A and D can be eliminated because the stereocenters are not opposite. Choice C can be eliminated because it defines (–)-2-iodopentane as S.

3.

B

Whenever there is an equal mixture of enantiomers (a racemic mixture), there is no net optical
rotation. While one enantiomer will rotate plane polarized light with a given magnitude in one
direction, the other enantiomer will rotate plane polarized light with the same magnitude in the
opposite direction. Thus, there is a net cancellation.

4.

B

The positive carbon of the carbocation intermediate is flat and planar with three σ bonds and
no lone electron pairs. Thus, its hybridization is sp2.
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5.

D

The slow step of this reaction is the formation of the intermediate carbocation. This is generally
the case for any reaction in which there is a carbocation intermediate. The rate of a chemical
reaction depends on the molecules that are involved in the formation of the slow step transition
state. In this case, that includes both 1-pentene and hydrogen iodide. The products are a 50/50
mixture of enantiomers and therefore a racemic mixture. The correct answer is choice D since
the only difference that enantiomers will have is the rotation of plane polarized light. Other
physical properties (such as melting point and boiling point) are identical.

Passage 13
1.

B

Counterclockwise rotation, therefore S:
CH3

➌
➋
➊
H3C
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CH2

Note: (+) and (–) refer to the sign of optical rotation and say nothing about absolute
stereochemistry.

2.

B

Limonene has two π bonds. It will therefore take up 2 moles of H2.

3.

C

We can immediately eliminate choices B and D since they are trans isomers. The isomer in
choice C is more stable than the one in choice A because the more bulky isopropyl group is in
the roomier equatorial position.

4.

B

We can immediately eliminate choices A and C because they are cis isomers. Choice B is the
answer, since in this isomer both groups are equatorial rather than axial as in choice D.
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5.

B

In this kind of question, you must compare the most stable chair conformation of each isomer.
The most stable trans isomer is choice B.
H3C

			

and the most stable cis isomer is choice C:

CH3
			
6.

The isomer in choice B is more stable than the one in choice C since both groups are equatorial.
Therefore, the trans isomer is the more stable.

B

O
O

H

H3C

O
+
H

H3C

H

O

Passage 14
1.

B

The magnitude of the heat of hydrogenation increases with decreasing substitution. Compared
to equally substituted trans double bonds, cis double bonds have a higher magnitude of ∆Hhydr
because of unfavorable steric interactions.

2.

B

Because cis-double bonds have higher heats of hydrogenation than trans-double bonds, choices
A and C can be eliminated. Choice D can be eliminated because changes in the heats of hydrogenation have a similar effect on the heat of combustion.

3.

C

,

,
trans

,

,
trans

4.

B

,
cis

,
cis

First determine the degrees of unsaturation which is 5. Then determine that the molecule has
three π bonds because it absorbs three moles of hydrogen. Therefore, the remaining two degrees
of unsaturation would be attributed to rings.
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5.

B

Hydrogenation will occur from the least-hindered side, in this case from below. Hydrogenation
is also a syn-addition. The product will have the two methyl groups cis to each other and cis to
the isopropyl groups.

6.

C

Because the two double bonds are conjugated, they are slightly stabilized. The heat of hydrogenation will be slightly less than the value for two isolated double bonds.

Passage 15
1.

C

The two correct structures (I, III) show the bromines anti to each other while at the same time
the two methyl groups are cis to each other, in this case both groups are away from the viewer.
(They are also enantiomers. Compound I is S, S and Compound III is R, R.)

2.

B

The addition of HBr to an alkene is not specific, as it goes through a carbocation intermediate.
Because there is free rotation about the C–C bond once the π electrons of the double bond have
added to the H+ of the HBr, the Br– can add to the same side or to the opposite side of the double bond as did the H+. Eliminate choices C and D. Catalytic hydrogenation and hydroboration
both proceed via a syn mechanism.

3.

C

Compound B can be eliminated since it is short one carbon. Choice A can be eliminated since
the double bond is in the wrong position. Since the chlorines are shown syn to each other, the
bond between them must be rotated to place them anti to each other to get the proper perspective. This will reveal that the two alkyl groups (propyl on the left, methyl on the right) are anti
to each other, or trans. Therefore, they must have been trans to each other in the starting alkene.

4.

B

5.

B

❸
CH3

➂
H

➁

Cl
➀

S

➋
R

H
Cl
➊

Bromohydrins are compounds in which a bromine atom and a hydroxyl group are present on
adjacent carbon atoms (choices C and D can be eliminated). This reaction proceeds by electrophilic addition of bromine to the double bond to form the bromonium ion, followed by
nucleophilic attack at the carbon that best stabilizes the positive charge (Markovnikov addition).
Therefore, the correct answer is B.

Passage 16
1.
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B
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cis-3-Methyl-2-hexene undergoes Markovnikov addition because the first step is protonation to
give the more stable (more substituted) carbonium ion. It gives syn- and anti- addition products
because in the second step, the bromide ion can attack both the top and bottom faces of the
carbonium ion.
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2.

C

The rate law tells you nothing about the number of steps in a reaction mechanism.

3.

D

Water, methanol, and acetic acid would be poor solvent choices here because they can react as
nucleophiles and add to the alkenes.

4.

C

Both carbons are equally substituted, so both possible carbocations are approximately equally
stable.

5.

A

Of the available choices, HI is the strongest acid, so it will protonate the most quickly (followed
by HBr, then HCl). Also, I– is the best nucleophile of the choices, so it will add to the carbocation the most quickly.

Passage 17
1.

C

Compared to benzene (choice A), electron-donating groups (such as −OH, in choice C) activate the ring towards EAS reactions. Electron-withdrawing groups (such as the acetyl group in
choices B and D) deactivate the ring, slowing EAS reactions.

2.

A

The activating, deactivating, and directing properties of aromatic substituents in EAS and NAS
reactions are based on resonance stabilization or destabilization. Through resonance, electronwithdrawing groups introduce a partial positive charge on positions ortho- and para- to them.
For example, resonance forms of nitrobenzene are:
O

N

O

O

N

O

O

N

O

O

N

O

NO2
δ

+

+

δ
+

δ
			

In EAS the aromatic ring acts as a nucleophile, and the partially positive sites have a lower
nucleophilicity, making the electron-withdrawing group meta-directing. In NAS, the aromatic
ring acts as an electrophile and the partially positive sites are more electrophilic, making the
electron-withdrawing group an ortho,para director.

3.

Carbonyl compounds are meta-directing in EAS reactions, eliminating choices A and C. Since
both the nitro and carbonyl groups are deactivating, disubstitution (choice D) will be very slow,
and single meta substitution will be the predominant product.

B
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4.

D

The molecule shown in choice A is ortho-fluorobenzoic acid. In choice B, the substituents should
be given the lowest possible numbering system and alphabetized, to give 2-chloro-1,3-dinitrobenzene. The two substituents in choice C will be at Positions 1 and 2, but the higher-priority
group should be given the first position, to give 2-bromo-1-iodobenzene.

5.

A

Of the two substituents, the chloro group is para-directing, so it should be installed first, eliminating choices C and D. While HCl/H2O will add H/Cl across alkenes, these conditions will
not substitute Cl in EAS reactions, eliminating choice B. Also note that Na, NH3 (choice D)
results in the single trans hydrogenation of alkenes but will not install a nitro group in an EAS
reaction.

6.

C

To be aromatic, each atom within a ring must contain an unhybridized p orbital, and the ring
must obey the Hückel 4n+2 rule. While the two oxygen atoms in choice C have nonbonded
electron pairs which may participate in resonance, this would bring the electron count to 8,
which is not a Hückel number.

7.

D

Choice D is not the same compound as the ones in choices A, B, and C. Therefore, it cannot be
considered a resonance form.

Passage 18
1.

B

Protonation of 1,3-butadiene by HCl makes
H3C

			

C

C

H

H

CH2

which is resonance stabilized:

CH2
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The hybrid of these two resonance forms is choice B.

2.

A

There can be no partial double bond character due to σ electrons; double bonds result from
π electrons (choice B is wrong). If you draw the structure of 1,3-butadiene, you see that all
carbons are sp2 hybridized, so there can be no overlap with an sp3 carbon (choices C and D are
wrong).

3.

A

An sp2 orbital is 33 13 % s, while an sp3 orbital is 25% s. This causes an sp2–sp2 bond to have higher
s character than an sp3 –sp3 bond.
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4.

C

Choices A and B can be eliminated since one of the double bonds will react and the product will
no longer be a diene. The product is 1-chloro-2-butene because the chloride nucleophile will
attack at the least hindered carbon containing a positive charge. Since more substituted double
bonds are more stable, the most stable product formed has an internal double bond.
+

H

Cl

+ Cl

Cl
1-chloro-2-butene

Cl

5.

B

This value is obtained directly from Table 1.

6.

C

This product is not possible, because it violates Markovnikov’s rule for electrophilic addition to
alkenes.

7.

C

This is precisely what it means to say that an atom is sp2 hybridized.

8.

A

This is true because it forms the most stable carbonium ion. This is known as Markovnikov’s
rule.

9.

B

This is also known as a carbocation, and it forms by the following mechanism:

+

H

X

+ X

Passage 19
1.

A

The overall yield is the product of the yields of the steps: 0.95 × 0.78 = 0.74.

2.

B

Saponification of the ester occurs with NaOH, and isolation of the free acids are achieved using
a mineral acid such as HCl.

3.

C

Conversion of an alcohol to an ester can be done with acetic anhydride.

4.

B

Compounds that have carboxylic acids would be soluble in aqueous sodium bicarbonate (a weak
base). The phenolic proton is not acidic enough to impart solubility.

© The Princeton Review, Inc.

|

903

MCAT Science Workbook

5.

D

The correct answer is 2-hydroxybenzoic acid. The carboxylic acid is considered the 1 position
so choice B is eliminated. The hydroxyl group is in the ortho (or the 2 position) so choice A is
eliminated.

6.

A

Treatment of salicylic acid with methanol and dry acid are standard conditions for making an
ester in a process known as Fischer esterification.

7.

D

Absorption at 1735 cm–1 is characteristic of an ester group.

Passage 20
1.

B

The most acidic compound will be the one with the strongest electron withdrawing group attached to it. Both choices B and C have a chlorine, but the chlorine on Compound B is closer to
the carboxylic acid so it would have the greatest influence on acidity.

2.

A

Hydrolysis of Ester A gives a four-carbon acid, with a methyl branch at the 2 position. Remember, the carbonyl carbon of the acid is the 1 position.

3.

C

Even though methyl acetate is slightly heavier, it boils at a substantially lower temperature than
acetic acid. Acetic acid has strong intermolecular hydrogen bonding which is responsible for the
high boiling point.

4.

D

LiAlH4 reduces acids to alcohols. Alcohols react with carboxylic acids to form esters (Fischer
esterification). Although A is an ester, the alcohol portion is missing a CH2 group.

5.

D

Only primary alcohols can be oxidized to carboxylic acids. Choice D is a secondary alcohol.

Passage 21
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1.

D

The protons between two carbonyl groups would be most acidic. Choice A doesn’t even have
any alpha protons. Choices B and C show roughly the same acidity, but far less than choice D.

2.

A

The product requires a total of eight carbons. Everything is the same in each answer choice
except the length of the aldehyde. Ethyl acetate contains four carbons, so butanal must be the
correct aldehyde.

3.

D

Attack of the enolate of 2-butanone will occur at the ketone carbon of 2-methylcyclohexanone.
This will produce a tertiary alcohol adjacent to the ring methyl group.

4.

B

The more stable the anion, the less basic it is. Resonance stabilization or powerful electron withdrawing groups will decrease basicity. The only anion fitting such criteria is HCO3 –, which has
resonance structures. Since NaHCO3 is the weakest base here answer choices A, C and D can
be eliminated. Thus, choice B is best.

5.

C

Ketone C has no alpha protons to react with LDA.
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Passage 22
1.

D

Cl– is the best leaving group of the list, thus acid chlorides are predicted to be the most reactive.

2.

A

The resonance structure depicted puts positive charge on the X group and forms a carbon=X
double bond. N and Cl have lower electronegativity values than oxygen, so choices B and C
can be ruled out. Chlorine has a larger atomic radius than nitrogen, so p orbital overlap is much
worse in the chlorine case. Therefore, the amide most easily forms the pictured resonance structure. The contribution of this resonance structure is one of the reasons that amides are often
quite unreactive.

3.

D

Br– is a better leaving group than Cl– (HBr is more acidic) so acid bromides are predicted to be
more reactive than acid chlorides.

4.

B

Choices B and D are the most sterically unhindered of the four molecules. Structure B has an
electron-withdrawing group (F) close to the carbonyl group, making the carbonyl carbon more
electrophilic. For these reasons, choice B is expected to be the most reactive.

5.

A

This is a classic acetylation reaction.
O

O

O
+ HOR

O

OR

Passage 23
1.

D

One molecule of H2O is lost:
O
C

OH

OH
N

O

O

O

H

N

R
O

OH2
N

R
H

R

O
O
N

R

O
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2.

B

The reaction taking place is the conversion of an imide to an amide (C=O to CH2). This is a
classic reduction reaction where oxygen is replaced by hydrogen.

3.

C

Compound A does not contain a nitrogen, so it can be eliminated. Compounds B and D are
amides, so the N lone pairs are partially tied up in resonance interactions with one oxygen. (B
also has a proton on the N that would allow it to function as a hydrogen-bond donor.) The lone
pair on N in Compound C is tied up by two resonance interactions, making it the least basic of
all, and the poorest hydrogen-bond acceptor.

4.

A

O

O

O
R

N

N

N

H

R

N
R

O

imide

amide

formamide

tertiary
amine

5.

A

The structure in choice A is an isobutyl group. Choice B is a butyl group, C is a tertiary butyl
group, and D is a sec-butyl group.

6.

D

All of the products are formed in comparable yields, so the product with the highest molecular
weight will be formed in greatest weight. This is Product D.

7.

C

H2SO4/H2O give amide hydrolysis conditions:
O

H2SO4/H2O
N

R2

O
+ R2

NH

OH

Passage 24
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1.

A

The only way to turn butane into a useful reagent is with free radical halogenation. This would
make an alkyl halide.

2.

B

If ethanol is halogenated, this can occur only by Synthesis A or Synthesis C. If it is hydrogenated, this occurs only in Syntheses A and B. So, for both to occur, it must be by Synthesis A.
The last step of Synthesis A is the hydrogenation (or reduction) of a nitrile (R–C≡N).

© The Princeton Review, Inc.
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3.

D

Hydrolysis of a benzylic halide looks like this:
Cl

OH

H2O

+ HCl
benzyl
alcohol

4.

B

Table 1 states which pathways maintain the same number of carbons: reductive amination of
aldehydes and ammonolysis of alkyl halides.

5.

C

The polar amino group of p-toluidine makes it soluble in water:
H3C

6.

D

NH2

Ethylamine is the product since nitrile reduction adds a carbon to the alkyl chain.

Passage 25
1.

D

Acid-catalyzed hydrolysis of a ketal (choice A), ozonolysis of an alkene (choice B), and oxidation
of an alcohol (choice C) could all be used to generate Molecule 1, and can therefore be eliminated. However, acid-catalyzed addition of water to an alkene would produce an alcohol; therefore,
D is the correct answer choice.

2.

C

A Grignard reagent (here, CH3MgBr) is a strong base and will deprotonate any available acid
before acting as a nucleophile. Therefore, the reaction of butanoic acid with CH3MgBr produces
the butanoate (choice C) and methane.

3.

A

Assigning priorities to the substituents about C-2, C-3, and C-4, and looking down the bond
to the lowest-priority substituent, we see that the priorities of the substituents all proceed in a
clockwise fashion, which means Molecule 2 has (R, R, R) stereochemistry.
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4.

A

As in Reaction 2 in the passage, the Grignard reagent shown (CH3MgBr) can attack either face
of the carbonyl. Note, however, that the two products this reaction appears to produce are two
representations of the same meso molecule:
OCH3 OCH3

O
CH3MgBr
OCH3 OCH3

OCH3 OCH3
=

H3C

OH

HO CH3

5.

B

Molecules 2 and 3 differ only in their stereochemistry at C-3, making them stereoisomers. Since
they are not mirror images of each other (the stereochemistries are inverted at C-3 but not at
C-2 or C-4), they are diastereomers.

6.

A

The reaction of CH3CH2MgBr with formaldehyde (choice A) produces 1-propanol, a primary
alcohol. Reaction choices C and D produce secondary and tertiary alcohols, respectively, while
formic acid (choice B) will only be deprotonated by the Grignard reagent.

7.

B

Since the starting material given in the question has a carbon–halogen bond, addition of magnesium metal will convert it into a Grignard reagent (choice A). However, since the molecule
also contains an aldehyde, it will undergo a spontaneous intramolecular addition reaction, producing a five-membered ring (choice B).
Br

O

Mg

MgBr

O

H

H

OMgBr
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Passage 26
1.

C

Since the number of radicals does not change in this reaction, it must be a propagation step. (In
initiation, the number of radicals increases; in inhibition or termination, the number of radicals
decreases.)

2.

A

Kevlar is the product of condensing the terminal amino group with the carboxylic acid group in
4-aminobenzoic acid.

3.

D

In the formation of poly(ethylene terephthalate), many condensation reactions occur between
the hydroxyl groups of ethylene glycol and the ester groups of dimethyl terephthalate. These
transesterification reactions occur by addition of the alcohol to the ester, and elimination of
methanol.

4.

B

Addition of an amine to an ester forms an amide. Therefore, a polyamide would form between a
diamine and dimethyl terephthalate.

5.

B

Most monomers are either alkenes or di-functional molecules (having two polymerizable
groups). Choice A is an alkene and can therefore be polymerized. Choice C and D have two
polymerizable groups. Only choice B has a single functional group that is not an alkene.

6.

A

Because radicals are formed and the overall number is increased, it must be an initiation step.

Passage 27
1.

C

The terms “syn” and “anti” refer to groups on the “same side” and “opposite sides,” respectively,
of the growing alkyl chain in the aldol product. In Molecule 3, the α-alkoxy and the β-hydroxyl
groups are the only substituents that are anti. In Molecule 4, the α-alkoxy and the β-hydroxyl
groups are the only substituents that are syn. Therefore, the correct answer is choice C.

2.

A

Since the longest carbon chain in Molecule 5 is a 4-carbon chain, the root of the name is
“butan”. There is a ketone at C-2, so the molecule is called a “butan-2-one”. The three hydroxyl
groups—at C-1, C-3, and C-4—make it a “1,3,4-trihydroxybutan-2-one”. And the phenyl
group at C-4 must be added to the name after the “1,3,4-trihydroxy,” since the “p” in “phenyl”
comes after the “h” in “hydroxy,” alphabetically so eliminate answer choices C and D. Finally,
the molecule is named 3S, not 3R (to distinguish between choices A and B) because looking
down the Cα–H4 bond, the groups proceed 1-2-3 in a counterclockwise fashion:
O 4 OH
H
3

2

Ph

OH 1OH
3.

B

Since the aldol reaction involves the use of strong base, usable solvents must not be either acidic
or electrophilic; this eliminates ethanol, acetone, and ethyl acetate. Therefore, of the choices
given, only diethyl ether (choice B) is suitable.
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4.

D

To determine the starting material for an aldol addition product, one must imagine which C–C
bond was formed in the reaction. For an aldol, this is always the C–C bond between the α-C
and the C bonded to the –OH group:
O

OH
			
5.

B

O

O

O

O

Therefore, choice D is correct.
The enantiomer of a molecule is the stereoisomer in which all stereocenters are of opposite configuration (Roman numeral II). Therefore, the following molecules are enantiomers:
O

H

OH

O

H

OH

Ph
O

Ph

O

O

O

II

3
6.

C

Diastereomers are stereoisomers in which all the stereocenters are not opposite. Therefore, both
I and II are diastereomers of Molecule 4:
O

H

OH

O

OH

Ph
O

O

4
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OH

Ph
O

O

I

Ph
O

O

II

Molecule III is not a diastereomer of Molecule 4; it is the enantiomer of Molecule 4.
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7.

A

For Molecule 1, the distinguishable hydrogen atoms are illustrated below:
equivalent hydrogen
set 1
O
H

H

H

H
O

H3C

O
CH3

equivalent hydrogen
set 2
			

Therefore, only 2 resonances would appear in the 1H NMR spectrum.

Passage 28
1.

D

While all of the choices contain a cyclohexene ring, as expected from a Diels–Alder reaction,
the dienophile substituents should be at C-4 and C-5 (directly across from the alkene), eliminating choices B and C. Furthermore, since a cis (Z) alkene is used, a cis-cyclohexene will be
formed.

2.

A

In a Diels–Alder reaction, two σ bonds are formed between the diene and the dienophile to
make the cyclohexene. Additionally, two σ bonds are broken, while a third “moves” on the
diene.

3.

C

Since only one π bond of the dienophile is involved in the Diels–Alder reaction, the second π
bond of an alkyne will remain, forming a 1,4-cyclohexadiene.

4.

C

The passage states that electron-withdrawing substituents on the dienophile increase the rate of
a Diels–Alder reaction. The only electron-withdrawing substituent on the answer choices is the
cyano group in choice C.

5.

D

While choices A, B, and C can result from the Diels–Alder reaction shown, choice D would be
the product of the cycloaddition of 2,4-hexadiene and ethylene:

A+B

6.

C

C

+

D

The two substituted cyclohexenes in the passage are nonsuperimposable mirror images, making
them enantiomers. Another way to determine this is to note that they have the opposite configuration at both of their stereocenters.
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7.

D

Carbon atoms bonded to four different groups are stereocenters:

*
*
*
CO2CH3

Passage 29
1.

C

Bacterial cells are sensitive to penicillins since penicillins block the synthesis of peptidoglycan
cell walls, which bacteria need to survive. Human cells, however, lack this structure and are
therefore not sensitive to this action. Hydrophobic molecules can readily cross the lipid bilayer
and enter cells so choice A is wrong. Penicillins are not degraded quickly so choice B is also
wrong. Answer choice D just restates something in the question.

2.

B

To destroy an amide, a nucleophile must attack the carbon on an adjacent carbonyl by an
addition–elimination mechanism so choices C and D can be eliminated. Based on Figure 1 this
would be the C-1 carbon so choice B is correct.

3.

D

The greatest difference between the two penicillin derivatives is their size; therefore, sterics is
the most likely explanation.

4.

C

Because amides are stabilized by the ability of the nitrogen lone pair to donate electron density
to the eletrophilic carbonyl carbon, amides do not easily undergo hydrolysis.

5.

C

There are three chiral centers in dicloxacillin:
Cl

O
C

Cl

6.
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O

CH3

H

H H
➀ ➁
N C C
C
O

CH3

S

➂
N C

C

CH3
H

COOH

Competitive inhibition is defined as the mechanism of enzyme inhibition in which the inhibitor
displaces substrate from the active site.
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Passage 30
1.

B

In Step 2, the base (NaOH) will deprotonate Molecule 3 to generate the terminal enolate anion. The enolate reacts with one of the cyclic ketones; this is called a nucleophilic aldol addition
reaction. Step 3 results in the elimination of water. Together, these steps are known as an aldol
condensation.

2.

D

As the passage states, Step 1 involves the conjugate addition of an enol or enolate to an α,βunsaturated carbonyl. Since Molecule 1 is the α,β-unsaturated carbonyl (the electrophile), Molecule 2 must act as the nucleophilic enol or enolate. Given the basic conditions, the enolate of
Molecule 2 will be formed.

3.

B

Deprotonation of α-carbons (adjacent to the carbonyl) results in an anion that is resonance stabilized. Since Position 2 is adjacent to two carbonyls (and has resonance with both), it is more
acidic than proton number 3.
O

O

O
4.

D

O

O

O

The alkene in Compound 5 has both highest-priority groups on the same side of the double
bond, giving it (Z) stereochemistry so eliminate answer choices A and B. To assign (R) or (S)
configuration to the single stereocenter, we must first assign priority to its substituents according to the Cahn-Ingold-Prelog Rules for assigning stereochemistry (see below).
➃ O
➂
➀
O

➁

			

Now, looking down the bond from the stereocenter to the lowest-priority group (from below the
plane of the page), the substituents progress from highest to lowest priority in a counterclockwise direction, giving this stereocenter the (S) configuration.

5.

Formation of the imine from Molecule 3 begins with addition of the nucleophilic lysine nitrogen atom to the electrophilic carbonyl group. Water is then eliminated to complete formation of
the imine.

C
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6.

A

In the presence of a base, enolates of Molecule 3 will be reversibly formed, resulting in deuterium labeling at the α-carbons. Thus, Positions a (choice C), b (choice B), and d (choice D)
shown below may all be deuterated:
O

O
c

a

b
O

d

			

Since Position c is not an α-carbon and cannot be deprotonated, the molecule shown in choice
A will not be produced.

7.

B

Conversion of Molecule 5 to Molecule 4 requires Markovnikov addition of water to the alkene,
making choice B the answer. Hydroboration (choice A) would give anti-Markovnikov addition
of water, while mCPBA (choice C) produces epoxides, and ozonolysis (choice D) would cleave
the double bond.

8.

A

An aldol condensation between an enol and ketone or aldehyde yields an α,β-unsaturated carbonyl compound. The alkene marks the newly-formed bond between the two molecules. Therefore, using retrosynthetic analysis of Molecule 1, we see that it may be formed from acetone and
formaldehyde (choice A).
O

O

OH

OH

O
+
H

O

H

O
+
H
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Passage 31
1.

A

Choice B can be eliminated because the table does not illustrate the solubility of Group E in
sulfuric acid. Choice C can be eliminated because E is not soluble in ether. Choice D can be
eliminated because E is soluble in HCl.

2.

A

Isopropanol is hydrophilic (eliminating choice B), because it can hydrogen bond with water. It
is more acidic than basic (eliminating choice C), and it is not aromatic (eliminating choice D)
since it does not follow Hückel’s (4n + 2) rule. Of the four choices, isopropanol is best characterized as polar.

3.

D

O
NR2

4.

C

O

HX

+ HNR2

H2O

OH

In general, organic compounds are less soluble in water when they have long chains.

Passage 32
The structure of Compound 2 is:
O
O
O
1.

B

Functional groups that are basic will react with dilute acid. Of the choices, amines are the only
basic functional group.

2.

A

The more polar the compound, the more it will interact with the silica gel on the TLC plate.
This means it will move up the plate more slowly and therefore have a smaller R f value.

3.

B

Alcohols generally absorb around 3200–3650 cm–1.

4.

A

A signal will be split into a number of peaks equal to the number of adjacent hydrogens plus one.
A doublet indicates one adjacent hydrogen.

5.

B

IR absorptions around 1700 cm–1 are indicative of carbonyls. Since treatment of Compound 2
with NaOH results in a change in carbonyl peak, Compound 2 must contain a carboxylic acid
derivative that is hydrolyzed by NaOH. Based on the molecular formula, only an ester (choice
B) can be present in Compound 2.
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Passage 33
1.

A

If you only consider the molecular formula, an ester is the only functional group that could not
be present, because it requires two oxygen atoms.

2.

D

The absorbance at 1705 cm–1 in the IR spectrum indicates the presence of either a ketone or
possibly an aldehyde. Since there is no aldehyde proton resonance in the proton NMR (δ 9–10),
it must be a ketone. It is not possible for the compound to contain an ester functional group
because there is only one oxygen in the given formula.

3.

A

The most deshielded protons will have the largest chemical shift. In this case, it’s the signal
at δ 7.25.

4.

B

Treatment of Compound X with NaBH4 followed by acidic workup would yield the corresponding Alcohol Y. Compound Y would have two new proton resonances, one for the hydroxyl proton and one for the C–H that the hydroxyl group is attached to.
O

OH

X
5.

Y

This is the iodoform test for methyl ketones and analogous alcohols. The products are a carboxylic acid and iodoform, which is a yellow precipitate with the molecular formula CHI3.

B

Passage 34
O

O

HO

OH

O

O

HO

I
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II

OH

III

1.

A

Compound 1 has two degrees of unsaturation. The IR data indicates there is at least one carbonyl group. A structure that accounts for the carbonyl group and a ring will not fit the 1H
NMR data. There are no double bonds according the 1H NMR data, so it must be assumed that
the other degree of unsaturation comes from another carbonyl group. In addition, both degrees
of saturation disappeared upon treatment with NaBH4, indicating that both were carbonyls.

2.

A

Both alcohols would dehydrate to form two double bonds.

3.

D

3350 cm–1 is the typical absorption for an alcohol.

4.

B

Compound III has two degrees of unsaturation. They represent the C=O of the two carboxylic
acid functional groups.

© The Princeton Review, Inc.
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5.

D

Addition of Grignard to a ketone will give an alcohol, which will absorb around 3350 cm–1.

6.

C

Only the carboxylic acid would be soluble in aqueous NaHCO3.

7.

B

There will be four different signals due to the four different hydrogens (don’t forget—this is a
symmetrical compound), plus one signal for the hydrogens on the OH groups, for a total of 5
different signals.
OH5

OH5
4

2

2
3

1

3

1

Passage 35
1.

A

The IR data indicate that a carboxylic acid and an alcohol are present. Based on the mechanism
of basic hydrolysis, the labeled hydroxide acts as a nucleophile, and CH3O – acts as the leaving
group. Normal methanol and propanoic acid result.

2.

B

Experiment 2 is more complicated than Experiment 1, so we sketch the reaction.
O

O
H2O, H+
18

O

OH

n-butyl acetate

O

tert-butyl acetate

heavy butanol

HO

H2O, H

+

O

H18O

acetic acid

O
18

+

OH

18

heavy
acetic acid

+
tert-butanol

C

stable
carbocation
intermediate

			

Item I is false. In one case the alkyl–O bond breaks and in the other case the acyl–O bond
breaks. Item II is true. The carbocation shown above is such a stable intermediate that the bond
between it and the labeled oxygen is more easily replaced than the bond between the labeled
oxygen and the carbonyl carbon. And Item III is also false. Steric hindrance wouldn’t explain
it. Actually, you might think sterics would make solvolysis (binding of water, the solvent) at the
tertiary carbon less likely, not more.

3.

The C=O bond of carboxylic acids exhibits a peak at 1700 cm–1, and the C–OH bond exhibits a
peak at 3000 cm–1.

C
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4.

D

Choices A, B, and C can be eliminated since they are all true. Branched hydrocarbons do take
up less space in aqueous solution than their unbranched equivalents. This means they disrupt
fewer water hydrogen bonds and require a less complex solvation shell (orderly solvation shells
are unfavorable entropically). As for choice D, just the opposite is true.

5.

D

Item I is true. The passage states that at the end of Experiment 2, “significant amounts of the
starting materials, n-butyl acetate and tert-butyl acetate, were present”. This indicates that the
acid-catalyzed reaction was reversible. We know that the base-catalyzed reaction was not readily reversible, because no reactants were identified by spectroscopy at the end of the experiment.
Item II is false since a larger K means the reaction is less reversible, but the acid-catalyzed reaction was more readily reversible (see Item I). Item III is true: Less readily reversible reactions
have larger Ks.

6.

C

Esters are more reactive than amides. When treated with ammonia, an ester will react to form
the more stable amide. Choices A and D can be eliminated because they are not amides. Choice
B can be eliminated because the hydroxyl group will not undergo substitution in the reaction.

Passage 36
1.

The absolute configuration of (+)-dopa is R, and that of (–)-dopa is S:

B
➁

➁

HOOC

➂

H

➂
OH

HO

OH

HO

H
NH2

NH2
➀

(+)-Dopa
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COOH

➀

(–)-Dopa

2.

C

Since the nitrogen has three σ bonds and one unshared electron pair that is not delocalized, its
hybridization is sp3.

3.

C

(+)-Dopa and (–)-dopa are enantiomers and therefore have identical physical properties, except
for the direction in which they rotate plane-polarized light. Therefore, their pI’s will be exactly
the same.

4.

D

(+)-Dopa and (–)-dopa are nonsuperimposable mirror images and therefore enantiomers (eliminate choice B). A 50/50 mixture of enantiomers forms a racemic mixture thus answer choice D
is correct. This mixture would be optically inactive (eliminate choice A) and meso compounds
are one molecule with a plane of symmetry that are optically inactive (eliminate choice C).
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5.

D

The amino acid dopa most closely resembles the amino acid tyrosine. (In fact, the hydroxylation
of tyrosine to form dopa is the first step in the synthesis of the catecholamine neurotransmitters
dopamine and epinephrine.) Choice A can be eliminated because proline has a unique structure
compared to the other amino acids in that its side chain forms a ring with the amino group.
Choice C can be eliminated because the side chain of dopa does not contain an acid.
COOH
H
NH2
HO
Tyrosine

6.

C

Since (+)-dopa and (–)-dopa are enantiomers, they would have the same solubility properties
at a membrane, eliminating choice A. Choice B cannot be correct since hyperpolarization has
nothing to do with any of this. Finally, choice D can be eliminated because only polypeptides
have signal sequences.

Passage 37
1.

B

For any chiral molecule with n chiral centers, there are 2n possible stereoisomers. (Note on
choices C and D: If there were any meso carbohydrates, which there are not, one would subtract
them from the total number of stereoisomers.)

2.

B

Benedict’s test for reducing sugars works this way: An oxidized copper reagent is reduced by a
sugar’s aldehyde or ketone, and the aldehyde or ketone is oxidized in the process. Tartaric acid
has no aldehyde or ketone to react, since its first and last carbons have carboxylic functional
groups. It cannot reduce the reagent, so it would yield a negative result.

3.

C

Item I is true (eliminate choices B and D): Rotate the page 180° and look at the drawing; it’s the
same as the meso compound in Figure 1. Item II is also true (thus choice C is correct): Meso
compounds are identical to their mirror images. Item III is false: As stated in the passage, meso
compounds are achiral, even though they have chiral centers; this is because of their internal
symmetry.

4.

C

An aldotetrose (tetra) has four carbons and an aldehyde.

5.

D

If a compound has one and only one chiral center, it must be chiral. It is the internal symmetry
allowed by an even number (at least 2) of chiral centers that yields a compound which is achiral
even though it contains chiral centers. Think of it this way: The rotation of light caused by one
part of a meso compound is undone by the other part.
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6.

D

Item I is true (eliminate choice B); most biologically active sugars have the D configuration.
This means (by convention) that the last chiral carbon has the same configuration as D-glyceraldehyde. And Item II is true (eliminate choices A and C, so choice D is correct): There are a
few examples of biologically-active L sugars. For example, L-galactose is a constituent of some
polysaccharide structures, and L-arabinose, a pentose, is an important part of cell walls and
plant glycoproteins. Items III and IV are also true. Alpha and beta refer to the configuration of
carbon #1, the anomeric carbon, when a sugar is in the furanose or pyranose (ring) form. The
alpha and beta forms are said to be anomers of each other.

7.

A

As discussed in question 2 above, tartaric acid is not a reducing sugar (it has no reducing equivalents); thus, choice A is correct. Choice B is wrong because glucose has one reducing equivalent,
since it has one aldehyde group available for oxidation. Choice C is incorrect since lactose has
one reducing equivalent. Carbon #1 (the anomeric carbon) of the glucose portion is available for
oxidation by the test reagent. The anomeric carbon of the galactose portion of the disaccharide
is unavailable because it is tied up in an acetal configuration (a β-1,4-glycosidic bond). And
choice D is wrong since glycogen has one reducing equivalent. Even though a glycogen molecule may have hundreds of glucose units, only one of them has an anomeric carbon which is
not tied up in a glycosidic linkage (acetal).

8.

C

Item I is certainly true (eliminate answer choice B); this is (+)-tartaric acid as drawn in Figure
1. Item II is also true (eliminate answer choices A and D, thus choice C is correct). Making
two switches on a chiral carbon in a Fischer projection results in no change. It is a rule worth
remembering. Item III is false. Rotate the page 90° and you have the Fischer projection as oriented in Figure 1. The compound shown is the mirror image of (+)-tartaric acid, and since this
is a chiral molecule, it’s not the same as its mirror image. The drawing in Item III shows the
conventional implications of a Fischer drawing, with the horizontal bonds coming out of the
page and the vertical backbone chain bending into the page.

Passage 38
1.

C

An ester is formed by the nucleophilic attack of an alcohol upon a carbonyl or, in the case of
a phosphate ester, upon a P=O group; therefore, the correct answer is choice C. Choice A is
wrong because an ether is the linkage of two carbon atoms by an oxygen, as in diethyl ether:
(CH3CH2)2O. Choice B is incorrect since an anhydride is formed when two carbonyls (or P=O
groups) are linked together by an oxygen, as in acyl phosphate (see figure below). And choice D
is wrong since phosgenation is the addition of a phosgene group to a parent molecule (phosgene
= ClCOCl).
O
R

C

O
O

P
O

Acyl phosphate
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2.

C

The passage states that the cell-free extract was added to a glucose solution. Hence, glucose (or
any other sugar) need not be present in the cell-free extract; thus, choice C is the answer. Choice
A is eliminated since ATP must be present in the broth, as one molecule is utilized in the formation of G-6-P and one for fructose-1,6-bisphosphate. Choice B is incorrect since magnesium
is a cofactor for nearly all reactions involving ATP. And choice D is wrong since enzymes are
composed of proteins, and the yeast broth must provide these for the reaction to occur.

3.

A

Isomers have identical atoms in different arrangements. Notice that the double bond and hydroxyl groups shift positions, indicating that one carbon was oxidized and another reduced. It
is thought that phosphoglucose isomerase assists in the removal of a hydrogen anion, called a
hydride ion, which will attack a carbonyl group, resulting in the formation of a hydroxyl group.
The carbon that had the hydride ion pulled from it is left open to attack by water molecules, as
it is now a cation. Choices B, C, and D are incorrect since choice B is a dehydration, choice C is
an addition–elimination reaction (resulting in the formation of a carboxylic acid with chloride
as the leaving group), and choice D is a transesterification reaction.

4.

D

All sugars involved in glycolysis have the D configuration. They are so named by a convention
which states that all sugars whose last chiral carbon has the same configuration as D-glyceraldehyde are D sugars. When a phosphate is added to C-6 of glucose or fructose, this carbon remains achiral, since it still bears two hydrogen substituents. The configuration of the last chiral
carbon, C-5, remains unchanged.

5.

C

In an α-1,1 linkage, both anomeric carbons are tied up in acetal linkages. Hence mutarotation is impossible, and no free aldehyde is available to react with Benedict’s reagent. Choice A
is wrong since glucose has a hemiacetal linkage which allows mutarotation, or interconversion
between the ring- and open-chain forms. Hence the aldehyde group is free to react in the test
for reducing sugars. Choice B is wrong for similar reasons. Choice D is incorrect since in this
disaccharide, one glucose unit has its C-1 tied up in an acetal; it cannot mutarotate and exists
only as a ring. So its aldehyde is unavailable for reaction with Benedict’s reagent. However, the
other glucose unit is bonded at its C-4 hydroxyl. Hence its C-1 is free to mutarotate between
the ring- and open-chain forms. In the open-chain form, the aldehyde is free to react with Benedict’s reagent, yielding a positive test for reducing sugar.

6.

B

Choices A and D are immediately eliminated, since the reacting sugar in Step 2 is G-6-P, not
G-1-P or F-6-P. And choice C is incorrect since C-3 retains its substituents throughout the reaction. Isomers are molecules which share atomic composition but have differing atomic arrangements. Do not be confused by the fact that the C-3 hydroxyl is up in glucopyranose and down
in fructofuranose; this merely results from the geometry of the ring. Not only the substitution
but also the configuration of C-3 remains unchanged. The correct answer is choice B: In Reaction 2, G-6-P, an aldohexose, is converted to F-6-P, a ketohexose. C-2 is oxidized, and C-1 is
reduced, resulting in the formation of a new carbonyl group at carbon number two. Another
way of stating this is that C-2 loses a hydrogen which C-1 gains one. The resulting C-2 carbonyl
group will be attacked by the hydroxyl group of carbon number five when the molecule again
cyclizes, which is why the sugar is then a ketohexose.
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7.

D

The formula to calculate the number of carbohydrate steroisomers is 2n, with n representing the
number of chiral centers. Glucose has 4 chiral centers, while fructose has 3 chiral centers (eliminating choices A and B). Since one of the chiral centers in an aldohexose is on the penultimate
carbon (the carbon whose –OH group orientation determines D or L), all 16 of the steroisomers
for an aldohexose would not retain the D conformation, thus making choice C false. It is correct that each D-aldohexose has two anomers, since each one can only form either an α- or a
β-anomer.

8.

D

Choice A can be eliminated since acetyl-CoA is one of the two potential products of the metabolism of pyruvate, which is the product of glycolysis. Choice B is wrong since NADH is pro
duced and must be regenerated. Glycolysis is an oxidative pathway. And choice C is incorrect
since lactate is one of the two potential products of the metabolism of pyruvate, which is the
product of glycolysis. The correct answer is choice D. Pyruvate is the product of glycolysis. It
can be decarboxylated to acetyl-CoA which enters the Krebs cycle and leads to oxidative phosphorylation. When oxygen is low, pyruvate can be reduced to lactate by lactate dehydrogenase.
The principal reason for of this reduction is that NADH is used as the electron donor, thus regenerating NAD+, a necessary participant in glycolysis.

Passage 39
1.

C

There are three chiral centers in AZT:
O
HN
O
HO

O
*
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N
*

*
N3

The nitrogens on the six-membered ring participate in extensive delocalization (π bonding) such
that they are both sp2 hybridized (i.e., planar), so they are not chiral centers.

2.

C

Only ddI and D4C have an unshared pair of electrons on nitrogen that are not delocalized into
a π system.

3.

A

A five-membered sugar ring is called a furanose.

4.

B

Since azide is a good nucleophile, it was delivered in an SN2 reaction. This is important for setting the proper stereochemistry at the carbon bearing the azide. Weak nucleophiles favor SN1 so
choice A can be eliminated.

© The Princeton Review, Inc.
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5.

D

A nucleotide is a phosphoric acid ester of a nucleoside. RNA is comprised of a series of nucleotides so choice A can be eliminated. Purines are a type of nucleotide (guanine and adenine) so
choice B is eliminated. Glycosides pertain to sugars and not to nucleic acids so choice C can be
eliminated.

6.

B

OsO4 adds to double bonds to form cis-diolates. Upon hydrolysis, these yield cis-diols.
O

O
Os

O

O

osmium diolate

Passage 40
1.

D

➁O

➀

Ph

O➁

H
N

➂

H

NH2

H

➀

➂
S

S

2.

C

π clouds of aromatic rings are not very basic at all; eliminate choice A. Lone pairs on carbonyl
oxygens (sp2) are more basic than π clouds, but not as basic as sp3 hybridized lone pairs on nitrogen; eliminate choice B. Lastly, amine nitrogens are more basic than amide nitrogens because
the electrons on the latter are partially tied up in resonance; eliminate choice D. The best answer is choice C.

3.

A

A pH of 9 indicates a basic solution. The carboxylic acid will be deprotonated.

4.

A

The protons of the methyl group are all equivalent by rotation. There are no protons on adjacent
atoms, thus no splitting of the signal is expected; therefore, a singlet should result.

5.

D

Choice A can be eliminated because you are not comparing a cyclic amide to an acyclic amide.
The adjacent sulfone group is electron withdrawing so this statement is incorrect and choice B
can be eliminated. The saccharin nitrogen is sp3 hybridized so choice C is a false statement and
can be eliminated. Extra resonance stabilization as stated in choice D would make the proton
on the nitrogen in saccharin more basic.
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Passage 41
1.

D

Benedict’s test oxidizes hemiacetals/aldehydes to carboxylates. Since only Subunit 4 contains a
hemiacetal (at C-1), only this subunit will test positive.

2.

C

Subunits 3 and 4 are both glucose molecules, with an α-1,4 linkage, commonly known as maltose. Cellobiose (choice A) is Glu–β-1,4–Glu, lactose (choice B) is Gal–β-1,4–Glu, and sucrose
(choice D) is Glu–α-1,2–Fru.

3.

C

Maltose is composed of two glucose molecules so Roman numeral III is true and choices A and
B can be eliminated. Sucrose is composed of glucose and fructose so Roman numeral I is also
true, and choice D can be eliminated. This leaves choice C as the correct answer. Galactose is a
component of lactose so Roman numeral II is false.

4.

B

The anomeric carbon of Subunit 2, which is bound to two –OR groups, is an acetal. However,
the anomeric carbon of Subunit 4, which is bound to one –OR group and one –OH group, is a
hemiacetal.

5.

D

Both multiple bonds and rings introduce units of unsaturation. Acarbose has one double bond
and four rings, giving it a total of five units of unsaturation.

6.

A

Numbering of carbohydrates begins at the terminal carbon closest to the most oxidized carbon
(here the anomeric carbon). Therefore, C-1 of Subunit 2 is joined to C-4 of Subunit 3 (eliminate
choices B and C). Since the linking oxygen is down (axial) in the Haworth representation, it is
an α-linkage.

7.

D

The molecule on the left is the β-anomer, and the one on the right is the α-anomer so Roman
numeral I is true and choice B can be eliminated. Since anomers differ only in the stereochemistry about one center, they are also epimers making III true and choice A can be eliminated.
Finally, being nonenantiomeric stereoisomers, they are also diastereomers, which makes II true
and choice D correct.

8.

D

Mutarotation is the interconversion between two anomers. The anomeric carbons of Subunits 1,
2, and 3 are stable as acetals and will not mutarotate. However, Subunit 4, having a free hemiacetal, will mutarotate between the α- and β-anomers.

Passage 42
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1.

C

The basic side chain of lysine (pKa ≈ 10) would give it a higher pI than that of GABA (pI = 6.0).

2.

C

The negatively charged phthalimidate acts as a nucleophile to displace chloride (the leaving
group) in a substitution reaction.

© The Princeton Review, Inc.
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3.

B

Based on the pKa values from the passage, the titration of GABA from acidic to basic pH would
result in the following changes in its protonation state:
O
H3N

OH
pH = 2.3
O

H3N

O
pH = 9.7
O

H2N
			

O

Therefore, Form A predominates at pH < 2.3, Form C at 2.3 < pH < 9.7, and Form D at pH >
9.7. The uncharged Form B does not predominate at any pH.

4.

C

A zwitterion has both positive and negative charges, but a net total charge of zero.

5.

A

Note that pH 9.7 corresponds exactly to the pKa at the amino terminus of GABA. Using the
Henderson–Hasselbalch equation, we find that
pH = pKa+log

[A−]
[HA]

9.7 = 9.7+log
1=

[RNH2]
[RNH3+]

[RNH2]
[RNH3+]

[RNH2] = [RNH3+]
			

At pH 9.7, the carboxyl terminus (pKa = 2.3) will be completely deprotonated, so
O
H3N

O
zwitterion
equals
O

H2N

O
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6.

B

As the passage states, all amino acids are polyprotic, making Statement III false (eliminate
choice D). Dissociation of the L-thyroxine hydroxyl proton introduces a third pKa value (in addition to those of the amino and carboxyl termini), making Statement II true (eliminate choice
D). Finally, since the pKa of the L-thyroxine side chain (9.8) is greater than the pI of GABA
(6.0), the pI of L-thyroxine will be greater than that of GABA, making Statement I false.

7.

D

Since the pKa values of the amino and carboxyl termini (9.7 and 2.3, respectively) are both less
than 10, they will both be mostly deprotonated at pH 10.

8.

A

L-Thyroxine, which has an aromatic hydroxyl group in its side chain, will have a pI close to that
of tyrosine, which also bears an aromatic hydroxyl group so eliminate choices C and D. GABA,
which does not have a polar side chain, has a pI close to that of glycine.

Passage 43
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1.

D

The melting point of a compound is dependent upon the strength of its intermolecular interactions. The stronger the forces, the higher the melting point. Based on this information alone,
choice B can be eliminated. Molecules with lower molecular weights will typically have weaker
dispersion forces, eliminating choice C. Choice A can be eliminated since the addition of water
describes a hydration, not a hydrogenation. Hydrogenation adds H2 across the carbon–carbon
double bonds of unsaturated fatty acids, thereby removing the “kinks” in the side chains. This
allows for a greater degree of overlap between adjacent molecules, increasing London dispersion
forces. Choice D is the best answer.

2.

B

Choices A and C can be eliminated since the cis isomer of a double bond may also be described
using the Z designation. Furthermore, fatty acids are numbered from the carboxylic acid end,
thereby putting the double bond at the 4 position. (Choice D would be correct if the molecule
were numbered from the other end.)

3.

C

Saponification is a term used to describe base-mediated ester hydrolysis. The ester bond is initially cleaved to yield the carboxylic acid and alkoxide anion (choice B). However, since the
reaction is carried out under basic conditions and the COOH group is acidic, the alkoxide will
deprotonate the carboxylic acid. The final products are the carboxylate anion and the neutral
alcohol. Choice A may only be achieved after an acidic workup, and choice D will never occur
in the presence of the hydroxide base required for the reaction.

4.

C

Hydrogenation is a process whereby molecular hydrogen (H2) is added across carbon–carbon
double bonds. A metal catalyst facilitates the reaction. Choices A and B would add water across
the double bond, while the NaBH4 in choice D will react only with aldehydes and ketones.

5.

A

The hydrocarbon tails of a fatty acid are nonpolar, and therefore hydrophobic. The carboxylate
end of the molecule is charged, and therefore polar. Micelle structure minimizes the interactions between the hydrophobic (or lipophilic) fatty acid tails and the polar water surroundings.
The fatty-acid tails point toward the center of a cluster, while the polar carboxylate heads point
toward the surface where they can interact with water molecules.
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6.

B

Structural isomers (choice C) can be eliminated since all the atoms in cis/trans isomers have the
same connectivity, but different orientations of the atoms in space (the definition of a stereoisomer). However, choice D is not specific enough. Both choices A and B are types of stereoisomers.
Enantiomers require a mirror image relationship between molecules, and therefore a chiral center. Since carbon–carbon double bonds in cis/trans isomers cannot contain a chiral center, they
must be geometric isomers.

Passage 44
1.

C

Amino acids are linked together in peptides by way of amide bonds, which are formed between
the carboxylate carbonyl of one amino acid and the amino group of another.

2.

B

2,4-Dinitrofluorobenzene is used to identify the N-terminus of a peptide. It reacts with the
N-terminal amino acid, and remains attached even after complete acid hydrolysis. This allows
isolation of the N-terminal amino acid from the rest of the residues. The passage states in Experiment 3 that the dinitrophenyl group was attached to an alanine residue. If choice A was
correct, one would expect it to be attached to both alanines so that answer choice can be eliminated. Choice D can also be eliminated because if it attached to the most reactive amino acid it
should have attached to both alanines. Based on the data from Experiment 2, alanine cannot be
located at the C-terminus.

3.

A

The standard conditions for peptide hydrolysis are concentrated HCl and several hours worth of
reflux. The reaction time depends on whether partial or complete hydrolysis is desired.

4.

B

The reaction mechanism by which 2,4-dinitro-fluorobenzene reacts with an amine is called
nucleophilic aromatic substitution. The nitro groups are so electron withdrawing they make the
benzene ring quite electrophilic.

5.

C

By careful analysis of the peptide fragments and other bits of data, it is clear that ala is the N-terminal amino acid (eliminate choices A and D). One three-residue fragment must be ala-phe-gly.
The other must be ser-ala-pro. This leaves only one combination (choice C), starting with the
ala-phe-gly as the first piece, followed by the ser-ala-pro. The peptide is ala-phe-gly-ser-ala-pro.

Passage 45
1.

D

Hydrolysis of peptide bonds occurs by an addition–elimination reaction. Water acts as a nucleophile, reacting with the peptide (amide) bond to form a tetrahedral intermediate, such as choice
A. Elimination of the amino group reforms the carbonyl (now a carboxylic acid) and cleaves the
peptide bond. Hydrolysis of peptide chains does not occur in a particular order, making choices
B and C equally likely intermediates. Cleavage does not occur along the N–C α bond, however,
making choice D an incorrect intermediate.

2.

A

Recall the relative reactivity of carboxylic acid derivatives: acid chlorides > acid anhydrides >
esters > amides. The peptide (amide) bond may be synthesized by addition–elimination reactions with acid chlorides (choice B), esters (choice C), and other amides (choice D). However,
the fast acid–base reaction prevents addition–elimination reactions from occurring between
amines and carboxylic acids (choice A).
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3.

C

Two cysteine residues may form disulfide bonds within proteins to stabilize its tertiary or quaternary structure. Since disulfide bonds are an oxidized form of cysteine, they are broken by reducing agents. While disulfide bonds commonly stabilize the tertiary structure of proteins, it is
apparent that the disulfide bond(s) of insulin bridge two distinct polypeptides. Therefore, they
support the quaternary structure of insulin.

4.

C

The passage states that DNFB reacts with amino groups. Therefore, it could be used to label
the side chains of lysine residues (which have an amino group), even when they are not the Nterminal residue.

5.

B

Distillation and extraction are separation/purification procedures and are not useful for compound identification (eliminating choices A and D). While IR spectroscopy is useful for determining the presence or absence of major functional groups, it is not convenient for discriminating between closely related compounds (such as DNFB–Leucine and DNFB–Isoleucine),
eliminating choice C. 1H NMR spectroscopy alone would allow easy identification of the amino acid that had been labeled with DNFB.

6.

C

Since acid hydrolysis cleaves the peptide amide bond between amino acid residues, it can also
hydrolyze amide side chains. This could convert glutamine to glutamic acid and asparagine to
aspartic acid.

7.

C

Amino acids contain carbonyls, and under certain conditions may reversibly tautomerize to an
enol-containing compound. Upon reversal of tautomerism, the Cα may be protonated in such a
way as to form the D-amino acid or the L-amino acid.
OH

H3N
O
H3O

OH
H3N

OH
H3O

OH

H3N
O
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Thus, a racemic mixture is formed, and the amino acid loses its optical activity.

NOTES

NOTES
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NOTES
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NOTES
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